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EDITORIAL 


The 1952 Volumes of the Proceedings of the Physical Society were about 
7% smaller in size than those of 1951, although the number of papers published 
increased by some 5%. In the Editorial of January 1952 the need for greater 
‘conciseness was stressed, and this, together with the patience and vigilance of 
referees, may account for the reduction in the average length of papers. 

The Papers Committee considered during the year an analysis of the papers 
published in 1950 and 1951. It was reported that the average time required 
to publish papers in 1950 was 6} months. This had decreased to 5} months 
in 195i, and it is pleasing to record that a preliminary analysis for 1952 shows 
a further decrease to 5 months. Nevertheless the Committee feels that this 
is too long—even for the average—and steps are in hand which, it is hoped, 
will reduce this period. Authors can help greatly in this matter by paying 
attention to the preparation of manuscripts, and by submitting duplicate copies 
of the text together with three copies of the abstract and rough copies of diagrams. 

A small sub-committee considered, and reported on, the quality of Letters 
to the Editor. The position was considered to be reasonably satisfactory and 
no action called for. 

Beginning in January 1953, it is proposed to accept Research Notes for 
publication. ‘These should be shorter in form than a Paper, and are intended 
for the communication of results where the work reported does not need a full 
paper. 

During the latter part of the year Dr. E. P. George has resumed his work for 
the Society in assisting me in the consideration of papers submitted for 
publication in the Proceedings. Professor S. Devons continued to act as Chairman 
of the Papers Committee. 

H. H. Hopkins; 


Honorary Papers Secretary. 
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ABSTRACT. 'The root mean square shear stress on a slip plane due to an array of 
dislocations is taken as a measure of the work hardening of that plane. The ratio of the 
hardening of the latent slip system to that of the operative system, which is shown to be 
independent of the distribution of the dislocations, is calculated both for screw and for 
edge dislocations. Numerical values are given for the twelve slip systems of face-centred 
cubic crystals. The results suggest that hardening by edges may account for the greater 
part of the observed latent hardening. 


§1. INTRODUCTION 


N the model of work hardening of metals which was proposed by ‘Taylor (1934), 
| hardening is attributed to the effects of the stress field of an array of dis- 

locations lying in the operative slip planes. ‘This is also a feature of Mott’s 
theory of work hardening (1952) which differs from the original Taylor theory 
in that the dislocations are now supposed to pile up at obstacles, instead of being 
distributed regularly throughout the crystal. ‘The purpose of the present paper 
is to investigate what hardening these dislocations will produce on the latent 
slip systems; in terms of the model this is equivalent to asking how the mean 
shear stress will vary with direction. We shall not find it necessary to specify 
the distribution of the dislocations, so that our results will still apply if a pile up 
of dislocations occurs. 

However, it should be noted that other mechanisms for the production of 
work hardening have also been proposed; for instance, Cottrell (1951) has 
suggested that the essential process is the work done in forcing two mutually 
perpendicular dislocations past one another. Such theories may be expected 
to predict quite different latent hardening and will not be considered here. 
A different treatment of the problem has been given recently by Réhm and Diehl 
(1952). 

We choose coordinates (x,y,2) such that the xy plane is the operative slip 
plane and the w axis the operative slip direction; and coordinates (€, y, £), with 
the €) plane the latent slip plane and the € axis the latent slip direction. 
1,2) lm)... are the direction cosines of the €, 7, ¢ axes referred to the x, y, axes. 


§2. HARDENING DUE TO SCREW DISLOCATIONS 


First we shall consider the case in which all the dislocations are screws; in 
our coordinates these will be parallel to the x axis. The stresses at the origin 
due to a single dislocation through the point (0, y, ) are 
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where r*=y? +3? and tan@=3/y, all other stress components vanishing. G is 
the rigidity modulus and 6 Burgers’ vector. 
Now 
Me el petay cht data Ma el Leee ella) T ie ee ee (2) 
so that on substituting from (1) in (2) we have 


Gb —m, sin 6+ mz, cos 6 
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Suppose that the position of the 7th dislocation is given by (7;,6,). Then the 
resultant stress of the whole array is 
Gb 1 
Fey 7 ~ (=m, sin 0, + mg cos6),) 8 (5) 
where the positive or negative sign must be taken according as the 7th dislocation. 
is positive or negative. 

Changing the point of observation (the origin of the coordinates) will alter 
the value of 6,, and since every term in (5) contributes numerically equal positive 
and negative values to the sum as 6, varies from 0 to 27, the stress will fluctuate 
about the mean value zero. Accordingly we consider the mean square shear 
stress. 
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Now clearly all values of 6,, and of $(6;+0;) the mean coordinate of a pair of 
dislocations, are equally probable; so that on averaging eqn. (6) we may replace 
sin? 0, and cos” 6, by 4, while the terms involving sin 26,, sin (@,+@;) and cos (@,+ @;) 
yanish. If the dislocations are distributed at random then it is also true that 
all values of 6,, (defined by 6,; = 0, —,), are equally probable; but if the dislocations 
are piled up in groups, which seems likely to be the case (Mott 1952), then small 
values of 6,; will occur more frequently and we cannot find the mean explicitly 
without specifying the distribution in greater detail. Denoting the mean of 
T2,° by Tz, and also using a bar for other mean values, we have 
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+) is the mean shear stress on the operative slip system. Equation (8) shows that 
the ratio of the mean stress on the two slip systems is independent of the dis- 
tribution of the dislocations and depends only on the relative orientation of the 


two systems. 
A-2 
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§3. EDGE DISLOCATIONS 
If the hardening is supposed due to edge dislocations, these must be taken 
parallel to the x axis and with Burgers’ vector along the x-axis. (Burgers’ vector 
gives the slip associated with each dislocation.) ‘The stresses due to a single 
dislocation are 
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where D=bG/27(1—<c), o is Poisson’s ratio, 7?=x?+y?, tan@=y/x. These 
stresses give 
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‘On squaring (11) and taking the mean as before, we have 
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tT, is the shear stress on the operative slip system. In the case in which the 
dislocations are distributed at random the second summations in (14) and (15) 
are zero and7,=7,. It seems likely that +, =7, will still be a good approximation 
when the pile up of dislocations occurs. For the terms occurring in the second 
‘summations in (14) and (15) may be divided into two sets according as the 7th 
-and jth dislocation are in the same group or in different groups of piled up 
‘dislocations. If they come from different groups we regard them as having a 
random distribution and consequently making a net contribution of zero to the 
summation, while if they are in the same group, 9,; will be small in all but a few 
cases and we may replace the cosines by unity without too great an error. The 
-expressions (14) and (15) then give r;=79. Further, the effect of any error made 
by putting 7,;=7» in (13) will be reduced by the fact that the coefficient of 7,2 
is generally found to be somewhat smaller than that of 7)?._ Making this approxi- 
mation, we have from (13) and (12): 


(7 ey/70)” = (1 — Le?) — 1.97) — 4(1 — 2o)l, eben. 


Equation (16) gives the mean stress due to edge dislocation and corresponds to 
-eqn. (8) for screws. 
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§4. DISCUSSION OF RESULTS 


_ From the crystallographic indices of the slip planes and directions, it is a 
simple matter to calculate the direction cosines occurring in (8) and (16), and so 
tofindT,,/7). For edges the values obtained will depend on the value of Poisson’s . 
ratio assumed, though this dependence is in most cases small. Results for the 
twelve slip systems of the face-centred cubic lattice are given in the table. Here 
the operative slip system has been taken as the [011] direction in the (111) plane.. 


—Values of 100 7;,/7 
Slip Slip enl0 


plane direction Bi Ease 
o—0 o=} o=4 
(111) [011] 100 100 100 100 
[101] 50 50 50 50 
[110] 50 50 50 50 
(111) [011] 100 33:3 33-3 33-3 
[101] 50 31-9 25-2 31-9 
[110] 50 31-9 25-2 31-9 
(111) [011] 81:7 72:0 69-3 72-0 
[101] 50 92-8 66-7 44-4 
[110] 50 96:8 90-2 84-5 
(111) [011] 81:7 72-0 69:3 72-0 
[101] 50 96-8 90-2 84:5 
[110] 50 92:8 67-7 44-1 


The experiments of Taylor and Elam (1925), Elam (1926) and Goler and- 
Sachs (1929) show that when a second slip system is brought into operation 
through rotation of the lattice, this system is as hard as, or slightly harder than, . 
the operative system. If the operative system is, as above, the [011] direction 
in the (111) plane, then the new slip system will be the [110] direction in the 
(111) plane or the [101] direction in the (111) plane. From the table we see that 
the predicted hardening is 50°, for screws (which is much too low), and about 
90%, for edges. ‘Thus hardening by edges alone could account for the greater 
part, but not the whole, of the observed effect. It is to edges that the hardening 
is attributed both in the theory of ‘Taylor (1934) and in that of Mott (1952). 

In order to explain the observed fine structure of the slip bands in aluminium 
which has been resolved by the electron microscope, Brown (1951) and Mott 
(1952) have supposed that some self-annealing takes place in the operative slip 
planes. This would result in increasing the apparent hardness of the latent 
slip system relative to that of the operative, and consequently might be responsible 
for the difference between our predicted hardening and that observed experi- 
mentally. ‘The experiments were carried out at room temperature, and since 
the self-annealing is presumably temperature dependent, we should expect, if 
this interpretation is correct, that at sufficiently low temperatures the latent 
hardening would decrease to our theoretical value. ‘That is, ifa metal is deformed 
plastically at liquid air temperatures, and an appreciable amount of slip has taken 
place on a single system, then the second system should become operative slightly 
before the lattice has been rotated to the symmetrical position. ‘This would be 
the best test of the theory presented here. However, since existing work has 
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been done mainly on aluminium, useful results might also be obtained even at 
room temperature from metals such as nickel which have different activation 
energies. 

From the table we see that in some cases the latent slip system may be only 
‘about a third as hard as the operative. After a reasonable amount of deformation 
has taken place the difference in hardness should be quite appreciable. Rohm 
and Kochendorfer (1950) have given results showing that the latent slip systems 
are hardened less than the operative and that the amount of hardening depends 
on the particular slip system considered. An indirect confirmation is provided 
by the phenomenon of cross slip which is observed to accompany slip on the 
operative system. ‘The theory presented here leads to a simple interpretation 
of this, for whether or not slip takes place on any slip plane depends both on the 
resolved shear stress and on the amount of work hardening of that plane. ‘The 
resolved shear stress on a secondary system is less than that on the operative, 
but as the work hardening is also less it is still possible that the stress on the 
secondary system may be great enough to produce slip. This would be observed 
as cross slip. The presence of some cross slip would increase the rate at which 
the secondary system is hardened and this would then tend to prevent further 
cross slip, thus limiting its amount to a fraction of that on the primary system. 
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Crystal Structures of Gutta Percha 
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ABSTRACT. Thin films of gutta percha have been examined by means of electron 
diffraction, and shown to exist in three distinct crystalline forms, termed the «, f and y 
modifications, whereas prior to this work only two forms had been recognized. 
The conditions necessary for the occurrrence of the different forms are considered and 
probable unit cells are suggested for two of them. These have the dimensions : 
Ptomi:) a—7-83 A, b=11-87 4, 64/5) As eo—p—y—90= 
y form: a=5-9 4A, == TIIN (P= DD IX, e= =O", y=94?” 
Data from the « modification were insufficient to provide the full set of lattice constants 
but the identity period along the chain axis was found to be 8°76 A. 
The f form which provides the most data has received much previous study and the 
present figures show broad agreement with those of previous workers. 
The three identity periods of 8-76 A, 4-75 A, and 9-2 A are in close agreement with those 
predicted by C. W. Bunn on the basis of theoretical considerations of the possible configur- 
ations of a transpolyisoprene chain. 


§1. INTRODUCTION 


UTTA PERCHA {is a naturally occurring polymer of isoprene characterized 

by the fact that the isoprene units are in the trans form in relation to 

the double bonds. In this respect it differs from natural rubber in which 
the isoprene units are in the czs configuration (Meyer and Mark 1930). It shows 
considerable crystallinity in the unstretched state at room temperature, and 
earlier work by x-ray and electron diffraction has established the existence of 
two crystal forms which were termed the « and £ modifications (Hopff and 
von Susich 1930, Hauser and von Susich 1931). ‘The / structure predominates 
in most commercial forms of gutta percha and has consequently received the 
most study. Bunn (1942) has proposed a detailed atomic structure based on an 
orthorhombic cell with a=7-85 A, b=11-9A, c=4-72 A. 

In a discussion of the possible configurations of a trans polyisoprene chain, 
Bunn (1942) predicted three possible structures for gutta percha which he 
designated «, 8, y. It appears that previous experimental work has failed to 
distinguish between the « and y structures and consequently the measurements 
of different workers purporting to give the lattice spacings of the « form do not 
agree with one another. In the present work the existence of three forms is 
clearly shown and the conditions for their occurrence are partially defined. 


§2. EXPERIMENTAL 


The material used was a commercially purified grade of gutta percha. 
Specimens were prepared in the form of thin films suitable for transmission 
work by depositing them from benzene solution on to a clean water surface in 
a Langmuir trough. The solution spreads readily on the water surface thus 
providing an extremely thin film of gutta percha after evaporation of the solvent. 
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It was necessary to use freshly made solutions and to examine the films immediately: 
after their preparation since the material oxidizes very rapidly. 

Some films were examined in the unstretched condition; others were 
stretched by placing two chromium bars across the film in the trough and then 
drawing them apart. ‘The films were somewhat brittle and inclined to tear under 
this treatment but the extension was helped by warming the substrate water to 
about 30°c and it was then found possible to stretch them to about four times 
their original length. Films examined in the unstretched state had a thickness 
of about 200-3004 as indicated by the diffraction colours under oblique 
illumination, while those used for stretched specimens had a thickness of about 
1000 4 before stretching. Portions of the film were gathered on clean specimen 
grids and then examined in a Finch-type electron diffraction camera working 
with a camera length of 47 cm and an accelerating voltage of 50—60 kv. 


§3. EXPERIMENTAL RESULTS 


Although selected from the same grade of bulk material the specimens. 
examined were found to be of two distinct kinds whose diffraction patterns are 
illustrated in figs. 1 and 2 (Plate). 

One group (fig. 1) existed in the well-known $6 modification and gave its. 
characteristic diffraction pattern. ‘The principal effect of stretching these samples 
was a change in the orientation of the crystallites, although traces of a subsidiary 
component, presumably the «-form, could be observed in the patterns from 
stretched samples. 

The second group (fig. 2) behaved in a more complex manner in that 
stretching these samples produced a complete change of structure. Stretched 
samples exhibited the same characteristics as those in the first group, being 
composed predominantly of 6 material with traces of « structure, but unstretched 
samples gave rise to a pattern which differed from either the « or f pattern, and 
appeared to arise from a third crystal form which we have termed the y form. 
Since only two crystal forms for gutta percha had been reported it was at first 
thought possible that the « and y patterns corresponded to differently orientated 
arrangements of the same crystalline structure, and attempts were made to index 
the spacings accordingly, but it was soon found that this was not possible and 
that two distinct structures were involved in addition to the 8 structure. It is in 
relation to these two « and y structures that the principal interest of the present 
work lies. 

A study of the literature leaves little doubt that both these structures have 
been observed previously; thus the identity period of 8-76A observed in the 
present work for the « material corresponds to that reported for « gutta percha 
by Hauser and von Susich (1931) who worked with stretched specimens giving 
well oriented fibre diagrams, and later observed by Fuller (1936), while on the 
other hand the principal spacings in the ring pattern are in close agreement with 
those previously reported for unstretched specimens by Hopff and von Susich 
(1930) and Hauser and von Susich (1931), by Stilwell and Clark (1931) and by 
Bruni and Natta (1934) who worked with electron diffraction. But owing to the 
fact that the x-ray patterns have been relatively poorly developed and frequently 
observed in association with the f pattern, workers in this field do not appear 
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to have attempted to derive the complete set of lattice constants. Consequently 
the discrepancies between stretched and unstretched samples have not been 
appreciated and both structures have been loosley termed « gutta percha, although. 
it is true that Bruni and Natta working with unstretched films defined a unit cell 
with an identity period different from that observed in the oriented x-ray patterns, 
and that Fuller observed certain discrepancies in the identity period as determined 
from different so-called « reflections which led him to suspect the possible 
existence of a third form of gutta percha. 

The terminology adopted here has been selected so as to conflict as little as. 
possible with that previously used. Some conflict is obviously unavoidable but 
the majority of workers appear to have accepted the identity period of 8-7—8-8 A 
as characteristic of the « modification. ‘The structure appearing as a subsidiary 
component in stretched samples in the present work exhibits this identity period 
and has therefore been termed the x form. The structure occurring in unstretched 
samples (other than £ specimens) then becomes the y modification, notwith-- 
standing the fact that present evidence suggests that it is the form in which the 
material exists when first drawn from the tree. This nomenclature is in 
conformity with that used by Bunn. — 

The conditions governing the formation of the different crystalline modifications. 
were not fully investigated in the present experiments but certain major conditions 
for their occurrence in thin films suitable for electron diffraction were observed.. 
The bulk material from which the test specimens were selected was a commercially 
purified grade of gutta percha which had presumably suffered heat treatment in 
the course of its processing. When first examined all unstretched specimens 
exhibited the f structure while, on stretching, the f structure remained pre-- 
dominant but a small admixture of ~ material became apparent. When further 
samples were selected some months later many unstretched specimens exhibited 
the y structure but stretched specimens still showed the same characteristics as 
before. It was found however, that if the solid material were maintained at 
80-90° c for about half an hour immediately before forming the solution from 
which the test specimen was deposited, the appearance of the y structure was 
avoided and all unstretched specimens exhibited the f structure. 

Summarizing these observations it may be said that at room temperature 
unstretched specimens exist in either the 6 or the y modification according to 
the previous heat treatment of the material, but that on stretching, all samples 
revert to a mixture of the «: and § modifications in which the 6 component 
predominates. 

These conclusions refer only to thin films of uny ulcanized material; the 
conditions for their appearance in bulk samples of vulcanized material may be 
very different, indeed Fuller (1936) who was largely concerned with a study of 
the effects of vulcanization quotes spacings agreeing closely with the present 
y spacings, as the equatorial spacings in fibre diagrams of stretched material thus 
suggesting that under the condition of his experiments the y structure persists 
on stretching. However, in so far as they relate to unstretched specimens these 
observations are in broad agreement with the indications in the literature that the . 
y modification, termed « in earlier work, is genuinely stable at room temperature, 
but that the 8 form, developed at temperatures above about 70°C, is retained 
on normal cooling and exists in a metastable state at room temperature owing 
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to its low transformation rate back to the y form at temperatures below the 
transition point. The fact that a proportion of the material appeared to have 
reverted to the y form during storage cannot be fully explained since the 
conditions of commercial processing were not known in detail. It is probable, 
however, that the transition was assisted by the process of solution and 
recrystallization involved in forming the test specimens for the present work 
since a change of structure under this treatment was observed by Hopft and 
von Susich (1930). The reversion to a material consisting largely of the p 
modification on stretching y samples has also been observed previously (Hauser 
1927) but at that time the polymorphism of gutta percha was not understood. 

The recognition of the subsidiary « component in stretched samples as having 
a distinct structure different from the y structure in unstretched specimens does 
not appear to have been reported before, and this, together with the further 
definition of these two structures, provides the principal contribution of this 
work to our knowledge of gutta percha. 


§4. DETAILS OF SPACINGS AND PROPOSED UNIT CELLS 


Details of the spacings observed are given in tables 1, 2 and 3 together with 
comparable published data where this is available. As remarked previously, 


Table 1. 8 Gutta Percha (figs. 1 (a), (6) and (c) and 2 (c)) 
Proposed cell: Orthorhombic, a=7:84 A, b=11-87 A, c=4-75 A 


(1) (2) (3) (4) 

(i) (ii) (iii) (av) 
4:73 vs 120 4-73 4:75 vs,4:73m 48 4:73 vvs 4:71 
3:92 vs 200 3-92 3:90 m, 3:89 s 3-9 3:91 vs 3-87 
2:98 mw 040 2:97 2:95m SS vw ors2 
2:79 mw 140, 230 2°79, 2:78 PLETTL Ss 2:98 m 2-96 
2:38 m 320 2:39 2-78 s 2Et5 
1:97 mw 400, 340 1:96, 1:96 BESTS 2°38 
1-93 m 410 1-93 2ZND VW ost, 
1:77 w 430 1k 2°02vw 2-04 
4-44 O11 4-41 1:95 m 1-97 
2:98 211, 201 2-93, 3-03 1-91 
2:26 311, 301 DPS DIAS 1:76 
1-80 411, 401, 341 ZO hai cstemlersi 1:18 
2:38 002 si 
ey > 003 1:58 
Jno? 113 1-54 
1:19 004 1:18 


(1) Observed spacing (A) relative to graphite (110)=1-230 A; (2) Indices suggested (hkl); 
(3). Spacings (A) computed for a=7:84 A, b=11-87 A, c=4-75 A; (4) Published figures 3: 
(i) Hopff and von Susich (1930), (ii) Hauser and von Susich (1931), (iii) Fuller (1936), 
iv) Storks (1938) (electron diffraction). 


s=strong, m=medium, w=weak, vs=very strong, etc. 


-Note.—This table gives complete set of spacings from stretched and unstretched specimens. 


Unstretched specimens when viewed perpendicular to the beam showed only 
spacings of (ARQ) type. 
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Table 2. « Gutta Percha 
(Subsidiary pattern in figs. 1 (c) and 2 (c)—stretched samples) 


Proposed cell: data are insufficient for determination of full set of lattice constants, but 
layer line spacing gives a value of 8-76 A for the c axis 


Layer line 0) 1 2} 4 5) 6 
Observed spacing (A)* 3°36 4-55 3-49 2:18 ieby7 1-46 
4-07 2:10 
3-36 
2°73 


Published figures : side spacings are not in general quoted in detail but Hauser and 
von Susich agree with Fuller on an identity period of about 8:8 A corresponding to the value 
of 8-76 A for the c axis in the present work. 


* Relative to graphite (110)=1-230 A, 


the term « gutta percha has been used in the literature for any modification 
differing from the 8 form, but for these tables the published figures have been 
reclassified as relating to the « or y forms according to the condition in which the 
sample was examined and the results obtained. 


‘Vable 3. y Gutta Percha (figs. 2 (a) and ()—unstretched samples) 
Proposed cell: Monoclinic a=5-9 A, b=7-9 A, c=9-2 A, a=B=90°, y=94° 


(1) (2) (3) (4) 
(i) (11) (111) 

7°91 m 010 7-90 77 112-2) 
4-95 vs 110 4-88 4-82 4-97, 4:96, 4:56 
3-95 vs 020 3°95 3-86 3-9 3-94 
3-36 vs 120 S239 3-28 33 332 
2-95 mw 200 2:95 2°95 2:98 
2-73 mw 210 2-70 2-69 2:74 
2-47 vw 220, 130 2:44, 2-46 2:48, 2:42 
2:29 w 220 2:28 DWephi 
2-03 vw 230 203 2:04 
1-89 ms 230, 140 1:89, 1-91 1-90 
1:65 m 240, 240 1-69, 1°59 1:64 

1:24 
4-56* 002 4-60 
4-08* ft 4-09 


(1) Observed spacing (A) relative to graphite (110) =1-230 A; (2) Suggested indices (/2k/) ; 
(3) Spacing (A) computed for a=5-9 A, b=7:9 A, c=9-2 A, y=94°; (4) Published results (A) 
for modification (referred to in earlier literature as unstretched « material) : (i) Bruni and 
Natta 1934, (ii) Hauser and von Susich 1931, (iii) Hopff and von Susich 1930. 


* Specimen perpendicular to beam except in these two cases. Here specimen 1s 
inclined at 45° to beam. Spacings along the diameter parallel to the axis of inclination 
-were unchanged. ‘Two additional arcs appeared on the perpendicular diameter at positions 
Stated. 


Absolute values of the spacings were determined from specimens (not 
illustrated) in which a thin layer of colloidal graphite was deposited on the gutta 
percha so that a composite pattern was obtained; the spacings were then computed 
relative to the standard graphite (110) spacing of 1:230A (Finch and Fordham 
1936, Trzebiatowski 1937, Nelson and Riley 1945). Figures for the 6 material 
were included for the sake of completeness and to indicate the order of agreement 
between this and previous work. 
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Diagrammatic representations of the three principal types of pattern are given 
in figs. 3(a), (b), (c), and where possible indicate the indices assigned to the 
various reflections. Figure 3(c), relating to the composite pattern for stretched. 
samples, also shows how the observed arcs are distributed between the two- 
component structures. 
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(c) 
Fig. 3 (a) and (6). Patterns from unstretched gutta percha (diagrammatic). Broken circlésandiéate- 
arcs which appear on inclining film to beam. (a) B gutta percha; (b) y gutta percha. 


Fig. 3 (c). Combined « and £ patterns (diagrammatic) from stretched gutta percha. « ares shown. 
dotted. 


B Structure 

The data from the 6 modification is more comprehensive than that from the 
other two types since it exists in both the stretched and unstretched state and. 
therefore provides patterns showing crystallites in two different orientations. 
In interpreting these patterns the lattice constants proposed by Bunn (1942) 
and by Fuller (1936) were used as guides for indexing the spacings and the axial 
lengths were then adjusted to agree with the observed radii. The unit cell thus. 
determined was orthorhombic with a=7-83 A, b=11-87A, c (fibre axis) =4-75 A, 
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which, taking into account the fact that some of the arcs were rather broad, seems 
to be in satisfactory agreement with Bunn’s cell, having a=7:85A, b=11-94, 
and c=4-72A. 

In the unstretched material there is pronounced orientation of the crystallites 
with their chain axes in a direction perpendicular to the plane of the film, while 
on stretching, the chain axis tends to take the direction of extension giving rise 
to the familiar fibre or partial rotation diagram. ‘The former is clearly indicated 


125° /CH 3 

Che ee Isoprene Unit. 
| 125° 

4) 


(ii) (c) 


Fig. 4. Gutta percha molecules (diagrammatic) according to C. W. Bunn. (a) «, (6) B, (c) y- 


(i) Projection in plane of double bonds. 
(ii) Projection perpendicular to plane of double bonds. 


‘by the pronounced arcing which occurs on inclining the film to the electron 
beam (fig. 1(5)) and by the fact that the reflections occurring when the film is 
perpendicular to the beam are confined to those of the (RO) type. ‘The same 
phenomenon was observed by Storks (1938) and is, as he pointed out, somewhat 
‘surprising since the thickness of the film (~300 A) is several times smaller than 
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the length of a single molecular chain (~3000 A) as determined by independent 
means and thus appears to indicate sharp discontinuities in the chain. 


a Structure 

The number of arcs available for « gutta percha patterns (figs. 1(c) and 2(c)) 
is relatively few, and the fact that they are superimposed on the f pattern which 
exhibits several similar spacings introduces some ambiguity. Consequently it 
has not been found possible at this stage to deduce a satisfactory unit cell for this 
material. 

Certain features of the unit cell are, however, readily obtained from the 
pattern which is effectively a partial rotation diagram with the rotation axis in 
the direction of extension. he identity period along the rotation axis (8-764) 
and the form of the pattern indicate that the other two axes must be perpendicular 
to this to within the limits of about +3° set by the angular spread of the arcs. 


y Structure 


The y modification (figs. 2(a) and 2(b)) occurring only in the unstretched 
state, again provides rather limited information, and the proposed unit cell is 
put forward tentatively. The existence of some preferred orientation aids the 
interpretation however and, making use of this, it has been found possible to 
deduce a probable unit cell which satisfies the observed spacings. 

The spacings of the rings (figs. 2(a) and 2(d) and table 3) correspond closely 
to those observed by Bruni and Natta (1934) in their electron diffraction study of 
gutta percha, and so some consideration of the unit cell which they proposed 
seemed expedient. ‘The essential characteristics of their indexing were that they 
supposed the three strong rings to be first or second orders of the principal axial 
spacings, and the cell to be orthorhombic. This scheme was therefore examined 
in relation to the present patterns and was indeed found to afford a neat inter- 
pretation of the observed spacings, but there are two serious objections to the 
adoption of such a cell. ‘The first lies in the unusual mixed type of orientation 
which it is necessary to assume in order to explain the arcing which occurs on 
inclining the film to the beam, a difficulty which was not appreciated by Bruni 
and Natta since they only examined the specimen when held perpendicular 
to the electron beam. ‘The second objection is that the density value deduced 
for a cell of this form is 0-86 g/cm®, which is improbably low as compared with 
the known value of 1-04 for 6 gutta percha. The density even of amorphous 
gutta percha is likely to be not less than 0-9 g/cm® (the density of unstretched 
amorphous rubber), and all crystalline forms would be expected to be more 
dense than the amorphous material. 

An alternative cell was therefore sought, and the observed spacings were found 
to fit a monoclinic cell with a=5-9A, b=7-9A, c (fibre axis) =9-2 A, «=8=90°, 
y= O94", 

On the basis of this cell, all the rings appearing when the film is examined 
perpendicular to the electron beam are indexed as (ARO) spacings and the orientation 
is thus seen to be similar to that occurring in the unstretched fh material, and is. 
such that the fibre axis lies perpendicular to the plane of the film. 

The length of the c axis is derived only from the two additional arcs which 
appear when the specimen is inclined to the beam, and is thus subject to some 
uncertainty. ‘The figure quoted is derived on the assumption that the c axis is 
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perpendicular to the a and axes, but if the angle should deviate a little from this 
the length of the c axis would be a little greater and would thus approach more 
closely to Bunn’s predicted value of 9-4. 

The volume of the cell quoted is 428 A? which is satisfactorily close to that of 
440 A® for the 6 material, and gives a density of 1-05 if two molecular chains are 
assumed to pass through the cell. 


§5. DISCUSSION 

The examination of $ gutta percha has, as was anticipated, given results in 
general accord with those of previous workers. Consequently, there is little that 
requires comment except to emphasize the point originally made by Storks 
(1938) that the orientation of the crystallites perpendicular to the film surface 
in films whose mean thickness is less than the accepted length of the chain may 
denote discontinuities within the single molecular chain. 

The results are more illuminating in relation to the other modifications of 
gutta percha leading as they do to the identification of two crystalline forms 
besides the 8 modification. ‘The identity periods of 8-76A and 9-24 are in 
approximate agreement with the values deduced by Bunn (1942) for two possible 
alternative configurations for the trans polyisoprene chain and thus provide 
experimental support for the theoretical considerations on which his predictions 
of the existence of these two forms were based. 

The indications of the present work are that, of the two structures under 
consideration, the y form is favoured by the unstretched state of the material and 
the x bythe stretched condition. The latter, however, always appears in association 
with the f form since all stretched samples irrespective of previous heat treatment 
show a high proportion of 8 material. ‘The results reported by previous workers 

when reassessed in the light of this recent evidence also appear to lend support 
to these conclusions regarding the occurrence of the different forms, and further, 
indicate that gutta percha as first drawn from the tree exists in the y form whose 
characteristic pattern has three strong rings at spacings of 4:95 A, 3-954, and 
3-36 A and is satisfied by a monoclinic cell with a=5-9 A, b=7-9 A, c=9-2 A, y= 94°. 

The readiness with which this y structure is broken down either by stretching 
or heating the material is presumably associated with the geometry of the chain 
form. The three chain forms for ~, 8, and y structures constructed according to 
the principles laid down by Bunn (1942) are shown diagrammatically in figs. +(a), 
(b), (c). It will be seen from these diagrams that the y chain differs essentially 
from the other two forms in two respects: the methyl groups now lie alternately 
on opposite sides of the chain, and consecutive isoprene units are no longer 
parallel to one another. The configuration permits compact packing of the chains 
but does not appear to have the normal fibre characteristics since on stretching 
the whole of alternate isoprene units swing round the single CH,—CH, bonds 
connecting them to their neighbours to settle in one of the forms « or 8 which have 
the normal fibre characteristics. In his discussion of the behaviour of long chain 
molecules Bunn remarked that switches from one favoured bond position to 
another occurred very readily in molecules which contain double bonds within 
the unit as in the present case. In the present instance the change involves a 
wide movement of the projecting methyl group and some steric hindrance arising 
from its passing near to neighbouring molecules might be anticipated, but any 
such effect is apparently small and readily overcome by the energy put into 
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the system on heating or stretching. It is, however, large enough to render 
the spontaneous transformation back from the f to the more stable y form at 
room temperatures very slow. 

It is obvious that some way must be found of obtaining patterns showing — 
much fuller detail before the points discussed can be finally settled. The present 
work at least appears to have opened up new possibilities and indicates lines along 

which further research may be prosecuted. 
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ABSTRACT. The validity of the similarity theorem for high-frequency discharges in 
helium is examined experimentally in non-uniform fields over a range of frequencies f from 
5 to 70 Mc/s and gas pressure p from 1 to 30 mm Hg. The theorem is satisfied for similar 
discharge systems in pure helium but not when traces of impurity are present. The theorem 
is shown to be sensitive not only to changes in the parameters pa and f/p, where a is a linear 
dimension of the discharge tube, but also to changes in the purity of the gas when the 
impurity can introduce collisional processes which are not dependent on X/p. The failure 
of the theorem for impure helium for similar discharge systems is accounted for by the 
occurrence of collisions of the second kind between metastable atoms of helium and 
molecules of impurity. 


SL INTRODUCTION 
N a previous paper Llewellyn Jones and Morgan (1951) showed experimentally 
] that the high frequency breakdown potentials V, for geometrically similar 
electrode systems in air and hydrogen obey a similarity theorem 


Per hey te me ee (1) 


where p is the gas pressure, a a linear dimension of the tube and f the frequency 
of the applied field. In this paper the term s¢milar high-frequency discharge 
systems will now be used to refer to geometrically similar systems for which the 
parameter //p, as well as the parameter pa, is the same in the two systems. 

The basis of the principle of similarity in electrical discharges is that the 
effective collisional processes should be functions of X/p (‘Townsend 1915, Holm 
1924). Fundamental collisional processes involved in electrical discharges can 
be regarded as forming two groups: a group which is dependent on the 
parameter X/p, where X is the electric field, and a group which is not dependent 
on X/p. Processes of excitation or ionization by single electron impact are 
typical of the first group since the mean electron energies are dependent on X/p; 
liberation of electrons from electrodes by field emission (Llewellyn Jones 1949), 
volume recombination of ions and electrons, and ionization by collisions of the 
second kind are processes typical of the second group (von Engel and 
Steenbeck 1934). 

Thus, the validity of the similarity theorem for the case of similar discharges 
in any given gas can give information about the nature of the fundamental 
collisional processes involved; it has been concluded that the fundamental 
collisional processes both of electron generation and loss in high-frequency 
discharges in air (a gas mixture) and in hydrogen (a simple diatomic gas) belong 
to the group which is dependent on X/p. It remains now to test whether the 
theorem fails in cases when an essential collisional process in the discharge is 
not a function of X/p. This paper describes an experimental investigation of 
the similarity theorem for high-frequency breakdown over a range of oscillation 
frequencies from 5 to 70 Mc/s in pure helium, and also in helium containing 
traces of impurity (less than 0-001°%) where collisions of the second kind are 
likely to occur. 
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§2. EXPERIMENTAL PROCEDURE 


Three coaxial discharge systems A, B and C were used. These consisted of i 


inner nickel rod electrodes of diameters (2a) of 0-159, 0-318 and 0-160cm 
respectively, and concentric nickel cylinders of internal diameters (2d) of 3-945, 
3-950 and 2-080 cm respectively, and the tubes were connected to the same gas 
system: tubes B and C were geometrically similar. ‘The discharge tubes, the 
high-frequency oscillator, valve voltmeter, and the general experimental 
arrangements were the same as those described previously (Llewellyn Jones and 


Morgan 1951). The gas reservoir contained spectrally pure helium, but before 1 


admission to the discharge tubes the gas was stored for at least 15 hours over 
charcoal cooled by liquid oxygen. ‘To maintain the greatest possible purity of 
the gas in the discharge tubes, a large glass side-tube containing charcoal in a 
gauze cage was sealed as near as possible to the tubes and cooled by liquid oxygen 
(Llewellyn Jones 1931). 

The oxide layers formed on the electrodes during exposure to the atmosphere 
were removed by ion bombardment in discharges in hydrogen maintained in the 
three discharge tubes simultaneously while the gas was frequently changed. 
Prolonged ion bombardment of the electrodes finally sputtered the metal on the 
mica insulating spacers and glass envelope indicating that the treatment was severe. 

Then followed successive and alternate periods during which the tubes 
containing hydrogen were maintained at 350° c in an electric furnace for a period 
of 10 hours, and were then evacuated for a period of 10 hours while the heating 
was continued in order to drive off any adsorbed hydrogen. Treatment of this 
kind had previously been found to be effective for the removal of tenacious oxide 
layers on nickel (Llewellyn Jones and Davies 1951). When it was considered 
that all the electrode surfaces were cleaned by this treatment and the discharge 
tubes had cooled to room temperature, measurements of the breakdown potential 
were made in helium for the frequency range from 5 to 70 Mc/s and pressures 
from 1 to 30mm Hg. 

After these measurements the tubes were again maintained at 350°c for 
some hours and evacuated continuously. At intervals during this treatment the 
heating was discontinued and the tubes were cooled to room temperature, when 
fresh specimens of gas were admitted, and breakdown potential measurements 
made. ‘This procedure was followed for a period of about 50 hours. In this 
way (V’, pa) curves were obtained for helium in its final stages of purification. 
At first the gas contained minute traces of hydrogen liberated from the electrodes 
during outgassing, but finally the gas was as pure as was possible to maintain it; 
amounts of impurity present were estimated from the observed very small rate 
of evolution of gas during outgassing of the tubes. When small traces of impurity 
were still present, before the outgassing had been completed, it was found that 
in consecutive measurements of V, the second determination was higher by 
approximately 5 v over the whole range of frequencies from 5 to 70 Mc/s. After 
this all subsequent determinations, when made at intervals of 30 seconds (the 
time required for a single measurement to be made), were the same to within 
0:5to1%. ‘This result was taken to indicate that the first discharge drove the final 
traces of impurities to the walls or to the electrodes, and when the interval 
between successive discharges was long these impurities were liberated again. 
This cleaning effect was most marked for high-frequency fields when the 
concentration of impurities was very low, as found previously by Townsend and 


MacCallum (1928). 
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§3. EXPERIMENTAL RESULTS 

The considerable influence of small traces of impurities on the breakdown 
potential of helium is shown by the typical set of curves given in fig. 1 relating 
the breakdown potential V, and the parameter pa for tube C at a frequency of 
70 Mc/s. ‘These curves were obtained during the heat treatment described 
above after removing surface films from the electrodes. The values of V, for 
helium not completely purified are given in curve a; after some purification by 
mild heat treatment of the tubes curve 6 was obtained and this differed only 
slightly from a. Continued outgassing, however, increased the values of V, by 
approximately 25%, to give curve c. Further prolonged outgassing at 350°c 
in vacuo produced a further increase in the values of V, (curve d), and the overall 
effect of heating zm vacuo for a total of 50 hours was to increase V, by a factor of 2 
from the first measurements. No further increase in V, with heat treatment 
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Fig. 1. Effect of progressive purification of the gas on the breakdown potential of tube C at 70 Mc/s. 

Fig. 2. Similarity relationship in pure helium. ‘The line curves a, b, c, d, and e are those with 
tube C at frequencies f of 10, 20, 30, 50 and 70 Mc/s, and the points marked are actual 
measurements obtained with the geometrically similar tube B, of twice the linear dimensions, 
at half the pressure and at frequencies f/2. "These points lie on the appropriate curve within 
the experimental error ; in fact the full curves for B, not given here, coincide under the 
similarity conditions (equality of pa and f/p) with those of C. 


was afterwards observed, and a later (V,, pa) curve, e, was identical with d; the 
helium was then considered to be pure. Curves of the same general nature 
were also obtained for the other tubes A and B. A set of (V,, pa) curves for 
pure helium over the full frequency range is given in fig. 2 for reference, because 
no previous measurements of the high-frequency breakdown potentials in pure 
helium in non-uniform field systems are available. It will be seen that V, 
decreased as the frequency increased. 

Consider now these results in relation to the similarity theorem. It is. 
necessary first to see whether, for the two geometrically similar tubes B and C, 
the values of V, for helium containing traces of impurity were the same over a 
wide range of p and f, provided the parameters pa and f/p were the same in each 
tube. (V,, pa) curves obtained with slightly impure helium are given in fig. 3 
for tube B at a frequency of 25 Mc/s (curve 4), and for tube C at a frequency of 
50 Mc/s (curve a). These curves should coalesce if the similarity theorem held, 
but they are, in fact, separate. Consequently, the theorem does not hold for 
impure helium. Similar results were obtained for any other pair of frequencies 
from 5 to 70 Mc/s. 

Similar results were obtained with impure helium at all stages during the 
outgassing process when traces of impurities were present. ‘The final measure- 
ments of (V,, pa) for tube B at 25 Mc/s and tube C at 50 Mc/s in pure helium, 
on the other hand, satisfied the theorem as is also shown in fig. 3 (curve c). _ 
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It is now necessary to test the departures from the similarity theorem in pure 
helium when one of the parameters pa or f/p was not the same for two tubes. 
The tubes A and B were not geometrically similar, because the diameters of the 
wires were in the ratio 1 : 2, but the cylinders were of the same diameter. In 
this case, it is necessary to compare values of aX, where 


aX eV ina. ce ees meee (2) 


since the factor In (b/a) was no longer the same for both A and B (Llewellyn Jones 
and Morgan 1951); X, is the field at the surface of the wire at breakdown. Values 
of aX, as a function of pa are given in fig. 4 for tube B at a frequency of 25 Mc/s 
(curve c), and for tube A at a frequency of 50 Mc/s (curve a). If the similarity 
theorem still held in this case, even though the tubes were not exactly similar, 
then the values of aX, should be the same for a given value of pa, and the curves 
aandcshould coalesce. The difference in the values of aX,, for A and B, however, 
was about 10% for a change of 26% in the parameter In(b/a) due to a change 
by a factor of 2 in the diameter of the cylinder. 
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Fig. 3. Similarity theorem for pure and impure Fig. 4._ Effect of variation in the parameters 
helium with tubes B (X) and C (curves). flp and In (b/a) for pure helium. 
Curve a. C 50 Mc/s, impure helium. Curve a. A 50 Mc/s (curve), 
Curve bee. 25) «5, % $5 Curverb- BB 507; ; 
Curve c. B 25 ,, C 50 Mc/s, pure helium. @urveve a2) (X), C 50 Mc/s (curve). 


Again, when the parameters pa and In(b/a) were the same, but the other 
similarity condition //p was not the same—that is for the two tubes B and C— 
curves b and ¢ of fig. 4 show that aX, was different for the two tubes. The values 
of aX, for C (curve c) are seen to be approximately 10° higher than those for B 
(curve 5). The result illustrated was obtained at 50 Mc/s, but similar results 
were obtained at other frequencies. When both the parameters pa and f/p were 
the same in each tube the similarity theorem was satisfied. 

It has been seen that a variation in the parameter In (b/a) of 26% (due to 
doubling the diameter of the cylinder), or a variation in f/p by a factor of 2, each 
produced changes of about 10° in the values of aX,. When the values of both 
the parameters each departed from the values corresponding to similarity, then 
the corresponding changes, in aX, partly cancelled each other ; at 50 Mc/s the 
cancellation was complete and the values of aX, were fortuitously the same for 
tubes A and B over a limited range of pa (fig. 4, curves a and b). The presence 
of minute traces of hydrogen (~0-001%), however, had a much greater effect 
{~50%) on the magnitudes of the breakdown potentials, so that impurities 
produced large departures from the similarity theorem. Consequently, 
experimental measurements of V, or aX, can clearly indicate departures in 
the values of the parameters pa and f/p from the values corresponding to exact 
similarity in pure gases, and indicate the presence of traces of impurities when 
the parameters pa and //p remain constant. 
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Another important relationship for cylindrical discharges is the corona 
relationship (‘Townsend 1915), which relates the breakdown potentials V, and 
V, of two discharge systems at the same gas pressure with wires of the same radius 
but with cylinders of different radii b, and 6, according to the relation 

Prey ein Ura) thon) eee at ae eed eee (3) 
In order to apply this relationship to the breakdown potentials of tubes A and C, 
the values of V, for tube C, calculated from those measured for tube A using 
eqn. (3), are compared with the values of V, actually measured for tube C. 
Typical data for pure helium are given in the table for extreme values of the 
pressure p. Even at the highest frequencies and pressures used, the difference 


Pp Pe (No Gett.S-) Ian (Wap toes=) Vz (V, r.m.s.) Vz, (Vv, r.m.s.) 
(mm Hg) 70 Mc/s 50 Mc/s 20 Mc/s 5 Mc/s 

Calc Obs. Calc. Obs. Calc. Obs. Calc. Obs. 

22°5 92 103 105 a2 125 140 160 191 

2°15 54 88 62 111 84 211 105 223 


between the calculated and observed values of V, for tube C is large, and increases 
as the pressure or the frequency decrease. In helium containing traces of 
impurities the difference between the values of V, calculated and observed for 
tube C at a given pressure and frequency were even larger. 


§4. DISCUSSION 

The experimental results show that in pure helium the similarity theorem 
is satisfied well within the experimental accuracy over the full range of frequencies 
and pressures investigated. In comparing two tubes, small departures in the 
values of pa and f/p from the similarity condition at once led to inequalities in 
the corresponding values of V,. Consequently, the observed differences in the 
breakdown potentials were clear indications of departures from the similarity 
conditions in either of the two parameters. 

The experimental results show that the processes of ion generation and of 
loss in pure helium are functions of X/p: these processes are electron generation 
by single electron collisions with gas atoms and loss by diffusion and drift 
(Llewellyn Jones and Morgan 1951). The failure of the corona relationship 
with the discharge tubes used indicates the important part played by electron 
and ion diffusion and drift in the breakdown mechanism in pure helium. Since 
the field X, progressively decreased from the wire to the cylinder, the value 
of X/p about mid-way between the electrodes was taken and used in the following 
considerations. Only approximate estimates of the displacement of the electron 
cloud at lower pressures is possible because of the limited data available on the 
drift velocities and the diffusion coefficients of electrons in helium for values of 
X/p greater than 5v/cm/mm Hg. When J, for tube C was 112 v at a frequency 
of 70 Mc/s and a pressure of 25 mm Hg, X and _X/p at a radius of 0-5 cm from 
the rod were 88v/cm and 3:-5v/cm/mm Hg respectively, and the electron drift 
velocity was 2 x 107 cm/sec (Healey and Reed 1941). Hence, the time required 
for the electron cloud to pass from the rod to the cylinder was about ten times 
greater than the half-period of the field. For an applied potential of 162v at a 
frequency of 10 Mc/s when X/p was 5 v/cm/mm Hg the time was of the same order 
as the half-period of the field. This indicates that the radial drift of the electron 
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cloud, generated near the wire, played an increasing part in the discharge | 
mechanism as the frequency decreased; at the lower frequencies a large fraction | 
of the electrons generated during one half-cycle could have been swept to the 
electrodes. Similar considerations hold for the loss of electrons by diffusion, and 
these results indicate the predominating influence of diffusion at the highest 
frequencies. As the frequency was decreased, however, the influence of the 
cylinder on both drift and diffusion increased, but at 10 Mc/s the electron loss 
mechanism was predominantly drift. These results show that the mechanism of 
the high frequency discharge in pure helium is, therefore, similar to that in air 
and hydrogen (Llewellyn Jones and Morgan 1951). 

In helium containing traces of impurities, on the other hand, the similarity 
theorem broke down completely; the theorem was not satisfied at any frequency 
or pressure investigated. This result was obtained in spite of the fact that the 
helium was spectroscopically pure, and that it was probable that the impurity 
was less than one part in 10°. This failure of the similarity theorem for similar 
discharge systems indicates immediately that the breakdown mechanism in 
impure helium involved a process, whether of ion generation or loss which was 
not dependent on X/p. When the impurity was removed, however, the theorem 
was satisfied and this showed that the process involved was also removed with 
the impurity. This result can be interpreted by consideration of the fundamental 
collisional phenomena which occur in high-frequency breakdown (Llewellyn 
Jones and Morgan 1951). 

The impurities, which gave rise to processes not dependent on X/p, had the 
effect of increasing the rate of generation, or of reducing the rate of loss of ions 
and electrons, or had both effects. Suppose that the process affected by the 
impurities was one of electron loss, for example, volume recombination of 
positive ions and electrons. ‘This process would have acted, however, in addition 
to drift and diffusion, thus increasing the rate of loss. Consequently, to obtain 
breakdown the rate of generation would have had to be increased, thus requiring 
an increase in the breakdown potential. Figure 1 shows that this conclusion is 
contrary to the experimental observations, which showed that values of V, for 
impure helium, when the similarity theorem was not satisfied, were lower than 
those for pure helium, when the similarity theorem was satisfied. Thus the traces 
of impurities did not act by introducing a new process of ion loss. 

Suppose then that the impurities reduced the loss processes of drift and 
diffusion by, say, cluster formation, as is known to occur in argon, for example 
(Llewellyn Jones 1935). Data on monatomic gases not completely pure show that 
diffusion and drift were always functions of X/p (Townsend 1915, Huxley 1928). 
Hence, even if, in the present experiments, minute traces of impurities considerably 
reduced the rate of loss by diffusion and drift, these processes would still remain 
functions of X/p and would, therefore, still satisfy the similarity theorem. This 
conclusion is also contrary to the experimental facts which showed that the 
similarity theorem was not satisfied in impure helium. 

The fact that the increased generation in the presence of impurities was 
accompanied by the failure of the similarity relationship showed that the additional 
process was not the ionization of molecules of the impurity in single collisions 
with electrons, because such a process while increasing the ionization would 
nevertheless still be a function of X/p and would not, therefore, account for the 
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observed failure of the similarity theorem. Calculation of the ratio of the number 
of molecules of, say, hydrogen impurity ionized to the number of helium atoms 
excited to the metastable state is not possible because the mean electron energies 
and their distribution function for values of X/p exceeding about 20 v/em/mm Hg 
are not known in helium. However, assuming for simplicity a mean energy of 
10 ev, a Maxwellian distribution, and a fractional pressure of hydrogen impurity 
of 10°, this ratio is of the order of 10~*, and is negligible. 

Suppose, therefore, that the impurities acted by increasing the rate of 
ionization by some new process of generation not a function of X/p, the new 
process occurring only when minute traces of impurity were present, while the 
loss processes remained largely unaffected. This would lead to a reduction in 
V, for impure helium compared with the value for pure helium, and would also 
give values of V, not satisfying the similarity theorem, because the process 
introduced was not a function of X/p. These considerations are in accordance 
with the experimental observations. A possible ionization process is the ionization 
of molecules of impurity in collisions of the second kind with metastable atoms 
of helium: the process can be operative when small traces of impurities, of 
hydrogen for example, are present. This reaction may be expressed by 


ema Pee ees ye. eee ee (4) 


where He,,,, represents the metastable atom of helium (V,,.4=19-77 and/or 
20-4ev) and H, the normal hydrogen molecule (V;!}=15-6ev) provided that 
Vinee > V1, a condition which is satisfied for helium and hydrogen, and any of 
the other gases which may have been adsorbed on the electrodes and glass 
envelopes. Owing to the long exposure of the electrodes to hydrogen, and the 
prolonged heat treatment both in hydrogen and im vacuo, it was likely that the 
gas present as an impurity in very small quantities was hydrogen. 

Strong support for a reaction of this kind has been obtained by Penning 
(1931), who showed that in neon containing less than 0-002°% of argon the 
breakdown potential was reduced by at least a factor of 4. Kruithof and his 
collaborators (Massey and Burhop 1952) have considered the effectiveness of 


the reaction 
Newer AmNe+ATHe;  *  .. Aika es (5) 


and concluded that the chance of this reaction occurring was of the order of 
unity per collision. Reaction (5) is, however, one of exact resonance, but the 
energy difference in (4) is quite large and its efficiency correspondingly lower. 
However, if allowance is made for the dissociation of H, (dissociation 
energy ~4:5ev) the total excitation energy can be transferred in a collision. 
In this case atomic ions are formed. 

These results show that the similarity theorem may now be used as a tool 
to investigate the relative importance of various collisional phenomena in 
discharges, in particular, the group of important processes which are not functions 
of the parameter X/p. 
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ABSTRACT. Previously the linearized equation of motion of particles in the deflector 
were solved exactly; now the effect of non-linear terms, proportional to d?H/dr?, is 
evaluated approximately. The results indicate the tolerances,on the field shape and the 
desirable radial position of the deflector. 


SNE RO DUC ALON 


ucK and Teng (1950) proposed to extract the beam from a synchro- 
cyclotron by modifying the normal magnetic field in such a way as to build up 
the amplitude of radial oscillation until protons can escape from the magnet. 
Le Couteur (1951) studied the behaviour of the deflector analytically and deter- - 
mined operating conditions which should provide adequate radial deflection 
without leading to vertical instability of the beam. For mathematical reasons 
this work assumed a linear variation of H with radius over the region of deflection, 
but within this assumption the analysis was exact. This condition is not realized 
precisely in practice, and the purpose of the present paper is to examine the effect 
of a non-linear radial variation of H upon the performance of the deflector. 

Non-linearity introduces terms, proportional to d?H/dr?, which couple the 
radial and vertical motions of the beam. In normal synchro-cyclotron operation 
the effects of coupling vanish when averaged over a few revolutions because the 
radial and vertical oscillations are uncorrelated: an exception occurs at the radius 
n=(-2 where the frequencies of the two come into resonance; then the beam 
usually hits the dee because of the transfer of energy from radial to vertical motion 
(Heinrich, Sewell and Vale 1949). The peeler—regenerator directs the particle 
into a radial motion of fixed phase and increasing amplitude and in so doing 
necessarily influences the vertical motion; there results some correlation between 
the two motions which allows the effect of their mutual coupling to build up from 
turntoturn. Ifthe correlation and the coupling coefficient d?H/dr* are sufficiently 
large a vertical blow up may occur; the effect is similar to that usually associated 
with »=0-2 but, because of the correlation, in the deflector it may occur at an 
earlier radius. 

Since these difficulties do not arise if d?H/dr® vanishes they can obviously be 
avoided by placing the deflector well inside the synchro-cyclotron magnet so that 
the variation of dH/dr over the region of deflection is negligible; the requirements 
are evaluated quantitatively in §4. This solution has the disadvantage that 
deflection must start several inches inside the n = 0-2 radius, so that particle acceler- 
ation cannot continue to the full energy of which the machine would otherwise be 
capable. 'T’o extract the greatest possible energy the deflector must be placed 
close to the edge of the synchro-cyclotron, and then the rapid fall off of the magnetic 
field supplies part of the required peeler effect. ‘The analysis of §5 suggests that 
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stability against vertical blow up can be maintained by proper disposition of the 


regenerator. 
§2. EQUATIONS OF MOTION 

In the previous paper on the regenerative deflector (Le Couteur 1951, to be 
referred to as I)* the linearized particle equations of motion were solved exactly. 
This procedure is valid if d?H/dr* is sufficiently small, where H is the vertical 
component of magnetic field strength. 

If this condition is not satisfied equations (1) of I should be replaced by the 
second-order equations of motion : 


1 dp POH Ne Lee TL eon are roH\ , 

det (1455 )e- snare +5 (3+H5)e id Way 
1 @ oH. 2A 
Ore OE OEE 5 eae eae (15) 


Pde Hor* Har?” 
where v~d6/dt is the synchronous frequency and all coefficients are to be evaluated 
on the synchronous orbit r=7,. These equations may be derived from the 
relativistic Hamiltonian (see Appendix). 
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typical synchro-cyclotron. entry to peeler and regenerator respectively. 


It is required to follow the particles in angle rather thanin time. The approxi- 
mation d@/dt =v is insufficient for the second-order equations and must be replaced 
by (7, +p) d0/dt =r, v which gives, to the first order, 

d? d= wdpod 
ees alee ee ee 
nee (1 —2p/r,) eee Brana eae ese (2) 


Substitution in (1) yields the equations of motion 


d’p OLN «ted 20°71, 1 /dp\? 1 r 0H 
Sh + (14 Hoe) em args et ot)+ + (2) -5(\- ae) pat 
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* Erratum. 'The bottom right-hand element of th tri i i 
eb), (CO) oe ee ia 0 ent of the matrices P and Q in equations (A1), (B1), 
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and on the right-hand side the terms proportional to d?H/dr? are usually the most 
important. 

In actual synchro-cyclotrons d?H/dr* is negligible near the centre of the magnet 
but not at the edge, where the field strength falls off suddenly as shown in fig. 1. 
The radius at which d?H/dr? increases suddenly from a small to a large value is 
denoted by R. 

Deflection of the particles starts at a radius 7, and leads to radial oscillations 
about z,, which build up to an amplitude of 3 or 4 inches. We are therefore con- 
cerned with the particle equations of motion over the region 7, + 3 in. of the magnet. 
In this paper eqns. {1) will be studied in the two important limiting cases (a) 
r,<R so that in the region, +3 in. of deflection d?H/dr? may be treated as constant 
and small; (6) r,;~R so that one may assume d?H/dr? is constant for positive 
values of p and negligible for negative values. ‘The main problem is the effect of 
the coupling terms upon the stability of the vertical motion when the radial 
oscillation is large. 


§3. THE SOLUTION WHEN @H/dr?=0 
The radial displacement at angle @ has the form (I, eqn. (13)) 


peke sin (b+ OO A os (4) 
at the mth passage through gap d, and 
yp ma SIN (+O) . 2 
Dae iid a sin(@—Qd+Q6)  —s_....... (5) 


at the mth passage through gap f. ‘This is illustrated in fig. 2 (a) by a phase 
diagram. In such diagrams the peeler and regenerator contribute impulses 


dp apie = dp d\n 
(F) — (5) =Sp and (5) — ( het d Wey oes 2a (6) 
to the radial motion, therefore the phase ¢ in f is given by 
Gham Cot (ee Cd yt ie Ns aes (7) 


The displacement p vanishes at the points in gap f where 6=d+(7—@)/Q and 
6=d+(27—¢)/. 

The amplitude of vertical oscillation fluctuates about a constant value; the 
motion is shown in fig. 2 (6) for several values of the varying phase of entry into 
the peeler. 


$4. THE SOLUTION WHEN @H/dr? IS SMALL AND CONSTANT 
(CASE (a)) 


In the gaps between peeler and regenerator, eqn. (35) has an energy integral 
dz\2|° Fi OtH POZO il a az 2 (° dp (dz\? 
210s 2 2 aed = SERRE, pay SS — = BSUS (pn 2S 
loth le E yer (5) {k é é ar * A =) ix Tea! 4 do (5) at 


where w?=n= —(r/H)(0H/dr) and h is the amplitude of vertical oscillation. 

In normal synchro-cyclotron operation there is no net transfer of energy 
from the radial to the vertical oscillation because when a few revolutions are 
considered the right-hand side of (8) averages to zero; there is, however, a 
well-known exception if the frequencies © and w of radial and vertical oscillation 
-satisfy the resonance condition {2=2w, which occurs at n=0-2. 
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In the regenerative deflector the radial motion has the well-defined phase 
shown in fig. 2 and although the phase of the vertical oscillation is not fixed the 
peeler and regenerator produce some coherence of the vertical motion so that at 
any given angular position the average value of z dz/d@ is not zero. The first 
integral on the right-hand side of (8) therefore grows with each orbital revolution. 

With the above assumption (a ) the integrals in (8) may be calculated for the 
unperturbed motion described in §3, and the second integral averages to zero. 

Let h denote the average amplitude of vertical oscillation. Then for the 
numerical values used in fig. 2 the first integral (8) over gaps d and f fluctuates 
according to the phase between —1:5 wh®ke™* and —0-7 wh®ke™* for the 
mth revolution; the average value —1-1 wh?ke”“ is made up of contributions 
—0-45 wh®ke™ from gap d and —0-65 wh?ke™ from gap f. 

If the radial variation of the peeler field is non-linear there is a further 
contribution 


qe eae 
Pp Hor? ay AH or pa} do my do out, dw 
dS S$ dz dz 
iS a & ¥: *) [p= { G ih a] ews. vie aa ™ 


to the right-hand side of (8) and a similar contribution 


(a+ RL G)a* ed dee am 


from the regenerator. In the above example (9) fluctuates between 1-4 and —0-9 
times wh?ke™*(dS/dr + S/r) with an average value of 0-45 wh?ke”(dS/dr + S/r) 
and (10) fluctuates between 0-6 and —0-9 times wh?ke”4(dT/dr+T/r), with 
average value approximately zero. 

The average increase in amplitude of vertical oscillation from the first to the 
final revolution is thus j 


h 120° 2c0 Fk dina 
Dies m 
PA =| - 22 (Boe + aa) + +045 (7 =) fot am 


- 5 [22(#+ 7) 4 +045 (4 *) oe aioe (11) 


where pr is the maximum radial displacement at the last revolution, that is, the 
radial distance from 7, to the magnetic channel. Both terms in the bracket of 
eqn. (11) are necessarily positive. 

The amplitude increase (11) is mainly determined by the magnitude of the 
coupling coefficients on the right-hand side of (3) and by the extent of the 
radial displacement; the factor 1/A represents the number of revolutions a 
particle makes in the deflector before extraction, and the factor 1/w represents 
the effect of the first-order vertical focusing forces in restraining the increase of 
amplitude. 

For satisfactory operation of the deflector the increase of h must be limited 
and a reasonable restriction is he? —hy?<4h?, which requires 


On n 0s 
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but as the derivatives are difficult to measure this is more conveniently 
expressed as* 


2-2An+0-45AS + (22% +0-45 *) tah meee (12) 


in which An and AS are the increases of n and S over the displacement p; from r, 
to the magnetic channel. To limit the fluctuating peeler and regenerator 
contributions (9) and (10) additional restrictions 


[AT |=|47/dr|pp<}w and |AS|=|dS/dr|pp<}o ...... (13) 
should be imposed. 

The additional terms on the right-hand side of (3a) produce a negligible 
displacement of the centre of the radial oscillations. 

In:a typical case one has w =}, A =0-4, so (12) requires An<0-02. Reference 
to fig. 1 shows that in a typical case this restriction can be satisfied if the magnetic 
channel is placed at radius R and deflection starts at radius r,=R—3in., for n 
increases little between these radii. ‘The disadvantage of this arrangement is that 
the energy of the extracted beam corresponds to radius R —3 in., so that the further 


acceleration which might be achieved by using the last few inches of the synchro- 
cyclotron is sacrificed. 


§5. THE SOLUTION WHEN 7,=R (CASE (8)) 

Figure 2 shows that the regions where p is positive and d?H/dr* large occur 
near the peeler and regenerator. ‘The effect on the vertical motion of the terms on 
the right-hand side of (3 b) may be represented by impulses 

eer i f Oo eco 7207) bie OL. 

lie Me haere oe Sb el rem AO” 
localized at peeler and regenerator respectively. These are equivalent to replacing 
the peeler and regenerator strengths S and T by 

Cea pasty OD OFT re=0 /y OH 2 0H 
eee fi (es x ay Pt puss aad (ee eee pap Toe 5, ) eal 
which are effective strengths for the vertical motion. ‘The integrals are taken 
between the points at which p becomes positive and the point 6=3d midway 
between peeler and regenerator. ‘The numerical values used in fig. 2 lead to 


e=0 
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Hor’ Hor 
where An, is the increase of n between r, and the radius 7, +k e”“ which is reached at 
the mth revolution. If7r, is close to R, at the final revolution An may be as great as 
4-2. Such a large change in the effective peeler and regenerator strengths would 
probably carry the values S,, 7\, outside the region of vertical stability in fig. 4 of I 
or at least to regions where the amplitude of vertical oscillation is very large. It 
may, however, be possible to avoid vertical instability by choosing a weak peeler 
S and strong regenerator 7, and by curving the regenerator field so that T increases 
outwards. Such an arrangement could keep the effective strengths S,, 7\, within 
the requirements of stability. 


T,=T+0-92ke™ (x ) ~ T—0-92 An, 


* Strictly, the coefficients 2:2 and 0:45 refer only to the example shown in fig. 2. 
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The effect on the radial motion of the large terms on the right-hand side of 
(3 a)can similarly be represented by impulses 


I xtarsouhL Ss 
2) Hae 
if x? is neglected in comparison with p. These are equivalent to replacing S and T 
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which are effective strengths for the radial motion. The numerical values of 
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and this change would slightly decrease the radial gain. 

As an example, suppose that 2 increases from 0-06 to 0-26 over 3 in. outwards 
from r,, and that peeler—regenerator strengths S=0-2, T=0-7, are chosen. As 
the increasing radial oscillation carries the particles into the fringing field of the 
magnet, (14) shows that the vertical motion gradually becomes characterized by 
effective strengths S=0-4, T=0-5, and the radial motion by effective strengths 
S=0:3,T=0-6. Ifthe peeler—regenerator angle is d= 60°, fig. 4 (5) of I shows that 
these variations leave the radial gain almost unchanged at e=1-5 and that 
vertical focusing is maintained. In the final stages of deflection most of the peeler 
action is provided by the fall off of the normal magnetic field. ‘The energy of the 
extracted beam should be that achieved at radius 7,x~R, which might be 5° more 
than that achieved by the arrangement of § 4. 


§6. CONCLUSIONS 


In arrangement (a) deflection starts at a smaller radius than in (5): the former is 
less critical and should yield a higher beam intensity, but perhaps 5 °% less particle 
energy thanthe latter. ‘The necessary restrictions on the curvature of the magnetic 
fields are given by eqns. (12), (13), (14), (15), and are discussed at the ends of § 4 and 
§5. Since the curvature increases rapidly towards the edge of the magnet, these 
conditions in effect determine the desirable radial position of the deflector. 
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APPENDIX 
THE SECOND-ORDER EQUATIONS OF MOTION 

As in §2 of I, the magnetic field is represented by the vector potential 4 and, 
following Corben and Stehle (1950), eqn. (104.8), the relativistic Hamiltonian for 
the motion of the particle is 

H=clmec +p2+p2+(pelr—eAlc?yet=me -..... (AD) 

where m is the apparent mass and the generalized angular momentum 
po =m’ d/dt+erA/c is a constant of the motion. It is convenient to write 


P= betes tAle Ss ahi ale alee (A2) 
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for the tangential momentum mr d0/dt, so that 
He =Clmie 4p pt PAR eas (A 3) 
obviously represents the kinetic energy of the particle. Then 
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must vanish on the synchronous orbit, which is thus determined for a particle 
of momentum P as 


e=Opjand.. Pel ric delat =eH mica). anal: (A 6) 
where H,=—Aj/r—dAjer and H,=¢cAjoz _—_....... (A7) 


are the magnetic field strengths (following Corben-Stehle, left-hand axes are used). 

For small oscillations about this orbit one must evaluate the derivatives 
(A4), (A5) at points displaced by p and z from the synchronous orbit. ‘These 
may be expressed in terms of higher derivatives, which are evaluated on the 
synchronous orbit ; many terms vanish because of the symmetry about x =0. Thus 
(to the second order) 


— ee ey Oe ener Cole (A8) 
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The derivatives are easily calculated from (A 2) and expressed in terms of H, 
and of the synchronous frequency v. Then the canonical equations of motion 


mee _ dp, * OH J dp dp, OM (A 10) 
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reduce to (1a) and (14); for example, 
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Alternatively, one can work from the Lorentz equations of motion, and the 
derivatives of H, and H, appear to represent the variation of the Lorentz force 
as the particle is displaced from the synchronous orbit. ‘The second-order terms 
in the radial Lorentz force involve the first-order change in azimuthal velocity 
and eqn. (1a) results if this is determined from the integral of motion 
py=constant. If instead d6/dt is expressed in terms of dp/dt and dz/dt by means 
of the energy equation, the second-order equations of motion become much more 
complicated (Hamilton and Lipkin 1951, Appendix V). 
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The small terms in (1a) may be checked by considering the special case — 
of constant H,. Equation (1a) is satisfied by r=(a?+/?+2al cos vt)", | 
p=r—a+4l/a which represents motion on a circle of radius a with centre 
displaced to a distance / from the origin. 
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ABSTRACT. From measurements of the intensity distribution in the recombination 
spectrum, the relative densities of the electrons and their velocity distribution in the positive 
column of a caesium discharge are determined in the presence of a longitudinal magnetic 
field. In radio-frequency discharges, the magnetic field is found to increase the electron 
temperature, contrary to expectation. In d.c. discharges, the effect of the field is found to 
depend on the direction of the current; this effect is ascribed to gradients in the gas pressure 
set up by the discharge current. 


$f. INTRODUCTION 

HE experiments described in this paper consist of spectrographic 

determinations of the distribution of intensity in the recombination 

radiation emitted by the positive column of a discharge in caesium vapour. 
Discharges were investigated under various conditions, particularly in the 
presence of a longitudinal magnetic field. ‘The intensity distribution in the 
6P recombination continuum of caesium has been related to the distribution of 
electron velocities in the discharge (Mohler and Boeckner 1929, Boeckner 1931, 
Mohler 1936, 1938a): if J(v) denotes the intensity of the 6P recombination 
radiation of frequency v, then 

j(ey=const. Niic\lWeve (Utena eee (1) 
where N,(c) dc is the number of electrons per unit volume with speeds in the 
range (c, c+dc), N, is the density of positive ions and v¢p is the frequency of the 
6P series limit. Spectrographic determinations of J(v) consequently enabled 
the distribution N,(c) to be calculated in each case. 
In the positive column of a gas discharge in which there are no negative ions 

we may assume that N,=N,, where N, is the electron density; if in addition 
we have a Maxwellian distribution of electron velocities, eqn. (1) becomes 


J =constNae dg Exp (yk T Perr ee. (2) 
where 7; is the electron temperature. ‘This yields 
Infpd(v)}}=—hyj/ RT, +comst. knee (3) 


A linear relationship between experimental values of log {vJ(v)} and frequency v 
thus indicates the existence of a Maxwellian distribution of electron velocities, 
and the value of 7, is readily calculable from the spectrographic measurements. 
In all the experiments described here it was found that there was a Maxwellian 
distribution of electron velocities, within the experimental error. In this case 
there is a simple relationship which enables one to compare the electron densities 
at the corresponding points of two discharges: if subscripts a and 6 are used to 
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denote the parameters of two discharges, eqn. (2) for the two cases gives 


Nyal Nay =F al) J or) }2°( Tr a/ Tr)? exp [Av Tia *— Try )/2R]. +++ (4)4 
Rewriting (4), we may also derive 
g [log {J ,(v)/J,(v)}] = — 2-084 x 10747, ,7-Tyy 7). ++++ + (5) 


This relationship allows an accurate determination of the change produced in | 
the value of the electron temperature by a particular variation in the discharge 
conditions (see § 2). | 

It has been suggested (Jancke 1936, Finkelnburg 1938, 1948) that a jj 
hypothetical process, ‘preferential recombination’, also gives rise to continuous |) 
radiation on the short-wavelength side of the series limit in atomic spectra. 
This process was suggested in order to explain a correlation observed between | 
the intensities of the continuum and of the higher series lines lying to the 
long-wavelength side of the series limit; since such a correlation has been 
satisfactorily explained (Giovanelli 1948) in terms of processes other than 
‘ preferential recombination’, the latter may safely be neglected. Boeckner (1931) | 
and Mohler (1936, 1937) have found additional experimental and theoretical 
evidence in favour of the interpretation of the continuum as recombination 
radiation. 


S22. APPARA DUS 
The discharge tubes used were of Pyrex glass (fig. 1); the positive column 
section was 10 cm long and 5 mm in internal diameter. Each of the two electrodes 
was constructed of thin nickel sheet, and was capable of thermionic emission of 
up to 25a; the tube was operated both with d.c., with either electrode acting 
as cathode, and with radio-frequency excitation. ‘The sealed-off discharge tube 


Ll 


ondensed 
Caesium 
Fig. 1. Caesium discharge tube. 


was heated in an oven during the experiments, in order to obtain the required 
value of the vapour pressure; the liquid caesium condensed in the appendix 
tube, where its temperature was measured and the corresponding vapour pressure 
calculated from a formula given by Ditchburn and Gilmour (1941). Spectro- 
graphic examination of the radiation from the discharges indicated that the only 
impurities present were traces of other alkali metals. 

The longitudinal magnetic field was provided by a horizontal single-layer 
solenoid of 27 turns, its length being 23 cm; currents of up to 1000 could be 
passed continuously through the solenoid, giving a magnetic field along the 
positive column of calculated intensity 1580 gauss. The positive column was 
aligned centrally, with its axis coincident with that of the solenoid. 

An image of the central portion of the positive column was focused on the 
spectrograph slit by means of an achromatic condensing lens, whose aperture 
was such that the collimating lens of the spectrograph was completely filled 
with light. On each photographic plate exposed there were up to 15 caesium — 
spectra, as well as spectra of a standard lamp and of density marks; the exposure 
time was 10 minutes in each case. The spectrum of the standard lamp, whose 
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colour temperature was known, was photographed under optical conditions 
identical with those used in photographing the caesium spectra. In the course 
of the experiments two standard lamps were used, providing a check on the 
calibration of each. Five density marks were obtained on each plate by exposing 
the spectrograph slit to the radiation reflected from a diffusing surface coated 
with magnesium oxide for different widths of the slit. 

Photometry was carried out manually on a Zeiss microphotometer, over the 
wavelength region 4985-41704 of each spectrum. ‘The projected height of the 
photometer slit, which was set parallel to the image of the spectrograph slit, was 
such that the radiation taken into account in the photometry of the caesium 
spectra was emitted by a central ‘slice’ of the discharge tube of thickness 0-4 mm. 
Characteristic curves were constructed from the density marks, for each wavelength 
investigated. Intensities at different wavelengths were related by means of the 
intensity distribution in the standard lamp spectrum, which was taken to be that 
of a black body at the colour temperature. In fig. 2 is shown the intensity 
distribution in the 6P recombination continuum of caesium, for particular 
discharge conditions; for convenience in calculating 7 from eqn. (3), log {vJ(v)} 
is plotted as a function of v. 

In curve (a) of fig. 2 there is a distinct non-linearity in the relationship between 
log {vJ(v)} and frequency v. ‘The relationship became more nearly linear for 
larger values of the caesium vapour pressure; this fact, coupled with the shape 
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of the curve in relation to the frequency of an intense principal series doublet 
(4593, 45554) of the caesium arc spectrum, suggested that the non-linearity 
was due to light scattered from this doublet. This interpretation was confirmed 
by experiments in which the radiation from the discharge was passed Saonen a 
Pyrex glass absorption cell containing caesium vapour at a pressure of 10°* mm Hg, 
and situated between the discharge tube and the condensing lens; the vapour 
in this cell absorbed the radiation of the principal series doublet. Curve ( b), fig. 2 
shows the relationship between log {v-J(v)} and v for the same discharge conditions 


as for curve (a), but with the absorption cell in position. It follows that the 
c-2 
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non-linearity in (a) is caused by light scattered from the intense blue doublet, 
and that there is a Maxwellian distribution of electron velocities in the discharge, 
within the experimental error. The absorption cell was discarded in subsequent 
experiments, as it was found that the cell windows became rapidly discoloured 
under the action of the caesium vapour; the discoloration of the glass wall of the 
positive column was much less rapid. In the determination of the value of 7; 
with no absorption cell, values of J(v) in the neighbourhood of the blue doublet 
were discarded. 

The slight progressive discoloration of the glass wall of the positive column 
gave rise to errors in the spectrographic determinations of 7,; the absorption 
in the tube wall was such that falsely low values of 7, were obtained. After an 
initial set of experiments, changes produced in the value of 7, by a variation 
in the discharge conditions were determined more accurately using eqn. (5). If 
the parameters of the discharge in the two cases to be compared are denoted by 
subscripts a and b, we have only to determine the ratio J,(v)/J,(v) at a number 
of values of the frequency in order to obtain 7,,-!— 7,, +; this procedure does 
not involve the spectrum of the standard lamp, and is also independent of any 
discoloration in the walls of the positive column, provided that this may be 
assumed to have remained constant during the exposure of the two spectra. 
The absolute value of one of 7;,, 7, was taken as the mean of a number of 
determinations using eqn. (3). 

Relative values of the electron density in two discharges were determined 
using eqn. (4). As a consequence of the optical arrangement and the method of 
photometry used, it could be assumed that the values of electron density concerned 
were those at the axis of the positive column. 


§3. EXPERIMENTAL RESULTS 

The effect of a longitudinal magnetic field was investigated for both d.c. and 
radio-frequency discharges. In both cases, as the intensity of the magnetic field 
was increased the glow surrounding each of the electrodes was ‘compressed’ 
towards the electrode, but no visible effect was produced in the positive column. 
The spectrographic determinations of the distribution of intensity in the 
recombination continuum showed that there was a Maxwellian distribution 
of electron speeds in all discharges investigated, within the experimental error. 
An initial survey was carried out over the available range of discharge pressure, 
with the radio-frequency discharge current maintained at 0-98a r.m.s.;_ the 
results are shown in fig. 3, for two consecutive plates of exposures. In this case 
the electron temperature was evaluated using eqn. (3); curves are drawn through 
the values of 7, for zero field, and for a longitudinal magnetic field of intensity 
950 + 40 gauss, the value used throughout the survey. An additional experiment 
with radio-frequency excitation was carried out on tube No. 3, with a mean 
current density of 54 cm™ at a frequency of 6:65 Mc/s. At a pressure of 
0-078 mm Hg the value of 7, was increased 175 + 100°K by a magnetic field of 
intensity H = 1450 gauss, from its initial value of 4000°K for H=0. This increase 
was determined with the use of eqn. (5). In all the experiments in which the 
discharge was excited by radio-frequency energy, the application of a longitudinal 
magnetic field produced no measurable change in the axial value of the electron 
density N,. It is estimated that a change in the value of N, of 5% or more 
would have been detected. 
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} The remaining experimental results for the effect of a longitudinal magnetic 
field all concern discharges carrying a direct current, in tubes Nos. 2 and 3; the 


results are summarized in table 1. 


Table 1. Characteristics of the d.c. Discharge 


(1) (2) (3) (4) (5) (6) (7) 
0-0285 ays 5-0 5450 1100 +450 + 200 0:82+0-10 
4* 5-0 5450 1500 =9 75200 0:77+0-10 
0-0485 1 5-0 4600 650 qos 10) 0-76+ 0-04 
1 5-0 4600 1150 +800+ 150 0:62+ 0-04 
1 5-0 4600 1450 + 1050+ 150 0:57+ 0-03 
1 5-0F 4700 600 —100+ 150 128: 0:07) 
1 5-0F 4700 1150 — 300+ 150 1-74+ 0:09 
1 SOF; 4700 1450 —300+ 150 1:88+0:10 
0-0785 4 PIES) 3750 1400 = LOO st /5 0:99+ 0-05. 
1 5:0 4200 650 + 150+ 100 0:86+ 0-05 
2 5-0 4200 1050 -+-300 + 100 0-87+ 0-05. 
2 5-0 4200 1400 +400 + 100 084+ 0-05 
As 5-0 4650 1450 + 200+ 150 0-85+0-10 
i+ 5-0 4650 1450 SoD Uata200 0:84+ 0-10 
4 5-OF 4200 400 = (aban Oe) 1:00+ 0-05 
1 5-OT 4200 650 0+ 100 1-:07+ 0-06 
2 5-O+ 4200 1450 0+ 100 122 250-07 
‘| 5-0; 4200 1450 —50+ 100 1:30+40-07 
Ord t 1 5-0 3625 1450 q- Sie WS 0:91+0-05 
1 5-OF 3625 1450 ep doae 7S 1-13+ 0-06 


(1) Pressure (mm Hg); (2) No. of determinations; (3) Mean current density (A/cm?) ; 
(4) Mean value of T, for H=0 (°K); (5) Mean value of AH (gauss); (6) Change in value 
of T, ( K); (7) Axial electron concentration, relative to that with H=0. 


* Caesium vapour absorption cell used in the spectrography. 
+ Electrode nearer appendix tube (cf. fig. 1) operated as anode; in all other cases, this. 
electrode was operated as the cathode of the discharge. 


With zero longitudinal magnetic field, a comparison was made between 
values of JT, and of N, for two d.c. discharges, in one of which the direction of 
flow of the discharge current was reversed while other discharge conditions 
remained identical. Similar data were also obtained for a comparison of d.c. 
and radio-frequency discharges. ‘These results are given in table 2: in each 
case the discharge current was 0-984 (r.m.s. in the case of radio-frequency 
excitation), corresponding to a mean current density of 5a/cm?. Changes in 
the value of T, which are given in tables 1 and 2 were determined by the method 
of eqn. (5). 

Estimates of the probable errors in the experimental values of Ny) and of 
changes in 7; are included in tables 1 and 2. As the vapour pressure increased 
the estimated error became smaller in the case of changes in the value of 7), 
because of the reduced effect of light scattered from the blue doublet on the 
intensity distribution in the recombination continuum. ‘The presence of the 
absorption cell gave rise to greater errors, due to the progressive discoloration of 
the windows of the cell. 
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Measurements were also made of the change produced in the value of the 
total potential drop across the discharge tube, when it was subjected to a 
longitudinal magnetic field. In all cases the change in potential difference across 
the tube was less than 3°, for a value of the field H=1500 gauss. In general 
the potential difference was increased by a magnetic field of this value, but the 
increase was not always a monotonic function of H. 


Table 2. Comparison of d.c. and high-frequency Discharges in the Absence — 
of Magnetic Fields | 


Pressure F Derived value Rel. value of 
(mm Hg) sb hep of 7G) axial electron conc. 
0:0485 dic; 4600* 1:00 
d.c.f 4700+ 150 0-81+ 0-04 
4:00 Mc/s 4625+ 150 0:96+ 0:05 
6°65 Mc/s 4525+ 150 0:97+ 0-05 
0-0785 @lie. 4200* 1:00 
dees 4200+ 100 0:90+ 0-05 
6:65 Mc/s 4000 + 100 1:07+ 0-06 
Ont dace 3625* 1-00 
Gees; 3625+ 75 0:95+ 0-05 
6:65 Mc/s 3500+ 75 1:08 + 0-06 


* Reference value, derived by means of eqn. (3). 
t Electrode nearer appendix tube (cf. fig. 1) operated as anode; in all other d.c. 
discharges above, this electrode was operated as the anode of the discharge. 


§4. DISCUSSION 

From the spectroscopic investigations of the recombination radiation the 
effect of a longitudinal magnetic field on values of T, and N, was found to depend 
upon the method of excitation of the caesium discharge: it differed for the two 
cases of radio-frequency and d.c. discharges, and in the latter case depended 
upon the direction of flow of the direct current relative to the appendix tube 
containing the liquid caesium. When the electrode nearer the appendix tube 
was operated as the cathode of a d.c. discharge, the value of 7, increased and 
that of Nj) decreased with increasing intensity of the magnetic field; when this 
electrode was operated as anode, the reverse was the case. The effect was most 
marked at a pressure of 0-0485 mm Hg, as can be seen from the results of table 1. 
The effect of the magnetic field was less pronounced at a lower value of the 
discharge current. 

From inyestigations of d.c. discharges with no magnetic field present 
(table 2), the values of T, and N, in the positive column were found to depend 
upon the direction of flow of the discharge current in this case also. Experiments 
on rare gases (Ruttenauer 1922) have shown that the flow of a discharge current 
sets up a pressure gradient along the positive column; these results have been 
interpreted by the theory of Langmuir (1923). Since it was found here that, 
for a given value of the caesium discharge current, the value of 7, decreased and 
that of Nj, increased with increasing pressure, we may attribute the results of 
table 2 for d.c. discharges to the production of a similar pressure gradient in 
the caesium discharge. ‘The calculated values of the gradient were of the same 
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order as those observed by Riittenauer, with the pressure greater at the anode 
in each case. It should be remarked that a pressure gradient could be set up in 
the caesium vapour, because the main body of the discharge tube was kept at a 
temperature greater than that of the appendix tube. 

The spectroscopic results for d.c. discharges in a magnetic field (table 1) 
are then consistent with this hypothesis: the longitudinal magnetic field, in 
conjunction with the flow of discharge current, produces a pressure gradient 
along the positive column directed so that the pressure is greater at the cathode, 
i.e. in opposition to the gradient existing with no magnetic field present. It 
would be of interest to carry out physical measurements of the pressure in search 
of such a gradient, and also to attempt an interpretation in terms of Langmuir’s 
theory. 

When radio-frequency discharges were subjected to a longitudinal magnetic 
field the value of Nj) was unchanged over the whole range of discharge pressure 
while the value of 7, was increased (fig. 3). A determination by the more 
accurate method of eqn. (5) showed the value of 7, to be increased by 
approximately 5°% by a field of 1450 gauss, at a pressure of 0-078 mm Hg. 

According to the theory of Tonks (1939) the electron temperature TJ, is 
decreased by the presence of a longitudinal magnetic field. ‘This decrease is 
ascribed to the decreased rate of diffusion of the electrons towards the wall of the 
positive column. If we use the expression due to ‘Townsend (1912) for the 
coefficient of diffusion of electrons normal to a magnetic field of intensity H: 


DTV DO ance) ath See eee (6) 


where D(0) is the diffusion coefficient in the absence of a magnetic field, w is the 
_ gyrofrequency and 7 the mean free time of flight of the electrons between 
collisions, then approximate calculations show that the value of 7, should 
- theoretically be decreased by 10°% by a magnetic field of intensity only 200 gauss, 
at a pressure of 0-049mmHg. In these calculations, use was made of 
| experimental data for similar discharges in caesium obtained by Mohler (1938 b). 
Comparing with this the results described here for radio-frequency discharges, 
_ there is wide disagreement. The latter results were chosen for comparison in 
preference to those for d.c. discharges, because of the possibility of effects due 
to pressure gradients in d.c. discharges in a longitudinal magnetic field. 

Townsend (1938) has shown that the expression (6) is confirmed 
experimentally for electrons diffusing through a neutral gas, for which case it 
was originally derived. ‘There thus appears to be a fundamental difference 
from the Townsend case in the diffusive motion of electrons normal to a 
magnetic field, when they are accompanied by an equal density of positive ions 
which have equal drift velocity normal to the magnetic field. 

In conclusion, the results of table 2 for zero intensity of the magnetic field 
enable a comparison to be made between d.c. discharges carrying a given 
current, and radio-frequency discharges at the same pressure and carrying the 
same r.m.s. current. Neglecting effects due to the presence of a slight pressure 
gradient in the positive column of the d.c. discharges, no significant differences 
were found in the values of 7, and N, in the two cases. Comparisons between 
discharges of these two types have been made previously by Beck (1935), who 
used a modified Langmuir probe technique to measure the electron temperature 
in both d.c. and radio-frequency discharges (frequency 100 Mc/s). In the 
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positive column of a discharge in mercury vapour, Beck found the value of 7, 
to be substantially the same for d.c. and radio-frequency discharges of low 
current density over a wide range of pressure. The results reported here are in 
agreement with these findings, and thus lend support to Beck’s method of 
determining electron temperatures in radio-frequency discharges. 
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ABSTRACT. The limits of phase and energy within which electrons can be stably 
accelerated in a microtron are calculated for a number of voltages by two different methods. 
The effect of small changes in the magnetic field are considered and the energy and phase of 
electrons after the first transit are given for different resonator gaps and voltages. Finally, 
the design of resonator and the operating conditions likely to give maximum output from this. 
type of machine are discussed. 


§1. INTRODUCTION 

HE conventional cyclotron fails to accelerate electrons to high energies 

because the relativistic increase of mass causes a departure from 

synchronism between the orbit period and the period of the radio-frequency 
supply. Veksler (1945) pointed out that when the peak voltage across the 
accelerating gap has certain discrete values, corresponding generally to integral 
multiples of the electron rest mass, then a resonant acceleration which is in 
some ways analogous to that occurring in the cyclotron can take place without 
the complication of frequency modulation or varying magnetic fields. 

The microtron, or electron cyclotron, is the practical form of such an 
accelerator, and the first machine was built in Ottawa (Redhead et al. 1950). 
A similar machine has recently been completed here. It consists essentially of a 
resonant cavity situated in a uniform magnetic field. ‘The cavity is energized by 
a pulsed magnetron on a wavelength of about 10cm, and in this way it is possible 
to obtain a very high electric field across the lips of the cavity. The electrons, 
obtained by field emission from the lips of the cavity and accelerated each time 
they pass through the cavity, describe orbits of increasing radius which all have 
a common tangent through the resonator, as shown in fig. 1. Apart from the first 
orbit, the condition necessary for resonant acceleration is that the increase in 
energy obtained by an electron each time it crosses the gap of the resonator shall 
be such as to make the electron take a whole number of periods longer for each 
successive orbit. Many different modes are possible, but this paper is only 
concerned with the mode in which the electron gains energy corresponding to 
one rest mass per transit through the resonator, which has a peak voltage slightly 
above 0°5 mv across its lips, and the magnetic field is so adjusted that the time 
for each successive orbit increases by one period of the radio-frequency field. 
Redhead, LeCaine and Henderson (1950) discuss the range of phase angles for 
which it is possible to obtain stable acceleration, but it is thought that the 
criterion used in their calculation is incorrect. This is borne out by the fact 
that stable acceleration was found in practice to be possible over much wider 
limits than those they predicted. 

The question of phase stability is of importance, particularly as the source 
of electrons is the field emission from the lips of the resonant cavity. ‘This source 
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although very convenient, has the disadvantage that many of the electrons are 
emitted with the wrong phase and/or energy for stable acceleration, and 
Redhead et al. found in their machine that only about 1% of the current in the 
first orbit reached the second and later orbits. As the maximum number of 
electrons is emitted when the voltage across the gap is near its peak, it is 
important to design the resonant cavity so that these electrons will have suitable 
energy and phase for stable acceleration. 


. GG 


Fig. 1. Resonator and electron orbits. 


The range of phase angles for stable acceleration has also been considered by 
Itoh and Kobayashi (1950), and the results they obtain are in substantial 
agreement with those obtained here. The permissible variation in energy for 
stable acceleration was not discussed, however, nor the way in which best use 
could be made of electrons obtained by field emission. In their paper they 
suggested injécting high-energy electrons into the resonant cavity, but in 
practice this would be difficult to do in this type of machine. 


§2. LIMITS OF PHASE STABILITY 
In the following calculations it is assumed that the electric field between the 
lips of the resonator is everywhere parallel to the common tangent to the orbits 
and varies sinusoidally with time. It can then be shown that for transits other 
than the first the energy « gained by an electron in crossing the gap is given by 


g sin -(%—«%,)/2 Ne Stems « 
cneV,| ee |e S (a+ %)/2 avers) 


where the voltage across the gap is represented by V = Vy cos «, e is the electronic 
charge and «,, %) are the phase angles at which particle enters and leaves the gap. 

‘The expression in the square brackets varies very slowly for values of «—o 
between 30° and 40° and can be taken as constant. (All calculations are for 
%»_—%, =37° except in §4). It is convenient to use the mean phase angle in the 
calculations and to write (1) in the form 


e=eV’ cos x Baarsigt 3) 


a ee : 
where y= Vo] sh? | and %=(a,-+a)/2. 
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In the particular mode used, at each transit the electron should cross the gap 
of the cavity after the peak and at a mean phase angle « such that its increase in 
energy « is equal to eVz, the rest energy of the electron. If the magnetic field is 
then in correct adjustment, these increments in energy make the time for each 
successive orbit increase by one period of the radio-frequency field. An 
electron which behaves exactly in this way will be referred to as the ‘resonant’ 
electron. The object of the following calculations is to determine how far an 
electron can deviate from these ideal conditions without falling out of 
synchronism, and it is convenient to make the calculations relative to the 
‘resonant’ electron. 

Suppose that an electron leaves the resonator after the nth transit at a phase 
angle «,, with an energy error of Ae, relative to the resonant electron. As an 
increase in energy of €Vgz makes an electron take an extra period of the 
radio-frequency field to complete an orbit and, as the time to complete an orbit 
is directly proportional to the total energy of the electron, the electron considered 
will cross the gap at a phase angle «,,,,; given by 


On41 =a, + J7Ae,/eVz. Seeeno) 
‘The energy error as it leaves the resonator after the (m+ 1)th transit will be given by 
dena =Ae,teVa| 7 cos Zant J. BAceat (4) 
Ve 
Equations (3) and (4) may be combined to give the equation 
Inga Digi Eq = 20 | F008 Sgt J Mees) 
R 


This equation is similar to the equation expressing the phase oscillations of the 
synchrotron. In the case of the microtron, however, the transition to the 
corresponding differential equation is not allowable, since changes in ~,, from orbit 
to orbit are not in general small enough to warrant replacing the left-hand side 
by its corresponding differential coefficient. Consequently the equation was 
solved numerically. 

The interesting result of such calculations was the fact that, provided the 
initial values of Ae,, and ~,, lay within certain limits, the points representing values 
of Ae, and «, after subsequent transits were found to lie on a closed curve, as 
shown in fig. 2 (outer curve) for example. 

This curve is the limiting case for Vy =570 kv, for if any point outside this 
curve is chosen for the initial values of Ae, and «,, it is found that points 
representing subsequent transits do not lie on a closed curve and that the electron 
soon becomes unstable. If, on the other hand, any initial point is chosen inside 
the limiting curve, points representing subsequent transits are found to lie on a 
smaller version of the limiting curve as shown. ‘The region inside the limiting 
curve therefore represents phase stable conditions. 

A similar set of curves for V,=530kv are shown in fig. 3, including the 
transits of an electron which eventually becomes unstable. At transit No. 9 the 
phase angle is such that the electron crosses the resonator when V" cos (—«) is 
approximately equal to Vg. Since the electron still has a negative energy error 
after this transit, the next time it crosses the gap of the resonator earlier in the 
cycle, when V’ cos(—%)<Vx, so that its energy error becomes increasingly 
negative and it drops out of synchronism. 
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In fig. 4 are plotted the limiting curves for a number of values of V>. It is 
shown in the Appendix that resonant acceleration is only possible for values of 
V,, between 520 and 614 kv, and it can be seen that the curves decrease in area as. 
they approach these limits. 
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When drawing these curves it is difficult to lay down an exact criterion for 
instability. In many cases it is found that, starting with a point just outside a 
limiting curve, the subsequent points, whilst not quite lying on a closed curve, 
still appear to represent stable conditions. Also, at 550 kv, although it is possible 
to find a succession of points which show no sign of becoming unstable, they do 
not lie on a closed curve at all. The curves in fig. 4 probably give a conservative 
estimate of the phase stable regions, because the limiting curve was taken as the 
one for which a smooth closed curve could be drawn through all the points. 

The way in which the electron corresponding to the outer curve of fig. 3 
becomes unstable suggests a different approach in which an exact criterion of 
instability can be given. In fig. 5 (V’ cos «—Vgx) is shown plotted against « 
and it can be seen that if electrons cross the gap of the resonator at a phase — a 
(where V’ cos (—a,)=V x) with negative energy errors as they leave the gap, then 
they will rapidly drop out of synchronism. Thus electrons represented by. 
points along the line AB are certainly unstable. These electrons are represented 
for the previous transit bythe line AC. This line, which is thus known to represent 
unstable electrons, is used as the starting point in this second method of 
calculation. It is convenient to adjust the scales so that the line AC is at 45°, 


x again being the mean transit angle and Ae the energy error as the electron leaves. 


the resonant cavity. 
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Starting from this line, values of Ae and « for the previous transit can quickly 
be found graphically and are shown as curve 1 in fig. 6. Any electrons represented 
by points in the region to the right of this curve would, after their next transit, 
be represented by points below the starting line, showing that this region 
corresponds to unstable conditions. On successively drawing further curves 
corresponding to earlier transits the unstable region increases quite quickly to a 
limit, the area remaining inside corresponding to stable conditions. If the 
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Fig. 4. Phase stable regions. A 530 kv, 
B 540 kv, C 560 kv, D 570 kv, E 590 kv. 


curves are examined closely it will be seen that thin streaks representing stable 
conditions are found in the unstable regions, but these are not important to the 
general picture. In figs. 6 to 8 three examples are given. For 530 and 570 kv the 
two methods are seen to be in quite good agreement, the region obtained by the first 
method being indicated by the dashed line. ‘The second method could probably 
be brought into better agreement with the first if a larger number of curves were 
drawn, but only the important ones for a comparatively small number of transits 
have been included for the sake of clarity. 

For 550 kv the stable region obtained by the second method has an extremely 
awkward shape and quite large regions appear to be isolated by streaks of 
instability. ‘This probably accounts for the fact that a closed curve for 550 kv 
was not obtained by the first method. ‘The succession of apparently stable points 
obtained by the first method, however, do lie in the stable regions of fig. 7. 

By either of the two methods employed a fairly accurate estimate of the 
stable region is thus obtained. ‘The results are in general agreement with the 
limits of phase for stable acceleration given by Itoh and Kobayashi, who, 
unfortunately, do not include details of their method of calculation. 
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It must be remembered that in machines of this type where the number of 
transits are small, many electrons outside the stable regions will still be fully 
accelerated as they will not make sufficient transits to reach the point where they 
would drop out of synchronism. 
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Fig. 8. Phase stable region for Vj=570 kv obtained by the second method. ‘The broken line 
indicates the region obtained by the first method. 
§3. EFFECTS OF VARIATIONS OF THE MAGNETIC FIELD 
Before considering the first transit, the effect of small variations in the magnetic 
field will be considered. As the magnetic field cannot change appreciably during 
the short time taken to accelerate an electron, it is sufficient to calculate the 
effect of a small change in field from one steady state to another. 
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The time for an electron to complete an orbit is given by T=27U/Hec? 
where U is the total energy of electron, an integral multiple of eV, for the mode 
considered above and H is the strength of magnetic field. 

The value of H for the resonant electron, which takes a whole number of 
periods to complete an orbit, is denoted by Hy. If H changes from Hz to Hy + AA, 
for an electron to cross the gap at the correct phase, its total energy must become 
an integral multiple of e(Vg+AV) such that Vp/Hp=(V_p+AV)/(H_,+Ad). 
If the previous calculations were now repeated, relative to a ‘new’ resonant 
electron with a rest energy of eV,(1+AH/H x), and which gains that amount of 
energy per transit, the set of phase stable regions obtained would have the same 
shape as previously, but the region for a voltage V would be that labelled for a 
voltage V Hz/(H,+AH), and the errors in energy would be in units of 1 +AH/Hz 
rest masses (relative to the new resonant electron). 


S4. CHE PIRSD TRANS LE 
As the maximum number of electrons are emitted when the voltage across 
the gap is at its peak it is desirable that these should fall inside a stable region. 
The energy and phase of such electrons have been calculated in 5° steps for 
voltages between 530 and 590kv on gap lengths between 0°75 and lcm. The 
results are shown in fig. 9. 
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Fig. 9. Phase % and energy error of electrons, emitted at the peak cavity voltage, 
after their first transit. 


Here the phase has been expressed relative to the mid-point of later transits, 
so that the points can be compared directly with the boundary curves. On doing 
so, it is seen that in general the points lie outside the corresponding stable regions. 
The situation can be improved however by making small changes in the magnetic 
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field. If the field is changed from Hz to Hg+AdH, an electron after the first 
transit should have a total energy of 2eVp(1+AH/Hg), so that a previous 
energy deficiency of Ae rest masses now becomes Ac + 2AH/Hg rest masses, or 
(Ac + 2AH/Hy)[Hp/(Hp+4H)] in units of 1+AH/Hg rest masses. It is the 
expression in round brackets which is of importance, and the chief effect of 
small variations of the magnetic field is to move the first transit points parallel 
ot the energy error axis. 

One operating point which has good possibilities is found for a field 2° below 
normal when electrons accelerated by a peak voltage of 560 kv on a 0°87 cm gap 
lie well inside the phase stable region for 560/(1—0°02) kv, i.e. 570 kv. Also 
many electrons emitted before the peak, with smaller values of — Ae and z, will 
be stably accelerated under these conditions, so that the fraction of electrons 
going on from the first orbit should be high. The shunt resistance of such a 
small gap will, however, be rather low, requiring a more powerful radio-frequency 
source than would otherwise be necessary. 


§5. CONCLUSION 

The conditions for which a large beam current should be obtained from a 
microtron have been discussed, and it has been shown that small variations in 
the strength of the magnetic field about its resonant value can assist in achieving 
these conditions. 

The chief simplification made in the calculation is the assumption of a parallel 
electric field between the lips of the resonant cavity. In practice the shape of 
this field will depend on many factors, including the actual profile chosen for the 
lips. The stable regions can therefore only be used as a general guide in the 
design of the resonant cavity. 
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AP PEN DIX 
THE VOLTAGE RANGE FOR WHICH A PHASE STABLE REGION EXISTS 
We have, from eqn. (5), 
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Expanding « as a function of n, 
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Now consider oscillations about %p, where % is given by cos a =Vep/V’. 
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If x —% is denoted by 0, eqn. (5) can be written 
Gai ird? V' = ae eo 
2] 5s Sierra =2:| 7 c0s 8 c0s 5g = sin sin 7y—1 | 
=27[cos @—tan % sin @—1]. 
For small oscillations for which sin @ may be replaced by 0, and cos 0~1, we 
have 


Lod 4b 'd*0 — 
2| a etaget ea = —276 tan a. 


To solve this equation put @=A sin Kn, giving 


2 4! 
i.e. —2+2 cos K= —27 tan %. Hence the limits within which small oscillations 
are possible are given by 27 tan a =O and 4. 
Therefore %» lies between 0 and 32:5° and V’’ between 511 to 606 kv. When 
the transit angle is in the neighbourhood of 37°, V) the actual voltage across the 
cavity lies between 520 and 614 kv peak. 
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ABSTRACT. A method of measuring changes of minority carrier concentration in a 
semiconductor is discussed. The method is applied to the investigation of injection in 
specimens of p-type lead sulphide which show transistor action. There is evidence of 
electron injection at both ‘ point’ metal contacts and contacts of area up to 10-4 cm’. In 
the latter case an additional effect is observed which is interpreted as the reverse of injection, 
i.e. electron extraction. 


§1. METHOD OF INVESTIGATION OF CARRIER INJECTION 

HE occurrence of carrier injection in transistor materials was originally 

inferred from measurements of probe potentials (Bardeen and Brattain 

1948). ‘The interpretation of results obtained by such methods may be 
complicated by changes of ‘floating potential’, in the sense used by Bardeen 
(1950), which accompany changes in minority carrier concentration. The 
following alternative method of investigation is believed to overcome this 
difficulty and give relative values of injected carrier density. 

A schematic diagram of electron energies for a contact in equilibrium 
between a metal and an n-type semiconductor is shown, for the purpose of 
defining symbols, in fig. 1. For a given contact, in the absence of nearby 
injection, the application of a fixed reverse. voltage in the saturation range will 
give rise to a certain ‘collector’ current J,. Two possible contributions to this 
current must be considered, corresponding to a flow of electrons or holes in the 
semiconductor. ‘The current of electrons flowing into the conduction band at a 
fixed voltage and temperature will depend only on W, (fig. 1) and the contact 
area. On the other hand, the hole current flowing into the metal is expected 
to be independent of W,, but limited by the contact area and by the hole 
replacement mechanism in the surrounding semiconductor. Differences in the 
value of J, when the contact is moved from place to place may be attributed to 
changes of electron current due to variations in W,, or of hole current due to 
variations in the replacement process, assuming the contact areas to be equal. 

In the presence of a nearby emitting electrode a certain number of the injected 
holes, as determined by lifetime, diffusion and drift conditions, will reach the 
contact under discussion. A change in open circuit floating potential will ensue, 
corresponding to a change in W,, but W, is not expected to change, and will be 
taken as constant. Hence the electron current for reverse bias will be insensitive 
to the presence of these added holes. There will, however, be a change in hole 
current AJ, directly proportional to the added hole concentration near the 
contact. AJ, should be independent of J,, and a direct measure of the injected 
carrier concentration, provided that electric fields in the semiconductor are 
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small. It should therefore be possible to move the probe from place to place and, 
in spite of variations in /,, to regard the value of AJ, resulting from a change of 
minority carrier concentration, as proportional to this change. 

It should be noted that AJ, is the current increment for constant voltage 
across the barrier, and that gross changes in potential in the semiconductor on 
the application of emitter current must be compensated. Errors due to changes 
in floating potential, however, should now be negligible. 

The choice of reverse voltage is governed by the requirements that it should 
be large enough to bias the contact into the saturation region, and small enough 
for drift velocities due to the field within the semiconductor to be small compared 
with diffusion velocities. The argument given here would not apply in the presence 
of current multiplication which is non-linear, nor, if it is desired to move the 
probe contact, in the presence of current multiplication which varies from 
contact to contact. 


Metal Semiconductor Large Area 
End Contacts 
Fig. 1. Schematic diagram of electron Fig. 2. Schematic diagram of arrange- 
energies at collector barrier, showing ment for sweeping current experi- 
notation used in text. ments. 


§2. EXPERIMENTAL METHOD 

The above theory has been applied to the investigation of injection in p-type 
lead sulphide. In this material there is no evidence of variable current gain in a 
collector barrier. It was found possible to produce, by cleaving or by grinding, 
some single crystal ‘filaments’ of sizes of the order of 0-1 cm x 0-01 cm x 0-01 cm 
when starting from suitable crystals. ‘These specimens were not of the highest 
purity (estimated carrier concentration at room temperature approaching 
10!7/cm?), but injection phenomena could be obtained and studied in them. 
Attempts to obtain end electrodes of area greater than the cross section of the 
filament, as used by Shockley, Pearson and Haynes (1949), did not succeed. 

The procedure adopted was as follows: (a) the point contact E (fig. 2) was 
applied to the filament, (b) the point C was applied at a known distance from E, 
and the floating potential v of C was measured for a fixed value of sweeping 
current /,, but with no current through E£, (c) a voltage v + V, where V was a small 
fixed positive voltage (e.g. +2 volts), was applied to C and /, was measured, 
(d) a known forward current J, was passed through contact FE, (e) the new floating 
potential v’ of the point C was measured, (f) a voltage v’ + V was applied to C, 
and the collector current [,’=/,+ AJ, was measured. 

These measurements were repeated for various (positive and negative) values 
of J,. The point C was then moved to a new position, re-applied with care at a 
fixed pressure, and the operations were repeated. Measurements were also 
made in the absence of the emitter contact E, the point C being placed near one 
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of the end contacts of the filament. In this case (a) with J,=0 the voltage V was 
applied to C and the current J, was measured, (6) a known sweeping current J, 
was passed and the floating potential v of the point C was measured, (c) a voltage 
”+V was applied to C, and the current J,’=J,+AJ, was measured. ‘These 
latter measurements were repeated for various values of J,, and for various 
distances of C from the end contact. 


§3. EXPERIMENTAL RESULTS 

The results plotted in fig. 3 represent current increments AJ, which result 
from the passage of forward current through the neighbouring point contact E, 
plotted as a function of point separation. The curves show that the concentration 
of injected carriers decays rapidly with increasing distance from the emitter, and 
that the average drift distance is a function of the total sweeping current. Since 
I, is comparable with J,, the carriers are moving in a non-uniform field, and so 
calculations of lifetime from a mobility determined by Hall effect cannot be 
made. The polarity of the effect confirms that the injected carriers are electrons. 
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Fig. 3. Change in collector current Fig. 4. Change in collector current 
(V.=2V) on applying forward (Ve=2v) for varying sweeping 
current (0°5 ma) through emitter currents J; in filament, as function 
point at distance x for various of distance « from end contact. 
sweeping currents J, in the fila- 
ment. 


In fig. 4 the current increments A/, for various sweeping currents J, are 
plotted as a function of distance from the end contact. For positive values 
of I,, the curves correspond reasonably well to a simple exponential decay of 
injected carrier concentration of the type n=, exp (—x/L). A plot of log AJ, 
against x gives a set of parallel straight lines, the value of L being 1-1 x 10-3 cm. 
‘The fact that L is independent of J, and so independent of the electric field in the 
crystal was found to be in agreement with predictions from potential measure- 
ments. ‘The field in this region, for the largest current, was less than 10 v/cm, 
giving a potential change of less than 0-01 volt in a distance L of the order of 
ix10-°cm; this is appreciably less than RT/e(=0-025 volts). Hence the 
diffusion process dominates the flow. ‘Taking from Hall effect measurements a 
value of 100 cm? vt sec“! for the mobility in this specimen, and calculating the 
diffusion constant D from the Einstein relationship, the expression L_=(Dr)"% 
gives a value of order 5 x 1077 sec for the lifetime 7 of injected electrons. 
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It will also be seen that negative values of AJ, are obtained when the direction 
of the sweeping current J, is reversed. It is the direction of this current which 
determines whether the end contact in question is biased in the forward or 
reverse direction. The positive increments of J, show that electron injection 
takes place for forward bias voltages, whereas the negative changes of collector 
current must now be interpreted as a consequence of electron extraction, i.e. the 
removal by the end eiectrode from the semiconductor of free electrons which 
exist there by virtue of the thermal equilibrium between the full and the 
conduction bands. ‘The apparently unsystematic variation of the negative 
values of AJ, may be due to the breakdown of the assumption that the local 
replacement rate for minority carriers is constant. A similar extraction effect 
has been observed in germanium. 

The results of these experiments show that in these specimens of lead sulphide 
carrier injection occurs in the forward current from both ‘ point’ and small area 
metal contacts, and there is also evidence of the opposite process, extraction, in 
the reverse current at the larger contacts. 
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ABSTRACT. The recent establishment of a set of standard lines for precision work in 
B-ray spectroscopy is reviewed. In this work use was made of a semicircular spectrometer 
adjusted for high resolution, the proton resonance method for measuring the magnetic 
field and a large double focusing spectrometer. In this way absolute measurements of the 
lines were made, as well as a number of different relative measurements. The general 
consistency is very satisfactory, indicating a precision of the standard lines of 1 or 2 parts 
in 10%. So far the following lines have been measured : the F, I, L and x lines of Th(B, C’”), 
the 411 kev line of **Au, the annihilation radiation, the 2:75 Mev line of ?4Na, the 662 kev 
line of ’Cs. In the present paper the measurements of the "Cs are described. The line 
has been studied as a conversion line and as a photo line emanating from a uranium converter. 
The combined results of the two spectrometers yield the following value of the energy of 
the ®’Cs line: £,=—661:65+0:15 kev. The Hp value of the conversion line is 
3381:28+ 0:50 gauss cm. 


URING the last two years, f6-spectrometric methods of measuring the 
energies of y-lines have been greatly improved, so that it is now possible 
to obtain energy values to within 1 or 2 parts in 10% So far the 

following set of standard lines has been measured: the F- and I-lines of ThB, 
the L- and x-lines of ThC”, the annihilation radiation, and the !°8Au y-line. 
The absolute energy measurements of the ‘Th lines were performed by 
Lindstrom (1951a,b) using a semicircular spectrometer with a homogeneous 
field and the proton resonance absorption method for measuring the magnetic 
field. The resulting energy values were then based either on the very accurate 
value of the proton magnetic moment given by Thomas, Driscoll and Hipple 
(1950), or on known x-ray data. ‘The mutual consistencies among the energy 
values thus obtained were very satisfactory. In particular cases in which there 
is no limit either to the total or to the specific activity of the radioactive source, 
this method seems to be the easiest to use, because of its simplicity and also 
because of the fact that the field can be measured in absolute units with great 
accuracy. Some difficulties are encountered when the magnetic resonance 
method is applied to measure the low fields connected with low energy lines. 
When the total and specific activity is limited, or when a converter is being 
used for producing photo lines, extended sources have to be used which require 
large dispersion and thus, for convenience, double focusing. With a double 
focusing spectrometer having p=50cm, source areas of about 30 mm‘° can still 
be employed even when the resolution is set to be as good as about 1: 10%. 
When this technique was applied to the measurement of the annihilation 
radiation (and other y-lines) a mutual check was possible between the two 
methods, discussed above (Hedgran and Lind 1952). Thus it was found 
that complete agreement between the two different sets of measurements on the 
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same line could be obtained only if the energy of the annihilation line was put 
exactly equal to m c°, which can be calculated very accurately from known 
combinations of elementary constants. 

It seems very desirable to extend the above established set of precise standard 
lines to others, covering a larger energy region. In particular the °7Cs y-line 
at 0-66Mev is extremely suitable. 1’Cs being a fission product, it can be 
prepared with very high total and specific activity. It has a long half life (37 years) 
and the 0-66 transition (being of the M4 type) is highly converted (x, =0-095). 
Since the main continuous f-spectrum (95%) has an upper limit of only 
0-51 Mey the strong conversion line falls outside this spectrum. 

A precise measurement of the energy of the 1°’Cs y-line has been made 
before by Langer and Moffat (1950). They compared the '’Cs conversion 
line with that of #%Au. The relative half-widths of the lines were about 
0-5—-0-7%. Their final value, E,=0-6614 Mev, was based on the crystal value 
of the 1°*Au radiation as determined by DuMond e¢ al. (1948, 1949). In 
establishing the new set of standard lines described above it was found, however, 
that the crystal value was 1:10% too low, making a correction of about this 
magnitude necessary in Langer and Moffat’s value for the 1°’Cs line. 

In the present investigation we have used the double focusing spectrometer 
as well as the homogeneous field spectrometer with the proton resonance equipment 
for measuring the magnetic field. In order to eliminate a number of possible 
sources of systematic error, several more or less independent ways of comparing 
the energy of the 1°’Cs y-line with reference energies have been used. It will be 
shown below that these measurements are all consistent to a very high degree 
with each other, so that the final energy value obtained as a result of the combined 
measurements can be given with some confidence. 

The measurements with the double focusing spectrometer will be discussed 
first. Using a thin evaporated uranium converter (size 4mm x 15mm, 
thickness 0-7 mg/cm?) in a standard position, the *’Cs K photo line was compared 
to the K photo line of the annihilation radiation expelled from the same 
converter. With the resolution used in these experiments the Doppler broadening 
of the annihilation line is quite pronounced. This effect has been investigated in 
the spectrometer before and is described in a paper by Lind and Hedgran (1952). 
In order to get a precise energy comparison between the photo lines of different 
widths the folding procedure described in their paper was used. In calculating the 
energy of the Cs line the energy of the annihilation radiation was assumed to be 
exactly equal to m,c*. The theoretical reason for this is quite strong and has 
furthermore been substantiated by the measurements mentioned earlier in this 
paper. According to the recent least squares adjustment of the atomic constants 
by DuMond and Cohen (1951) mc? =510-969 + 0-010 kev. 

Using the same uranium converter the K photo line of ’Cs was also 
compared to the K photo line of the 510-85 kev y-radiation of the ThC” (the 
‘L’ line in Ellis’ notation). The K conversion line of this transition has been 
measured absolutely by Lindstrom, and the energy ratio between the 510-85 kev 
line and the annihilation radiation (as K photo lines from uranium) has been 
measured by Hedgran and Lind. Lindstrém’s absolute measurements gave 
as a result E,=510-85+0-08kev. Taking the energy of the annihilation 
radiation as mc? =510-969, the relative measurements by Hedgran and Lind 
result in E,=510-83+0-14kev. The relative measurement in the present 
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investigation between the 17Cs photo line and the ThC” 510 kev photo line 
will then give us an energy value of the !8’Cs line which should agree with the 
value obtained from the first independent relative measurements described above 
of the same line with respect to the annihilation radiation, i.e. the energies of the 
three lines form a closed cycle, which is very valuable as a check of the internal 
consistencies. 

The energy comparisons between the uranium photo lines have been 
performed by fitting the high energy slopes of the lines to each other in order to 
eliminate possible straggling effects in the converter. At the electron energies 
concerned here, however, and for the uranium converter used, it can be calculated 
that the probability even for single electron scattering inside the converter is 
fairly small. Experimentally it was found that the line-shapes of, for example, the 
510 kev ThC” photo line agreed quite well with that of the 1°’Cs photo line. 
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Fig. 1. An energy comparison between the ’Cs conversion line (circles) 
and the ThC” 510 kev line (full curve). 


The last series of energy measurements were performed by comparing the 
internal conversion line of the !°’Cs line with the ‘L’ internal conversion line 
in the ThC” spectrum. ‘The Hp value of the latter line is 2607-17 + 0-30, 
according to Lindstrém’s absolute Hp measurements. 

The converter effects are eliminated in this case. One other uncertainty is 
simultaneously introduced however: the non-uniformity of the electron- 
emitting '°’Cs surface may limit the exact definition of the source position. 
Because of the field form and the large dispersion of the instrument a shift of 
0:2 mm means an error of only 1: 104 in the Hp value. 

In order to get a uniform distribution of the Cs activity the insulin method 
of Langer (1949) was used. ‘The activity was deposited on an aluminium foil 
with thickness 0-2mg/cm’, on an area of 4x18mm?. One may suspect a 
certain concentration of the activity at the edges of the rectangular area. A slit 
2mm x 13mm placed on the aluminium foil masked off the dangerous regions. 
The same slit was used for the active Th source, which is very uniform, being 
prepared in an activation vessel using a RdTh sample. 
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Figure 1 shows one energy comparison between the !°7Cs conversion line 
(circles) and the ThC” 510 kev line (full curve). The abscissae are fitted so that 
the high energy slopes coincide. In this run the relative line-width was set to 
be 1-6x 10°. At this resolution the finite thickness of the Cs source shows up 
as a small broadening at the low energy side of the line. A very close fit can, 
however, be made on the high energy sides. Four independent runs were made 
on the conversion line comparison. 

Before presenting the results of the above energy measurements on the 
7Cs y-radiation by means of the double focusing spectrometer, a possible 
source of systematic error should be discussed. ‘The magnetic field is always 
measured at one fixed point and it is assumed that the average field along the 
electron paths between different field settings varies in exactly the same way 
as does the field at the fixed point. Since the field is shaped by means of iron one 
cannot expect that this assumption is justified to an arbitrarily high degree of 
accuracy. ‘There are in fact strong indications that this effect sets an ultimate 
limit to the highest precision which can be attained with this type of instrument.* 

If a close doublet is examined, for example the Ux, photo line of the 
annihilation radiation and the U;,, photo line of }%*Au (411 kev radiation), the 
above effect needs no consideration. In the present investigation, however, 
the 1°’Cs line has been compared with other lines, differing by approximately 
30°, in Hp. In order to check the linearity of the instrument over large Hp 
intervals an extensive series of relative measurements was made on the F, I and L 
conversion lines in the spectrum ThB+C”. The results were compared with 
those obtained by Lindstrom when he studied the same lines using the proton 
resonance method and the semicircular spectrometer. It was found that 
individual relative measurements between two lines showed small jumps which 
were outside the limits which could be accounted for by statistics and the 
measuring procedure alone. The mean ratios of I/F and L/I agreed, however, 
within about +1 in 104 with those found by Lindstrom (1951). Later measure- 
ments in the region of very high energies (~2-5 Mev) seem to indicate a definite 
non-linearity of the instrument (Hedgran and Lind 1952). The effect 1s, 
however, just too small to be considered in the present investigation, which 
claims an accuracy within 2 in 104. 

In table 1 we give the final results of the measurements made with the double 
focusing spectrometer. 


Table 1 
Hp of Cs- Sh ies Binding 
Reference Ca tne line (cause Pace energy BE, 
line (cm) By (kev) 


(Th-L) (27Cs K-conv.) 3381:75+0-70 624:33+0:20 37-44 661277 0°20 
(EhC’U,) (#77Cs Ux) 3083 -86+ 1:0 Date ova West) iiayesys) (Xo eae (WesK0) 
(ete-Uxg) (737Cs Ux) 30352270) Sete) altos (AGO) AMIS VEY) CeXoytbore/ Se (OESK0) 


The binding energies are calculated from the corresponding Ly, edges by 
using the constants given by DuMond and Cohen (1951), and the x-ray data 
given in Cauchois and Hulubei’s tables (1947). 


* An iron-free double focusing spectrometer is not limited in precision by this effect. Such an 
instrument is now under construction. : 

+ The fact that the binding energies obtained from x-ray absorption data do not correspond 
to the actual work of liberating an electron from the source does not cause any further uncertainty 
in the energy value at the y energy concerned here, and with the limits of error given here. 
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As mentioned earlier in this paper we have also determined the Hp-value of 
the #37Cs K-conversion line in absolute units by using the small semicircular 
B-spectrograph and the proton resonance probe. 

The difficulty in this case is to prepare a thin source with high activity and 
small dimensions. The source used consists of activated wires with a diameter 
ranging from 25 to 35. Two Geiger—Miiller tubes in coincidence were used 
as detectors in this case. The distance between the Geiger—Miiller slit and the 
source (2p) was of the order of 95 mm. 

The sources were prepared by alternately placing the wires in a PtCl, solution 
and in a concentrated KCl solution. The purpose of this is to deposit non-soluble 
K,PtCl, on the wire. This procedure was repeated four or five times. The 
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Fig. 2. An experimental curve taken with the semicircular B-spectrograph, 
indicating how the Hp-value was measured. 


wire was then activated by placing a small part (about 3 mm) of it in the active 
Cs solution for about 24 hours. ‘There will then be an exchange between 


K+ and Cs? ions. 
The individual results are tabulated in table 2. 


Table 2 
Run 1 2 5 4 
Hp (gauss cm*) 3381:17 3380-34 3380-98 3380-76 | 
Source A B (eS © | 


Mean value 3380°81+ 0:70. E=661:54+ 0-20 kev. 
A Pt wire, with diameter 25, B tungsten wire, diameter 36, C tungsten wire, diameter 26p. 
* The Hp values are calculated by using y,=(2-67523 + 0-00006) x 104 sec! gauss—}. 


Three different wires were prepared to check whether the activity was evenly 
distributed over the surface of the wire. The agreement between the values of 
table 2 indicates that this is the case. 

The field was measured along the path with a small proton sample, at the 
field corresponding to the high energy side of the line. This part of the line 
does not seem to be disturbed by the source thickness. 
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The p-values have been measured by a comparator. 2p then corresponds 
to the distance from the nearest slit edge to the nearest edge of the wire. 

The sources were rather weak, which means that the statistical deviation in 
the individual points were rather large, as may be seen in fig. 2. This is the 
reason why the estimated error was taken to be about +2 in 104 in spite of the 
fact that better agreement between the individual values was actually obtained. 


RESULTS 


The uncertainties in the different measurements described in this paper 
are of the same order of magnitude, and the consistency indicates that the 
following mean values will be correct within the given limits of error: 
Hp (?*"Cs K-conv. line) 3381-28+0-50 gausscm, £,(37Cs) 661-65 + 0-15 kev. 
These values are compared with other reference lines measured at this laboratory 
in table 3. 


Tables3 
Line Hp Ey Method Reference 
(gauss cm) (kev) 
Th-F 1388-56+0-15* 238-63 + 0:04 absolute Tindseom 
Th-1 1754-01+ 0-20 238-62 + 0:04 absolute (1951 a,b) 
The 2607:17+ 0-30 510-85+0-08 absolute 2 
198Au K-conv. 2222-4 +0-4 411-75+0-10 against ‘Th-L Lind and 
Hedgran (1952) 
| absolute, against Pie 
7Cs K-conv. 3381-28+0:5 661-654 0:15 Th-L, against : eae 
peeca ae investigation 
annihilation 
Th-x 9986-7 +1-57 2614:25+ 0-50 absolute Lindstr6m (1952) 
eNa U;, 10363:5 +4 SB se AG against Th-x Hedgran and Lind 
(1952) 


* These values have later been confirmed by Craig (1952). He gives 1388:5+0-3 and 
1753-9+ 0-4 respectively. ‘ 
+ This line has also been measured by Brown (1951). His value is 9988+ 2. 


The ratios between the different lines given in the table have also been 
measured. ‘he measurements prove that the consistency between the different 
values is well inside the given limits of error. 
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DE TTR R LO. CoE IOP ROR 


Distribution Coefficient of Indium in Germanium 
on Crystallization 


The distribution of indium impurity in a germanium ingot has been measured using 
the radioactive tracer technique. The germanium used was electrically n-type with a 
peak reverse voltage of 50-70 volts. The radioactive indium was prepared from metal 
of 99-9°%, purity, activated by neutron bombardment at the Atomic Energy Research 
Establishment, Harwell. 

The ingot was grown by the method of Teal and Little (1950) in an atmosphere of 
argon from a 14g germanium melt containing 2:3 x 10-* g radioactive indium. During 
growth the melt was stirred fairly vigorously by jets of argon directed at the surface, the 
direction of rotation being periodically reversed. The rate of growth was about 2°5 cm 
per hour. 

The resulting ingot was a single crystal approximately 4cm long and 0:8 cm average 
diameter. It was electrically p-type throughout. 

The ingot was sectioned at right angles to its length and the sections weighed and 
etched. The activity of each section was then measured with an end-window Geiger— 
Miller counter, using a standard lead castle. The counting rates (corrected for the area. 
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and thickness of each specimen) determine the relative values of indium concentration 
in the various sections; to determine their absolute magnitude one section was dissolved 
in aqua regia, made up to a standard volume, and the activity of the solution compared, 
using a liquid counter, with that of a standard solution containing a known concentration 
of the radioactive indium. 
The distribution of the concentration of impurity in the ingot should obey the relation 
(Pfann 1952 a) 
C/OpS RL = Bh See WS 2 eee (1 a) 


~k/(1—g)  (k<1), 


provided that mixing in the liquid phase is complete, and that diffusion in the solid phase 
is negligible; in this equation C and Co are respectively the impurity concentrations (in 
mass units) in the ingot and in the initial melt, ¢ is the fraction of the melt which has 
solidified, and k is the distribution coefficient, i.e. the ratio of impurity concentration in 
solid and liquid on either side of the growing interface under equilibrium conditions. The 
measured concentrations are shown plotted in the figure as a function of (1—g)-1; relation. 
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(1 b) is seen to be obeyed fairly well. The distribution coefficient k calculated from the 
slope of the graph, is (1:25+0-15)x10-°. This is in satisfactory agreement with an 
approximate value of 1 x 10-* quoted by Pfann (1952 b) from measurements made at the 
Bell Telephone Laboratories. 


Research Laboratory, J. J. Down. 
Associated Electrical Industries Ltd., R. L. Rouse. 


Aldermaston, Berkshire. 
15th October 1952. 


Prann, W. G., 1952 a, J. Metals, 4, 747; 1952 b, Ibid., 4, 861. 
Tea, G. K., and Litt Le, J. B., 1950, Phys. Rev., 78, 647. 


REVIEWS OF BOOKS 


Empfangsprobleme im Ultrahochfrequenzgebiet, by H. F. Marart. Pp. 264. 
(Munich: R. Oldenbourg, 1951.) DM 33. 


In this book the author assumes that the reader is familiar with classical receiver theory, 
as applied to wavelengths greater than some 50 cm, and gives his attention to the special 
problems which arise in the decimetre wave and microwave regions. From the author’s 
point of view a main characteristic of the long wave region (A>50 cm) is that the noise 
arising from external sources normally exceeds the noise generated inside the receiver itself. 
In the decimetre wave and centimetre wave ranges, however, noise generated internally in 
the stages preceding the intermediate-frequency amplifier is the decisive factor limiting 
receiver performance. Since the faintest usable signal is that which just exceeds the noise 
level, the book is largely concerned with the study of noise in the first amplifier and mixer or 
rectifier stages. 

In introductory chapters an outline is given of the nature and scope of the problems to be 
discussed, including a statement which defines the purpose of the work “‘ es ist stets das Ziel, 
vorauszuberechnen und dann zu bauen’’. But, although the appeal is perhaps chiefly 
to the high-frequency engineer, the physical problems are of great interest and the author’s 
coherent treatment of material at present scattered through an extensive literature is very 
attractive. Some hundred references are given to the chief sources, but the book is not a 
compendium built up from the literature. The author has worked for ten years in this field 
and the material presented is so integrated that the reader is conscious of a developing theme 
as the book proceeds. 

A general discussion on reception at ultra-high frequencies is followed by a statement of 
the methods adopted in sensitivity calculations which provides a key to the subsequent 
chapters on diode mixing, triode mixing and high-frequency amplification, all applied to 
decimetre waves. This is followed by a study of centimetre wave receiver problems 
including interesting chapters on crystal rectifiers, semiconductors and waveguides. A 
section on measurement problems concludes the work. 

The emphasis of the book as a whole is utilitarian. In each section the author makes his 
intention clear, giving an outline of the special conditions to be considered and of the method 
to be adopted in handling the problem before developing the appropriate equations, 
Possible simplifications are indicated in the text and the meaning of the various expressions 
is brought out by means of excellent graphs. These are invariably provided with numerical 
coordinate scales, so that the designer can answer his own questions from the graphs without 
the necessity for elaborate calculation. Worked examples are given of the use of these 
graphs, as well as of the equations, in elucidating the performance of various proposed 
circuits; in many cases these are followed by accounts of the author’s own measurements 
on the types of circuit considered. Except for the worked examples and descriptions of 
measurement, not much practical detail is presented. 

The book is not easy to read; the material presented is of a high standard and much of 
the argument is essentially mathematical. It is a valuable reference work for anyone 
interested in ultra-high-frequency measurements and communications. W. A. PROWSE. 
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Acoustics in Modern Building Practice, by F. INceRsLEV. Pp.x+290. (London: 
The Architectural Press, 1952.) 35s. 


Among the well-known laboratories for building acoustics, that at the Danish Academy of 
Technical Sciences, Copenhagen, though among the youngest, is not the least famous. 
The author of this book is its Director; he here expounds the science as practised in his 
Institute and, though much of the technique is standard in acoustic laboratories, is able to 
show new applications to building science, a science in which the Scandinavian countries 
show great originality and, indeed, seem to be ahead of most countries (as Mr. W. A. Allen 
points out in the foreword). 

In other respects the book is rather reminiscent of similar textbooks (some familiar Sabine 
diagrams and N.P.L. photographs will be spotted by the reader), and there is a tendency, 
which some physicists abhor, to group a few pieces of equipment in boxes to form a photo- 
graph without explaining what is inside ; but the photographs of special acoustical treatment 
of Danish interiors are well worth showing and not readily available elsewhere. 

The book is thoroughly up-to-date in its treatment of sound absorbent theory without 
being too mathematical, and always with consideration to practical application. Chapters 
on noise suppression are included. 

In short, the book is to be recommended to the practitioner in technical acoustics who 
wants an up-to-date survey of architectural acoustics. E: GIR: 


Text Book on Sound, by J. W. WINSTANLEY. Pp. xi+239. (London: 
Longmans Green, 1952.) 12s. 6d. 


The author is Physics Master at Manchester Grammar School and his book was written 
for the sixth form of schools and the first year at the University with the hope of making the 
senior pupil acquainted with this ‘ Cinderella of the Sciences ’, as he calls acoustics. 

The book follows the usual course, beginning with something about sound propagation 
and the simple mathematics of vibrating systems and leading up to the various types of the 
latter, except that, rather curiously, the compounding of S.H.M.’s is left to the end. Appli- 
cations are dealt with in two chapters under ‘ Acoustics of buildings’ and ‘ Analysis, recording 
and reproduction of sound’. ‘The book is quite up to date and the student’s interest 
sustained, though one wonders if he is not expected to be able to read fairly involved valve 
circuits at an early stage. But probably the modern schoolboy is more adept at this than in 
appreciating the fundamentals of physics. 

Very useful to both student and teacher are the questions culled from many examinations 
and preceded by worked examples. Some of these follow each chapter. E.G) Re 


Le Contraste de phase en optique et en microscopie, by MAURICE FRANGON. Pp. 108. 
(Paris : Editions de la Revue d’Optique Théorique et Instrumentale, 1950.) 
480 fr. 


This work is primarily an essay on the general mathematical background underlying 
procedures analogous to (and including) the phase contrast method of Zernike, supple- 
mented by a description of the author’s own phase contrast ‘ converters ’, which enable the 
method to be used with an ordinary micro-objective. It is not a textbook, nor a balanced 
survey of the subject, nor does it contain very much which is likely to be of service to the 
practical user of phase contrast microscopes, but it has an interest of its own which entitles 
it to a place in the optical literature. E. H. LINFOOT. 


Technical Optics, Vol. I], by L. C. Martin. Pp. 344. (London: Pitman, 
1950.) 40s. 


For many years Martin’s Applied Optics Vols. I and II have been standard text books 
of general optics up to degree standard, and have been the starting point of many who 
have studied the subject further. Most optical research workers keep copies on the shelf for 
occasional reference. A revised and enlarged edition is now published under this modified 
title; as previously, Volume IT is concerned with optical instruments, their underlying 
principles and methods of testing, whilst Volume I deals mainly with fundamental theory. 
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The first chapter is unchanged, whilst to the second has been added an account of 
modern eyepieces, periscopic and flexible optical systems and sighting telescopes. In 
Chapter III instructions for setting-up the microscope have been omitted, and a useful 
treatment of phase contrast included. The section on binocular instruments has been 
enlarged by an account of grid, lenticular grid and vectograph methods of stereoscopic 
projection and of modern theory of stereoscopic vision. The arrangement of the material 
of Chapter V (Photographic Lenses) has been improved and the section dealing with the 
correction of the off-axis image field aberrations enlarged. The treatment of the 
photometry of optical systems has been brought more up-to-date, and now includes a 
description of the Stiles-Crawford Effect and of the measurement of the light transmission 
of optical instruments using photoelectric devices. Chapter VII (The Testing of Optical 
Instruments) has been enlarged considerably; additions include accounts of the measure- 
ment of resolution and contrast reduction and a description of the Platzeck and Gaviola 
Test. 

A yery interesting chapter has been added, headed Aspheric Surfaces of Revolution. 
This deals with the application of such surfaces (for example, to reflecting microscope 
objectives) and gives a condensed account of various methods of producing them. 

Both type and diagrams are clear, and references to other publications are plentiful. 
Those who are familiar with its predecessor will need little persuasion to obtain this volume 
for the additions it contains, and others are fortunate that the modernized edition is 
available. K. J. HABELL. 


Music and Sound, by Lu. S. Lioyp. Pp. xiv+181. 2nd edn. (Oxford: 
University Press, 1951.) 16s. 


This is the second edition of a book which is addressed to students of music. There is, 
however, a sufficient body of physicists with musical leanings to justify a review of the book 
in a physical journal. A certain amount of musical knowledge is assumed, but the book 
could be read intelligently by a physicist who knows only those parts of the theory of music 
in the syllabuses of the Associated Board examinations. 

The pure scale is first discussed and the use of logarithms painlessly introduced. The 
troublesome ‘comma’ is unearthed, and then the use of the mean-tone and equal 
temperaments is introduced, and the possibilities of modulation explained. 

Chapters IV and V introduce the reader to the name of Helmholtz, combination tones 
and the physics of harmony. ‘The indiscretions of physicists in providing ‘ theories’ of 
harmony are treated, when at all, very clemently. 

The remaining chapters deal with the quality of musical sounds, properties of the ear 
and of wind and stringed instruments. 

For students of music the book represents a sound account of the physics they need. 
Many physicists will find it both readable and valuable. H. H. HOPKINS. 


CORRIGENDA 


Photoelectric Analysis of Elliptically Polarized Light, by J. F. Arcuarp, 
Pelt reco ang A. Vi. TAvLoR. (Proc: Phys.ooc. B, 1952, 65, 758); 


P. 762. In the table showing effects of misadjustments the stated orienta- 
tions of the ellipse for misadjustment of the polarizer and angle of incidence 
should be interchanged. ‘The subsequent discussion is not affected. 


The Optical Constants of Thin Metallic Films Deposited by Evaporation, by 
pete iece (loc. Phys: (Soc: By 1952, 65, 774): 
P. 781. The reference to Avery, D. G., should read 1950, Phil. Mag., 
41, 1018. 
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(a) (d) (c) 
Fig. 1. Diffraction patterns from 8 gutta percha. 


(a) Unstretched specimen viewed perpendicular to electron beam. 

(5) Unstretched specimen inclined at 45° to beam. 

(c) Stretched specimen (300% elongation) viewed perpendicular to beam, showing traces of 
% structure. 


(a) (b) (c) 
Fig. 2. Diffraction patterns showing change in structure on stretching y gutta percha, 


(a) Unstretched specimen viewed perpendicular to beam—-y structure. 
(b) Unstretched specimen inclined at 45° to beam—y structure. 
(c) Stretched specimen (300% elongation) viewed perpendicular to beam—mixed « and f structures. 
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The Effect of Added Metallic Impurity and of Closed Moulds 
on the Growth from the Melt of Single Crystals of Tin* 


By A. J. GOSS 


‘The Physical Laboratory, University of Southampton 
Communicated by S. Weintroub; MS. received 29th September 1952 


ABSTRACT. A description is given of experiments on the crystallization of binary alloys 
of tin. The alloys were prepared from 99-997, pure tin to which known amounts 
(0-01-1%) of cadmium, zinc, lead, silver, indium or antimony were added. The effect 
of the added metal, as judged by the prevention of growth or by lack of perfection of the 
monocrystalline form, was found to depend on its solid solubility. Further experiments 
on the crystallization of the 99-997°4 pure tin in closed Pyrex moulds, in which both 
horizontal and vertical travelling furnaces were used, are described. The results were the 
same as those for open moulds and the position of the metal was unimportant. 


Sia Na RO DUC LON 

N a previous. communication (Goss and Weintroub 1952, referred to as I) 

experiments were described in which the growth of single crystals of tin, 

lead, zinc and bismuth, by the method of slow solidification from the melt was 
studied. It was shown that the rate of growth and thus the form of the tempera- 
ture gradient in the metal was an extremely important factor governing the 
resultant crystal form. ‘There are other possible important factors, e.g. the 
amount of impurity in the metal, the constraints exerted on the metal due to the 
mould and, where the vertical arrangement is used, the effect of the superincumbent 
liquid metal. No previous investigations in which these conditions have been 
examined in detail appear to have been made. In the following a description 
is given of a series of experiments on tin carried out in order to test the influence 
of the above factors. In §2 the crystallization of binary alloys of tin consisting 
of 99-997°%, pure tint with small added known amounts of cadmium, zinc, lead 
silver, indium or antimony, briefly referred to as alloying metals, is dealt with 
and in § 4 the crystallization of pure tin in closed Pyrex moulds using both horizontal 
and vertical travels for the furnace is discussed. In the work described in I only 
open end Pyrex moulds and horizontal travel were used. ‘The results obtained 
in the present investigation indicate that the crystallization depends in all cases on 
the solid solubility of the impurity and that the effect is more marked at fast than 
at slow rates of growth. Neither the mould nor the weight of superincumbent 
liquid metal had any marked effect on the crystallization of tin. 


$2. THE CRYSTALLIZATION OF BINARY ALLOYS OF TIN 
Each alloy consisted of pure (99-997%) tin to which a known amount 
(0-01-1% by weight) of cadmium, zinc, lead, silver, indium or antimony had 
been added. A 500g block of tin was weighed to the nearest 0-2g and the 
appropriate quantity of clean pure alloying metal to the nearest 0-001g. ‘These 


* This work forms part of a thesis accepted by the University of London for the degree of Ph.D, 
+ The author is indebted to Messrs. Capper Pass & Co. for presenting the metal, 
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were melted together im vacuo in a Pyrex tube the mixture being shaken continu- 
ously for about 10 minutes. When cool the alloy block, 25mm in diameter, 
was removed from the tube and re-cast 7m vacuo into a long rod of 12 mm diameter. 
The ends of this rod were examined spectrographically to check the distribution 
of the alloying metal in the tin. Finally 12 specimen rods each 5 mm in diameter 
ind 30cm in length were cast. Rods of some of the mixtures had surfaces on 
which imperfections of the type shown in fig. 1 (Plate) could be seen. This 


kind of surface is briefly referred to as a non-specular reflecting surface. It is — 


interesting to note that an empirical method of judging the purity of cast tin by 
visual examination of the surface has long been used by foundrymen. 

The specimens were crystallized in groups of four, using a horizontal travelling 
furnace and 7mm bore open-end cylindrical Pyrex moulds. Three rates of 
growth, 21,5 and 0-5 mm/min were used with a temperature gradient of the order 
of 20°c/cm. The temperature gradient was obtained from readings of a chromel— 
alumel thermocouple embedded in one of the specimens. 

The form of the crystals was examined and the crystal orientations measured 


using the special form of optical goniometer (Goss 1952). The impurity metals” 


were chosen to provide examples of various crystal structures and a range of solid 
solubilities in tin. Each batch of 12 specimens of a particular alloy was 
crystallized twice. 


(i) The Spectrographic Tests 


The specimens were examined spectrographically in the way advocated by 
Smith (1948). In general, close agreement with Smith’s observations was 
obtained. Using a Hilger E2 medium quartz spectrograph the spectra covering 
the range 2100-6000 A were recorded photographically. ‘The source was a 
condensed spark and the addition of an inductance to the circuit, as recommended 
by Smith, reduced the intensity of the background and also of many of the longer 
wavelength lines with consequent improvement in the photographic record. 

The electrodes were tin rods, the upper of pure tin and the lower of the alloy 
under test. [he vertical position of the source relative to the slit was found to 
be critical. 

The internal standard method of spectrographic analysis, in which the 
intensities of selected lines of the alloying metals are compared visually with the 
intensities of certain adjacent tin lines, was chosen. ‘The accuracy varied with 
the various alloying metals; in general, however, a difference of 20% of alloying 
metal could be resolved. In almost every instance agreement was obtained with 
Smith (1948) which is considered as satisfactory. 

The etched crystals were tested spectrographically at both ends. Any 
tendency for the alloying metal to accumulate towards the end of a crystal was 
noticed and, at the same time, the spectra of the twelve crystals containing 
various concentrations of a particular alloying metal were compared. ‘The 
spectrographic examination was limited to an approximately circular area of 
4mm diameter. Some comparison was made between the spectra of crystals 
with surfaces in the three conditions: (a) unetched, (6) etched, and (c) clean, 
obtained by cutting approximately 1mm from their ends. The records for (6) 


and (c) agreed and were taken as representative of the distributed metal in the _ |} 


tin whereas records for (a) showed, for some metals, a concentration of alloying 
metal on the surface. 


= | 
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§3. EXPERIMENTAL RESULTS 
In the following sections observations of interest made during the preparation 
and crystallization of the binary alloys are listed. The orientations of the 
crystals and the temperatures in the crystallizing metals did not differ from those 
obtained previously for pure tin (I, pp. 566, 568) and are not therefore discussed 
further. Reference was made to a publication of the Tin Research Institute 
(1949) for information on the binary diagrams. 


(1) Tin—Cadmium 

Cadmium (hexagonal structure, c/a=1-886) has a solid-solubility limit in 
tin of 1% and because of the considerable accuracy with which this limit has been 
fixed cadmium was the first alloying metal investigated. Two dilute binary 
alloys containing 0-1 and 0-01°%% of cadmium were prepared from 99-999%, 
pure cadmium, kindly given by the Imperial Smelting Corporation, and 
99-997°, pure tin. During the casting of the alloy rods, thin films of cadmium 
were deposited on the inside of the Pyrex envelopes. For the 0-1% alloy the 
weight of cadmium lost in this way was negligible; for the 0-01% alloy the 
slight loss was detectable. ‘The cadmium dissolved easily in the tin and was 
found spectrographically to be evenly distributed. The alloy rods did not 
adhere to the Pyrex but the rod surfaces, particularly for the 0-1% alloy, showed 
the non-specular type reflection (fig. 1). 

For pure tin the crystalline forms were described in I (p. 562). For the 
tin—cadmium 0-1°% alloy the essential differences were that the first one or two 
centimetres of the rod consisted of many minute crystallites increasing from pin 
point size to 1 mm or so in diameter with the distance from the tip of the rod. 
A few crystals then predominated. The underneath of the specimen which 
was in contact with the mould was less strongly polycrystalline than the free 
surface. For the fast rate of growth of 21 mm/min many crystal inserts were 
present along the rod which thus had some resemblance to the ‘block’ type of 
imperfection observed with bismuth (I, p. 566). For the medium rate of 
5 mm/min the crystal form was not appreciably different from that of pure tin. 
For the slow rate of 0-5 mm/min the last few centimetres of the rod were, 
usually, a single crystal. In addition, as for pure tin, imperfections of lineage 
and fine lines on the surface of the specimen were observed. ‘The latter were 
very marked. 

For the 0-01% alloy, similar differences in the form of the first cm or so of 
the rods occurred, but in other respects the crystals were very similar to those 
for pure tin, single crystals being formed at both fast and slow rates. Fine lines 
were also observed, although these were not so prominent as for the 0-1% alloy. 

It is concluded that 0-1°% of cadmium prevents satisfactory single crystal 
growth, 0-01°% does not, but surface imperfections are enhanced in both cases. 


(ii) Tin—Zine 
Zinc (hexagonal structure, c/a=1-86) has a solid solubility in tin of 
approximately 2%. Two dilute binary alloys containing 0-1 and 0-01% of zinc 
were prepared from 99-997% pure zinc and 99-997% pure tin. The solid zinc 
tended at first to float on the liquid tin during the mixing but the alloy was 


subsequently shown spectrographically to be homogeneous. A negligible 
E-2 
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amount of zinc was lost by vaporization during the casting. ‘The alloy rods were | 
found to adhere strongly to the Pyrex casting tubes and also to show the — 
characteristic non-specular reflection. 

For the tin-zinc 0-1% alloy and for the fast rate of growth, crystals were 
produced, which were very reminiscent in form to bismuth crystals with block 
type imperfections and with inserts (I, p. 565). Crystals grown at the medium 
rate varied little from those of pure tin and, for the slow rate, only about half of 
the crystals obtained were single. As for the cadmium alloys the first centimetre _ 
or so of the rods was minutely polycrystalline and fine lines were prominent 
on the surfaces. The zinc was uniformly distributed along the specimens but 
more than 0-1°% of zinc was found on some of the surfaces. For the 0-01% alloy 
little effect on the crystal form was observed; at both fast and slow rates single 
crystals were produced, but the concentration of zinc in the surfaces of the 
specimens was markedly greater than 0-01%. 

It is concluded that the inclusion of 0-:1°% of zinc has a marked effect on 
the growth of single crystals, particularly for the fast rate of growth, but that 
0-01°% has little effect. 

(iii) Tin—Lead 

Lead (face-centred cubic structure) has a solid solubility in tin of 2% at the 
eutectic temperature. ‘Two dilute binary alloys containing 0-1 and 0-01% of 
lead were prepared from 99-998% pure lead and 99-997, pure tin. The solid 
lead sank to the bottom of the liquid tin and appeared to be a little more difficult 
to dissolve than cadmium and zinc but, nevertheless, spectrographic examination 
showed the lead to be uniformly distributed. 

For the tin-lead 0-1% alloy single crystal growth was prevented. For the 
fast rate inserts occurred and numerous crystallites with near orientations were 
observed, both at the beginnings and ends of the rods. For the slow rate, 
bicrystals were formed together with many crystallites at the beginning of the rods. 

For the tin-lead 0-01% alloy, in contrast, only slight effects due to the lead 
were observed. Single crystals were formed at both the slow and fast rates 
and only one rod at the fast rate contained a number of inserts. Fine lines were 
not prominent on the surfaces of the crystals grown at the slow rate. 

It is concluded that 0-1% of lead prevents single crystal growth but that 0-01% 
results only in minor changes in the form of the crystals. 


(iv) Tin—Silver 

Silver (face-centred cubic structure) has a limited solid-solubility in tin of 
approximately 0-1%. ‘Iwo dilute binary alloys containing 0-1% and 0-01% of 
silver were prepared from fine silver wire (99-95% purity) and 99-997°% pure tin. 
The mixing of the alloys was prolonged to ensure an even distribution of the 
silver and subsequent spectrographic examination showed that this was achieved. 
The cast rods as shown in fig. 1 were characteristic examples of the non-specular 
type reflection. 

For the tin-silver 0-1% alloy the growth of single crystals was prevented. 
For the fast rate the rods contained inserts along their whole length, and for the 
slow rate the rods consisted of ragged strips of crystal. The surface 
imperfections were very prominent; the fine lines which occurred at the slow 
rate are shown in fig. 2 (Plate). 
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tor the 0-01% alloy also the crystal growth was markedly affected. At the 
fast rate tiny crystallites were formed at places along the rods and at the slow 
rate half of the rods were bicrystals. The surface markings were similar to those 
of the 0-1% alloy. For both the silver alloys the spectrographic examination 
showed that the percentage of silver increased along specimens, there being 
about twice the quantity at the ends as at the beginnings. 

It is concluded that silver prevents the growth of single crystals, 0-1%. 
producing more imperfections than 0-01%. 


(v) Tin—Indium 

Indium (face-centred tetragonal structure, c/a=1-076) is soluble to 2 
considerable extent, probably 10%, in tin. Two dilute binary alloys containing 
1%, and 0-1% of indium were prepared from 99-9+°% pure indium, kindly 
presented by Messrs. Mining and Chemical Products Ltd., and 99-997°% pure 
tin. No difficulty was experienced in the preparation of the alloys and 
spectrographic tests showed the indium to be uniformly distributed. The 
indium spectra were found to be less sensitive to changes in concentration than 
the corresponding spectra of other metals. The indium alloys adhered to the 
Pyrex casting tubes and the surfaces of the rods showed prominent dendritic 
solidification patterns. Coating the inside of the tubes with a graphite suspension 
prevented adhesion of the metal to the glass surface. 

For the tin-indium 1% alloy a marked difference in crystallization from that 
for pure tin was observed. For the fast rate of growth the rods were polycrystalline 
with inserts along their whole length, while for the slow rate a number of rods 
were single crystals and the others bicrystals. As usual, for the medium rate, 
the crystals were imperfect. On the surfaces fine lines, but much broader than 
those in any previous alloy, were observed, and for the fast rate dendritic 
surfaces were very noticeable. 

For the 0-1% alloy the change in crystal form was less marked and even 
for the fast rate more than half of the crystals were single. Crystal inserts, and 
also crystals of near orientations, were present as imperfections. Single crystals, 
with a trace of lineage in one specimen only, were successfully grown at the 
slow rate. 

It is concluded that, for a given percentage of alloying metal, indium has 
much less effect than the other metals previously considered; while for the fast 
rate 1% of indium prevents single crystal growth, 0-1% has little effect. 
Prominent surface markings occur for both percentages of the alloy. 


(vi) Tin—Antimony 

Antimony (rhombohedral structure) is soluble in tin to approximately 8% 
at 230°c. Two dilute binary alloys containing 1% and 0-1% of antimony were 
prepared from 99-92% pure antimony, given by the Department of Scientific 
and Industrial Research Pure Metals Committee, and 99-997%, pure tin. The 
surfaces of the alloy rods did not show the marked non-specular reflection so 
characteristic of the other alloys. Etchants containing hydrochloric acid were 
found to be unsatisfactory and a dilute solution (1 : 20) of ferric chloride was used. 

For the tin-antimony 1%, alloy, the antimony had a considerable effect on 
the crystal form. For the fast rate the crystals consisted of numerous inserts, 
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particularly on the underneath of the rod in contact with the mould. For the 
slow rate single crystals and bicrystals with prominent fine lines on the surfaces 
were obtained. For the 0-1% alloy the crystals differed little in form from those 
for pure tin. All the rods, except one at the fast rate which was a bicrystal and 
one at the slow rate which contained lineage, were single crystals. In fig. 3 
(Plate) the dendritic surface, which is formed at the end of the crystals and 
which is more marked in the alloys than in the pure tin, is shown. 

It is concluded that antimony, similarly to indium, has less effect as an 
alloying component on the growth of single crystals of tin than the other 
metals used. 

(vu) Summary 

In the table the forms of the crystals of the binary alloys are summarized. 
‘The results are given for both the fast and the slow rates of growth but not for the 
medium rate for which no marked difference from those of pure tin was observed. 
A rod was classified as a single crystal when the orientation of a continuous piece 
of it at least 15 cm long did not vary by more than 1°. 

In the table brief descriptions consisting of one or two words are used but 
these should be understood as merely indicative of the main characteristics of 
the group. 


Form of the Crystals of ‘Tin Alloys 


Alloying F Fast rate Slow rate 
component 21 mm/min 0-5 mm/min 
Canoe O-1 Block imperfections and inserts Nearly single crystals 
Cd 0:01°% 0-01 Single crystals (75°) Single crystals (88°,) 

sO ¢ 2 € ¢ « 
Zn 01% 0-05 Block imperfections and inserts Nearly single crystals 
Zn 0:01% 0-005 Single crystals (88°) Single crystals (100°,) 
Pb 01% 0-05 Crystals with inserts Bicrystals - 
Pb 0-01% 0-005 Single crystals (100°) Single crystals (100°,) 
/O = 2 re) = - c 
Ag 0:1% 1 Crystals with inserts Strips of crystal 
Ag 0:01° 0-1 Single crystals (50°) with inserts Bicrystals and single crystals 
/O 4 R a) B, = 2 
(30%) 
inter O-1 Crystals with inserts Single and bicrystals 
In 041%, 0-01 Single crystals (88°) Single crystals (88%) 
Shrlo, 0-12 Crystals with inserts Single and bicrystals 
Sb 0:1% 0-012 Single crystals (75°) Single crystals (88°%,) 


The values given under Fin column 2 of the table are the ratios of the percentage of alloying 
metal to the percentage of maximum solubility of the alloying metal. 
In columns 3 and 4 percentages of single ervstals are also given. 


(viii) Discussion 

From the table it will be seen that the alloys fall into two categories (a) those 
which contain alloying metal of approximately 0-1 of the solid-solubility limit 
and which, for the fast rate of growth, do not form single crystals but which, 
for the slow rate of growth, show defects in the single crystal growth, and 
(6) those which contain alloying metal of approximately 0-01 of the solid- 
solubility limit and which produce a high percentage of single crystals for both 
fast and slow rates of growth. 
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From these experiments, therefore, it appears that the effect of a metallic 
impurity on the growth of single crystals of tin depends on the solid solubility 
of the impurity. ‘The effect depends also on the rate of growth, being greater 
for the fast rate than for the slow rate. For the medium rate (5 mm/min), 
however, there was no marked change from the imperfect crystals obtained 
previously with pure tin. It follows that under conditions where single crystals 
are not obtainable the effect of the added impurity cannot be observed—as 
perhaps occurred with the zinc crystals of various purities grown at fast rates 
by Schilling (1934). 

For tin, an impurity of 0-01 of the solid-solubility limit has little or no 
appreciable effect on the single crystal growth, and higher proportions could be 
tolerated, particularly at the slow rate of growth. In other laboratories single 
crystals of various kinds of alloys, e.g. brasses, have been grown from the melt, 
but insufficient data exist for any useful comparison with the present results. 

Silver was the least soluble of the alloying metals used and, in the tin-silver 
alloys, the concentration of silver was found to increase along the specimens. 
This is to be expected in view of the low solubility, since the silver would tend 
to move in front of the solidifying interface. For the other alloys the alloying 
metal was found, in general, to be evenly distributed along the specimens, but 
in some cases it was concentrated at the surface. 

Fine lines, observed also on the surfaces of the pure tin crystals, were very 
prominent on the alloy crystals (fig. 2). For the slow rate of growth the fine lines 
were always visible (often, but not always, parallel to the basal plane) and became 
more marked with the higher proportions of alloying metal. Similar fine lines 
have frequently been observed for zinc (e.g. Rosbaud and Schmid 1925, 
Straumanis 1929, Smialowski 1937). For the indium and antimony alloys, in 
which 1%, of the alloying metals was present, the fine lines appeared broadened 
and similar to those observed by Straumanis (1929). It is likely that the 
alloying metal tends to separate into layers, possibly eutectic layers, parallel 
to the direction of growth. Considerable evidence is available to show that these 
layers become finer and finally disappear in the pure unalloyed metal; compare, 
for example, the observations in the present work with those in I, and also the 
observations of Smialowski (1937) and of Jillson (1950) on zinc. ‘The surfaces 
of the crystals grown at the fast rate of growth are characterized by the dendritic 
markings (fig. 3) which are more prominent than for the pure metal. 

Some preliminary work on less pure lead and zinc was reported in I. For 
less pure, as compared with pure, zinc a slight but definite increase in 
imperfection was observed (I, p. 564). Between 99-99%, and 99-998% lead 
no difference in crystal form was observed (I, p. 563) and the extra impurity may 
well be bismuth whichis soluble in lead. Forthe99-97°, bismuth, the 0:004% iron 
which is insoluble may be partly responsible for the block type imperfection 
observed. However, the presence of this impurity cannot account for the lineage 
imperfection in the bismuth crystals grown at the slow rate, if the effect is similar 
to that in tin where the impurity has not been observed to increase the lineage 
imperfection. From the present experiments it would appear also that 
impurities in the 99-997%, tin, considered up to now as basically ‘pure’ tin, 
have some slight effect on the crystallization and that higher percentages of 
single crystals could be prepared from even purer tin. 
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§4. THE CRYSTALLIZATION OF TIN IN CLOSED MOULDS 

In I only open-end horizontal moulds were used. ‘To study the effect of — 

various constraints twenty-four rods of 99-997%, pure tin were crystallized in 
the Pyrex moulds in which they were cast. 


(i) Method 


The tin was received in 1 kg ingots which had been cast in a marble mould. 
The metal was then cast, as for the alloys above, in three stages, into 60 cm 
lengths within 5 mm internal diameter Pyrex tubes, and these tubes were sealed 
off under vacuum. By careful heating and shaking each of these 60 cm lengths 
was divided into two, thus producing 24 specimens each one of which was 
sealed in vacuo. ‘Twelve of these were crystallized with the furnace travelling 
horizontally. For each crystallizing run four enclosed specimens were placed 
together at the middle of the furnace tube. A thermocouple was fixed within the 
evacuated furnace tube at their midpoint and the temperature was recorded on 
a Kent potentiometric recorder. ‘The furnace tube was evacuated in order to 
obtain the same conditions as those in I. A 1 cm space at the beginning of 
each mould allowed for expansion of the metal. From the results of the previous 
work on tin it was decided to use three rates of growth of 21, 5 and 0-5 mm/min. 
The furnace was 30 cm long and provided a medium temperature gradient of 
the order of 206° c/cm. 

The other twelve specimens were used with the furnace travelling vertically. 
The furnace trolley was originally designed to be used, if required, in either the 
horizontal or vertical position. For the vertical arrangement (Goss 1952) the 
rails were aligned vertically with a plumb-line and a counterbalance for the 
weight of the furnace and trolley was added. For each crystallization run the 
furnace was moved upwards from the bottom of the furnace tube and passed 
completely over the moulds. ‘The tin then commenced to crystallize from the 
bottom of the moulds and not from the unstable position at the top of the less 
dense liquid metal. ‘The rates of growth and furnace conditions were identical 
with those used for the horizontal arrangement above. 

Some preliminary experiments, however, with the vertical arrangement were 
unsuccessful. With too small a space between the metal and the bottom of the 
Pyrex mould the expanding metal splintered the mould and with too large a space 
the liquid metal fell and disturbed the crystallizing metal below. A distance 
of 10 mm between the end of the metal and the bottom of the mould was found 
to be satisfactory, and using this, no failure of the Pyrex moulds (with the exception 
of one mould which cracked) nor discontinuity in the crystals occurred. 

The crystallized specimens were given a preliminary examination whilst in 
their moulds. ‘The glass was then cut and broken carefully away. Defects 
due to this treatment were neglected in observations on the form of the crystals. 
Specimens were etched, examined and the orientations measured with the 
optical goniometer. 

(11) Results 


The crystals grown in the closed moulds, for both the horizontal and vertical 
methods, were single for rates of growth of 21 and 0-5 mm/min but not for 
5 mm/min. This is the same as for pure tin (I, p. 563). 

For the fast rate, apart from the first few millimetres, each rod consisted 
of a single crystal with, in the horizontal method, a number of small inserts in 
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the rod and, in the vertical method, traces of crystals of near orientations in the 
next centimetre. ‘The surface markings associated with fast rates of growth 
were present and, for the vertical method, conical shrinkage cavities appeared 
in the top of the specimens. 

For the medium rate, a variety of crystal forms was produced, varying from 
nearly single to several crystals separated by long irregular boundaries. Lineage 
imperfection was usually present. 

For the slow rate, all the specimens except for the first few centimetres were 
single crystals. Occasional lineage was present in crystals grown by the 
horizontal method and, for those grown by the vertical method, slight variations 
in orientation of 1°-2° occurred in one or two specimens. Fine lines were 
observed on the surfaces of all the crystals. 

The orientations of the crystals made in closed moulds did not differ from 
those previously observed for crystals grown in open moulds. 


(111) Conclusion 

From these results it may be concluded that the restriction of the specimen 
in a glass mould and the weight of superincumbent metal at solidification have 
no marked effect on the crystallization of tin. No comparable results for other 
metals are available but the known experimental evidence, e.g. the many different 
methods which have been successfully used for single crystal growth, would 
appear to be in agreement. However, the results do not preclude the possibility 
that the vertical method tends in the case of the cubic metals to produce a 
preferred orientation. In this connection the results for lead (I, p. 567) may be 
compared with those of Tsuboi (1929) who used the vertical method. 
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ABSTRACT. The paper describes measurements of the electric strength of crystals of 
KCI and NaCl which were made using both d.c. and standard a psec unidirectional impulse 
voltages at temperatures between —74° c and ++ 140° c. In this range of temperature, which 
included for both KCl and NaCl a transition from a region in which the electric strength 
increased with rise in temperature to one in which it decreased, no significant difference 
was found between values of electric strength obtained using d.c. and corresponding values 
obtained with impulses. This result contrasts with that of Suita for KCl. It supports © 
qualitatively Fréhlich’s theory of breakdown. é 


§1. INTRODUCTION 

CCORDING to the theories of dielectric breakdown developed by Frohlich 

(1939, 1947) there exists for a given dielectric a critical temperature T, 

at which a change occurs-in the mechanism of breakdown. At tempera- 

tures less than 7’, the material is said to be in the ‘crystalline’ region of breakdown 

and its electric strength increases with rise in temperature. In contrast with 

this behaviour the electric strength decreases with rise in temperature at tempera- 

tures greater than 7, and the material is then in the ‘amorphous’ or high 
temperature region. 

In the case of alkali halide crystals qualitative confirmation of the theory 
has been provided by d.c. measurements made mainly by von Hippel and his 
collaborators (Buehl and von Hippel 1939, von Hippel and Lee 1941). However, 
recent experiments (Alger and von Hippel 1949), which may be summarized as 
follows, suggest that this confirmation was purely fortuitous. 

Both with direct current and with sawtooth impulses of duration 10-3 sec, 
10*sec and 10°*sec Alger and von Hippel measured the electric strength of 
KBr crystals at temperatures between —160°c and +360°c. Although the 
results obtained with direct current differed appreciably from those obtained for 
KBr by previous workers (Buehl and von Hippel 1939, von Hippel and Maurer 
1941, Austen and Whitehead 1940) qualitative confirmation of the theory was again 
obtained. But with impulse breakdown Alger and von Hippel discovered an 
apparently more complicated situation. The effect of varying the impulse 
duration is illustrated in fig. 1. Even with 10-*sec impulses appreciable differ- 
ences were observed between the breakdown strength of the crystals and corre- 
sponding d.c. values. Further reduction in impulse duration caused additional 
changes of electric strength, and with 10-®sec impulses the breakdown strength 
increased linearly with rise in temperature and exceeded the corresponding d.c. 
values throughout the entire temperature range. 

Alger and von Hippel accounted for their results by assuming that space 
charge distortion of the electric field occurred in the interior of the specimens. 


* Now at the Royal Technical College, Glasgow, C.1. 
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The space charge was assumed to consist of two components, one due to field 
emission of electrons from the cathode and the other due to migration of positive 
ions in the crystal. The density of both space charge components was assumed to 
depend on the temperature and the duration of applied stress so that the resulting 
field distortion also depended on these factors. The former component of space 
charge was assumed to be primarily responsible for differences observed at low 
temperatures but, owing to the increased ionic mobility, the latter component was 
assumed predominant at high temperatures. It follows that only by using 
impulses of short duration can reliable measurements of the electric strength of 
ionic crystals be obtained and, in fig. 1, the curve corresponding to the 10sec 
impulses was considered to represent most closely the variation with temperature 
of the electric strength of KBr crystals. In contrast with the d.c. results the 
curve provides no evidence of an ‘amorphous’ region of breakdown. 

Alger and von Hippel made measuremens only on KBr crystals but it may be 
inferred that similar effects would occur in other alkali halide crystals. The 
measurements described below, which were made on crystals of KCl and NaCl 
with both d.c. and 4 usec impulses do not appear to support this view. 
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Fig. 1. Illustrating effect of impulse duration on electric strength of KBr (according to 
Alger and yon Hippel). 


§2. EXPERIMENTAL 
2.1. Preparation of Specimens 


The crystals from which the specimens were prepared were grown from molten 
salt of analar purity by a method based on that described by Kyropoulus (1926). 
In order to relieve any strain that may have been produced during its growth, 
each parent crystal was annealed by maintaining its temperature close to the 
melting point for approximately six hours and then allowing it to cool to room 
temperature over a period of about 12 hours. ‘The parent crystals so obtained 
were cleaved along [100] planes to form rectangular plates of dimensions approxi- 
mately 2cm x 2cm x 0-35 cm, and a test specimen was prepared from each plate 
in the following manner. In each plate, at the centre of one face, a spherical 
cavity about 1 in. in diameter was produced by machining away the crystal. 
Thus at the centre of the plate its thickness was made a minimum and this was 


adjusted to the desired value, between about 0-005 in. and 0-03 in., by dissolving 
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in water the crystal from both sides of the cavity. After this process some of 
the recessed specimens were subjected to an annealing process similar to that 
applied to the parent crystals, but since little difference was ultimately found 
between the behaviour of such specimens and that of specimens not subjected to: 
this treatment, no distinction has been made between them in subsequent sections. 
of the paper. 

The surfaces of all specimens were highly polished, and each specimen was. 
carefully examined to ensure that it contained no mechanical defects. The 
specimens were then stored in a desiccator until they were tested. The period 
of storage was usually less than 24 hours. 

Before stressing a specimen its minimum thickness was measured to within 
0-0001in. by means of a dial-gauge micrometer, and then colloidal graphite 
electrodes were applied to the polished surface of the recess and its projection on 
the plane face of the specimen. 


2.2. Electrode Assembly 


Contact was made to the specimen by the electrode arrangement illustrated 
in fig. 2. The spheres were of phosphor bronze and were normally in contact 
with each other. ‘The specimen was held between the spheres by light spring 
pressure developed in separating them. The electrode assembly was immersed 
in cable oil at temperatures greater than 0°c and in pentane at temperatures 
less than this. ‘The temperature was measured by a thermocouple embedded 
in one of the spheres. 


Phosphor Bronze Spheres 
1Scm diam. 


Graphite Electrode 


Graphite 
Electrode 
Specimen 

(2cm x 2cmx0-35cm approx) 


Fig. 2. Electrode arrangement. 


The electrode arrangement just described is similar to that used by Austen 
and Whitehead (1940) and experience gained during the last few years has shown 
that with a suitable ambient it is satisfactory for the measurement of electric 


breakdown strength greatly in excess of any value yet reported for alkali halide 
crystals (Whitehead 1951). 


2.3. Measurement of Breakdown Voltage 


‘The d.c. source was of conventional design, the output voltage being measured 
by means of an electrostatic voltmeter and wire resistance potential divider. 
The voltage applied to the specimen was increased at the rate of approximately 
1 kv/sec until breakdown occurred and was measured to an accuracy within 
about +3%. 
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A single stage resistance—capacitance impulse generator was used to generate 
the 4 sec unidirectional impulses. It was charged from the d.c. set described 
above, and the peak impulse output voltage was determined from the efficiency 
of the generator and the d.c. charging voltage, measured as described previously. 
The former quantity was determined over the working voltage range by measuring 
the peak impulse voltage with a standard irradiated sphere gap. 

To determine the impulse breakdown voltage of a specimen, the applied 
impulse voltage was increased by increments of 5°% or less from about 70% of 
the estimated breakdown voltage until breakdown occurred. At each step a 
single impulse was applied to the specimen, and before applying the next impulse 
the polarity of the impulse generator was changed in order to minimize possible 
accumulation of ionic space charge caused by the successive impulses ‘The 
breakdown voltage was thus known to lie between two values which were within 
5% of each other. In the following sections of the paper the maximum of the 
two limits is given. ‘The accuracy of peak impulse voltage measurement was 
probably within +6%. 


§3. RESULTS 
3.1. KCI Crystals 


Measurements of electric strength were made on specimens of thickness 
between 0-005 in. and 0-030 in. approximately, using d.c. at each of the following 
temperatures: —74°, +20°, +50°, +75° and +115°c, and unidirectional 
impulses at —74°, +20°, +75° and +115°c. In fig. 3 breakdown voltage 1s 
plotted against specimen thickness for the entire set of measurements obtained 
at —74°c. Figure 4 is a similar plot of the measurements obtained at +115°c. 
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Specimen Thickness (0-001 in) Specimen Thickness (0-001 in) 
Fig. 3. Breakdown voltage against speci- Fig. 4. Breakdown voltage against speci - 
men thickness for KCI at —74° c. men thickness for KCl at 115° c. 


These results are similar to those obtained at the other temperatures of measure- 
ment, and indicate that no significant difference existed between direct current and 
impulse behaviour of the specimens. Very occasionally at all temperatures a 
specimen broke down at a voltage considerably less than that corresponding to the 
average value of electric strength. Such results have not been plotted as they 
were considered due to faulty specimens. The total number of such specimens 
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was not sufficient at any temperature to alter by more than one or two per cent — 
the average value of electric strength. 

The results plotted in figs. 3 and 4 also show that within limits of about + 15% 
the breakdown voltage varied directly as specimen thickness, which suggests 
that injurious discharges were absent in the ambient medium. From this evidence, 
coupled with the satisfactory appearance of the breakdown track in the region 
of minimum specimen thickness, it may be inferred that intrinsic electric strength ~ 
was being measured (cf. Whitehead 1951, p. 11). 

In fig. 5 electric strength is plotted against temperature. At each temperature 
the average value of electric strength, obtained from the total of both d.c. and 
impulse measurements is given, the scatter in the individual observations of 
electric strength also being indicated. The occasional low values mentioned 
previously were omitted in indicating the scatter. 

The results of both d.c. and impulse measurements of electric strength on KCl 
exhibited qualitative agreement with the theory of Frohlich, and indicate for 
this material a critical temperature of approximately 45°c 


3.2. Sodium Chloride 


Very similar measurements to those just described were made on NaCl 
crystals, and the results obtained were of the same type. Measurements with 
d.c. were made at —74°, +20°, +50°, +75°-and +140°c. Impulse measure- 
ments were made at — 74°, +20°, +60° and +115°c.. The results obtained are 
illustrated in fig. 6, and they provide no evidence that the impulse and d.c. electric 
strengths are significantly different in the temperature range of the experiments. 
In this diagram results obtained by Alger and von Hippel (1949) for NaCl are 
also given. It is not certain whether their curve is for average values or 
‘maximum’ values of electric strength, but within reasonable limits agreement 
between the two sets of results is satisfactory. 

As in the case of KCl, the results of the measurements are qaalianvelge in 
agreement with the theory of Frohlich. ‘The critical temperature was about 50° c. 


§4. DISCUSSION 

In the experiments described above, no significant differences were found in a 
temperature range that included T,, between the direct current and the unidirec- 
tional + sec impulse breakdown strengths of both KCl and NaCl. This result 
WONTESE with that obtained for KBr by Alger and von Hippel. It also disagrees 
with the result obtained by Suita (1951) who found that between 0°c and 140°c 
the lysec impulse electric strength of KCl was considerably less than the 
corresponding d.c. value. Suita also attempted to account for his results by 
assuming there existed space charge distortion of the field, but since few 
experimental details of this work are available it cannot be estimated how 
successful he was in eliminating the spurious effects which may easily occur in 
such measurements. Not only do Suita’s results contrast with those obtained 
by the present authors, but the observed effect was opposite to that which may 
have been inferred from Alger and von Hippel’s measurements on KBr. 

it should be mentioned here that in obtaining the measurements of impulse 
electric strength the technique used by the present authors differed from that 
of Alger and von Hippel (1949). The latter applied to each specimen a single 
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linearly rising voltage transient, so that breakdown occurred when the applied 
voltage was rapidly increasing. In the present experiments a number of impulses 
of increasing magnitude were successively applied until breakdown occurred on 
the crest of the wave, when the rate of change of voltage was small. 
when the duration of the impulse is comparable with the time taken for the 
discharge to develop, differences may be expected between the results of 
measurements made by the two methods. 


Clearly 


However, both theoretical (Frohlich 


and O’ Dwyer 1950) and experimental (Whitehead 1951, pp. 89-96) estimates of 
this time for solid dielectrics make it seem extremely unlikely that the different 
character of the two sets of results is due to this difference in technique. 

A possible consequence of applying several impulses of the same polarity 
to obtain the breakdown voltage of a specimen is that ions may be caused to 
migrate by the successive impulses and thus lead to space charge field distortion 
The precaution taken of reversing the polarity of each 
successive impulse to minimize any net space charge distortion caused by the 
above effect has already been mentioned; with this procedure it does not seem 
likely that the net ionic migration caused by applying at most between 10 and 15 
asec impulses would exceed that caused by a single sawtooth impulse of 10-? sec 
But with such impulses Alger and von Hippel found a considerable 
difference between the d.c. electric strength and the corresponding impulse 


Electric Strength (mv/cm) 


Fig. 6. 
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Whatever the explanation may be of the effects observed by Alger and 
von Hippel on KBr, and by Suita on KCl, the present measurements strongly 
suggest the absence between —74°c and +140°c of any falsifying effects due to 


ionic migration in crystals of KCl and NaCl. 


At the same time, the fact that 


no significant difference was observed between comparable values of d.c. and 
impulse electric strengths suggests the absence of falsifying effects due to heating 
of the specimens by pre-breakdown current. 


obtained evidence of this in 


glass. 


Keller (1951) has recently 


Since with both KCl and NaCl the measurements indicated two regions of 
breakdown, one in which the electric strength increased with rise in temperature 
and the other in which it decreased, they must be regarded as providing 
qualitative confirmation of Frohlich’s theory. 
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Quantitative agreement with theory is however not very good. In hg. 5 
values of electric strength for KCI in the crystalline region of breakdown are 
plotted according to the high electron energy criterion of breakdown, which was 
proposed by Fréhlich, and also according to the low electron energy criterion 
favoured by von Hippel and his collaborators. The latter curve is based on the 
formula given by Callen (1949). In calculating the values plotted on both curves 
the free space electron mass was used. This leads to values of electric strength 
equal to 1//2 of those which usually appear in the literature for the high energy 
criterion. Apparently the factor ,/2 was first introduced by Frohlich who was 
under the impression that the electric strength of alkali halide crystals was 
anisotropic. ‘There seems to be little justification for this assumption, and in 
the present calculations it has not been made. In fig. 6 similar theoretical curves 
are given for NaCl. 

The measured values of electric strength for both KCl and NaCl do not 
decisively support either set of theoretical values. At 20°c they agree fairly 
well with values calculated on the basis of the low energy criterion of breakdown, 
but at —74°c agreement with the high energy values is good. 

The amorphous region of breakdown is distinguished by Frohlich from the 
crystalline region by the assumption that in the former region mutual collisions 
between electrons are more frequent than collisions between conduction electrons 
and lattice vibrations. When the electric strength of a solid in the amorphous 
region is calculated it is necessary to consider the energy exchange between 
conduction electrons and electrons trapped in energy levels in a range extending 
AV below the lowest conduction level. ‘The theory does not yield quantitative 
values of electric strength, because values for a number of parameters are unknown, 
but the temperature dependence is given, and can be tested experimentally by 
the relationship In F=constant+ AV/2RT where F is the electric strength and 
T the lattice temperature. ‘The range covered by the experiments in the high 
temperature region is not suflicient to provide a good comparison with this 
expression. Nevertheless reasonable agreement exists if values for AV/R of 
1410°c and 830°c are chosen for NaCl and KCI respectively, corresponding to 
values for AV of 0-12 ev and 0-073 ev. 
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ABSTRACT. The luminosity of a *!°Po source has been detected using a photomultiplier 
technique. It is also found that photons are produced in air, glass and quartz when these 
materials are irradiated by a-particles. It is shown that the ‘ scintillations’’ observed by 
Richards and Cole probably originated in these materials, and not in the various thin films 
to which they were ascribed. 


§1. INTRODUCTION 
T is well known that *!°Po and other «particle sources are feebly self-luminous. 
The spectrum of this luminosity was first examined with a quartz spectro- 
graph by Sir William and Lady Huggins (1903, 1905 and 1906) and found to 
coincide with that of nitrogen. They concluded that the effect was due to 
z-particle excitation of nitrogen occluded in the source, and in the air irradiated 
by the source. ‘This has been confirmed by later observers, the most recent 
being Ortner and Salim (1952). They photographed the visible spectrum of 
the light emitted from a 7!°Po source, and from the air near the source. ‘They 
identified the various lines and bands in the two spectra with those from nitrogen, 
and also oxygen. 


§2. EXPERIMENTAL METHOD AND RESULTS 


This luminosity and similar effects have been investigated using an EMI type 
5060 photomultiplier tube, which has a 1cm diameter semi-transparent photo- 
cathode, deposited on the inside of a 1-5 mm thick flat glass window. A 2:-4mc 
210Po source, deposited on the end of a 0-9mm platinum wire, was located at the 
end of a brass collimating tube, 15 mm long and 1-5 mm internal diameter, giving a 
narrow emergent beam of about 4 x 10%«-particles per minute. ‘The source was 
mounted in air directly above the photo-cathode, on a micrometer screw, so that the 
distance from the tube could be varied. ‘The output from the photomultiplier 
was fed through a cathode follower, linear amplifier and discriminator to a fast | 
scaling unit. Throughout the experiments all surfaces were kept clean and free 
from materials not specifically mentioned. 

With the source in position, a large number of small amplitude pulses, greatly 
exceeding the noise count, was observed. ‘The integral pulse-height distribution 
curves gave no indication of a plateau, and comparative measurements were 
therefore made of the counting rate at constant gain and a fixed discriminator bias. 
The number of counts observed at this bias was approximately 0-18 of the total 
number of counts, extrapolated to zero bias. 

Figure 1 shows the observations on the variation of counting rate with the 
distance of the source from the photomultiplier. This distance is expressed in 
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millimetres of standard air equivalent (15°c, 76cm Hg), the range of the 7!°Po 
x-particles being 38-2mm. The noise count of 370 counts/min has been sub- 
tracted throughout. The gross count curve ABC is attributed to counts arising 
from photons produced A at the source, B in the air between the source and the 
photomultiplier, and C in the glass of the photomultiplier. 

The counts A were eliminated by covering the source with an aluminium foil of 
1-3 mm equivalent air thickness, placed 0-1 mm in front of the source. Curve BC 
was then obtained, the distance being corrected for the equivalent air thickness of 
the foil. This curve shows two separate effects, one of which occurs only when the 
source is less than about 38 mm from the tube. Curve A gives the difference 
between curves ABC and BC, and represents the counts due to photons produced 


at the source. 
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A. Counts due to aie eae at the source. 
B. Counts due to photons originating in the air. 
C. Counts due to photons originating in the glass. 

The counts B, due to photons produced in the air, were next eliminated 
(fig. 2) by placing three aluminium foils, each of 1-3 mm air equivalent thickness, 
directly on the photomultiplier; curve II was obtained. When the distance of 
the source from the photomultiplier was corrected by the addition of the equivalent 
air thickness of the foils, curve I was obtained. It is seen that the photons cease 
to be detected when the source distance is greater than 38-2 mm air equivalent, i.e. 
greater than the «-particle range, and the number of photons detected increases 
with the residual range of the «particles inthe glass. Curve III was obtained when 
four more similar foils were placed on the photomultiplier. Curve III is parallel 
to curve II and coincides with it if the distance is corrected by the addition of the 
equivalent air thickness of the four extra foils. It is concluded that the photons 
are produced in the glass, and not in the aluminium foils, which have no effect on 
the number of counts observed. Curve C of fig. 1 shows the number of counts » 
due to photons produced in the glass. Curve B, obtained by subtracting C from 
BC, represents the counts due to photons produced in the air. 

These experiments were repeated with a fused quartz slab 1:45 mm thick 
placed on the photomultiplier. Photons produced in the quartz were detected, 
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and separated from those produced at the source and in air, by introducing 
aluminium foils above the quartz. When an aluminium foil was placed between 
the quartz and the photomultiplier, the effect was completely eliminated. ‘The 
results were similar to those obtained with the glass but the number of counts due 
to photons produced in the quartz was a factor of two less, and those due to photons 
produced in the air and at the source a factor of three less. This is attributed to the 
reduced solid angle of detection, and possible optical absorption in the quartz. 


§3. DISCUSSION 


It is concluded that the «-particles are responsible for the production of photons 
at the source, in air and also in glass and quartz. The effect cannot be ascribed to 
the weak y-radiation from ?!°Po, as the photons from the glass cease when the 
o-particles are unable to penetrate into it. 
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Arough estimate, made by extrapolating curve C of fig. 1 to zero source distance, 
indicates that the total number of counts due to photons that would be produced in 
the glass by 5-3 Mev «-particles is only 0-02 of the number of incident «particles. 
Assuming a mean photo-cathode conversion efficiency of about 2%, this indicates 
that only about one photon per «-particle reaches the photo-cathode. The total 
number produced may, however, be several times higher, since the glass is opaque 
at wavelengths below 320mp. ‘The results with the quartz indicate that it is 
reasonably transparent to the photons, and it would be desirable to repeat the 
measurements using a photomultiplier with a quartz envelope. 

Richards and Cole (1951) have described experiments in which they observed 
‘scintillations’ when thin films of many different materials were irradiated by 
w-particles from a strong *!°Po source. The ‘scintillations’ were only ovserved 
when the thickness of the film was less than the range of the c-particles 1a the 
material. In the majority of cases, the films were deposited on a 1mm quartz 
slide, which was reversed to take noise readings. Richards and Cole retecred 
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neither to the self-luminosity of the source nor to the photons produced by 
o-particles in air, quartz or the glass of the photomultiplier envelope. It appears 
from their report that in each case the residual range of the a-particles, after 
emerging from the film, was in one or more of these three materials. It is evident 
that some, and probably all, of the ‘scintillations’ ascribed to the thin films 
originated in the quartz, glass or air. This would explain their statement that 
“the efficiencies of all these films are approximately the same’’, since the efficiency 
in question would, in the majority of cases, be that of the quartz slide below the 
film. 
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ABSTRACT. Measurements of the breakdown strength of purified organic liquids have 
been made using rectangular voltage pulses of duration between 0-2 and 20 microseconds. 
The effects of cathode metal, y-radiation and of changes in pulse duration, electrode 
separation, temperature, constitution of the liquid, etc. lead to a theory of breakdown 
according to which an instability arises as a result of electron emission from the cathode and 
field distortion due to the movement of ions between the electrodes. Conduction measure- 
ments support the view that strong fields produce conduction by field emission from the 
cathode, together with ionization of the liquid molecules by electron collisions. This theory 
of breakdown accounts for the dependence of breakdown strength on electrode separation, 
cathode metal and pulse duration. It also suggests the relationship between breakdown 
strength and the temperature and constitution of the liquid. 


§1. INTRODUCTION 


HE problem of relating the breakdown strengths of liquids to their 

molecular properties involves the elimination of secondary mechanisms 

of breakdown, particularly the effects of dissolved gases and suspended 
solid particles (Clark 1933). The resulting increased dielectric strength has led 
to the search for an ‘intrinsic’ strength characteristic of the liquid only. 
There is, however, evidence that the electrode material influences the result, 
though, as will be seen, there appears to be a characteristic or ‘normal’ breakdown 
strength for a given liquid at a particular temperature with electrodes having 
a standard surface condition. 

One of the chief difficulties in previous experimental determinations has 
been the very large spread in breakdown strengths even when measured by a 
single observer with the same apparatus. Nikuradse (1931) and Inge and 
Walther (1935) showed that the employment of impulses instead of continuously 
applied voltages reduced the large spread. Macfadyen and Edwards (1949), 
using rectangular voltage pulses, found an approximately constant and repeatable 
breakdown strength when the pulse duration exceeded a few microseconds, 
together with a considerably enhanced strength as the pulse duration was 
reduced. Thus the employment of pulses not only helps to overcome 
experimental difficulties inherent in the nature of liquids, but it also reveals time 
effects which connect breakdown in liquids with the movements of ions 
(Attwood and Bixby 1943). ; 

The experiments to be described in §3 employ the technique of Macfadyen 
and Edwards with certain improvements and extra precautions. 


§2. MEASUREMENT TECHNIQUES 


2.1. Breakdown Strength Determinations 
Rectangular voltage pulses are applied to a test cell contained in a distillation 
apparatus similar to that described by Edwards (1951). The main features of 
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the apparatus are (i) a completely enclosed distillation and filtering system, 
(ii) the availability of fresh electrode surfaces and a fresh sample of liquid for each 
determination, (iii) provision for continuous microscopic observation of the gap. 

High voltage pulses are produced either from a hard-valve pulse generator 
with a voltage variable up to 11kv and a pulse duration variable between 0-2 
and 20 microseconds, or from a transmission-line generator with a voltage variable 
up to 35 kv and a fixed pulse duration of 11 microseconds. ‘The latter generator 
consists of a high impedance (1900 ohms) coaxial delay cable charged to a high 
voltage and discharged through a resistance. 

The electrode separation is measured by direct observation with a microscope 
having a micrometer eyepiece, the electrodes being illuminated from behind 
with collimated light. The electrodes (3 in. diameter spheres) are polished with 
a soft rotating mop using fine jeweller’s rouge. ‘They are heated in m-hexane to 
remove any grease from their surfaces, and after careful cleaning to remove dust 
particles are fitted into the electrode assembly and placed in the spark vessel. 


2.2. Reproducibility of Measurements 


In addition to the employment of voltage pulses and the careful removal of 
dust particles, further precautions are needed to reduce the scatter amongst 
comparable results. The preparation of the electrode surface greatly atfects 
the breakdown strength. ‘The use of any polishing agent coarser than the finest 
jeweller’s rouge leads to a spread in results. Electrolytic polishing is satisfactory. 
Also, unless a very thorough de-greasing is given after polishing, the performance 
of repeated tests with different areas of the same electrodes yields values of 
breakdown strength which fall progressively by as much as 25°, until a roughly 
constant value is attained. By using very fine rouge for polishing, degreasing the 
electrodes, carefully filtering the liquid and continuously examining the gap to 
remove dust particles, the scatter amongst comparable results has been reduced 
to less than 5%. 


§3. EXPERIMENTAL INVESTIGATION OF BREAKDOWN 
3.1. The Breakdown Time Lag 


Previous investigators (Macfadyen and Edwards 1949) have shown that the 
breakdown strength of a pure liquid is independent of the time of application of 
the field above a certain time tT» (a few microseconds). Below 7, the breakdown 
strength rises rapidly. In other words, between the instant of applying the field 
and the instant of breakdown there is a time delay 7 which equals 7) when the 
applied field is reduced to the minimum value F* to produce breakdown. This 
effect is illustrated in each curve of fig. 1, which shows a set of measurements on 
n-hexane with phosphor bronze electrodes, using the hard-valve pulse generator. 
When the pulse duration was set at a value less than 7) and the voltage was just 
sufficient to cause breakdown, the breakdown always occurred at the end of the 
pulse. When the pulse duration was greater than 7, breakdown occurred at a 
time 7). No time lags longer than ty have been observed except when initiated 
by dust particles at field strengths just less than F*. 

For pulse durations less than 7) each of the curves in fig. 1 can be represented 
by the empirical formula Fin C (ee (1) 


where Cj, c and 7,, are constants for the curve in question. If the equation 
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remained valid over the whole range of 7 the breakdown strength would be 
infinite for a pulse of duration equal to 7,,.. The three constants are determined 
from the observations by assuming tentative values of 7,, and drawing a series of 
logarithmic plots, the value which gives a straight line is accepted as 7,,, and rT, 
can then be calculated. ‘The values of these constants for various gap lengths 
using #-hexane are given in table 1. Figure 1 shows that as the gap length is 
increased the minimum breakdown strength F,* decreases at first and then 
becomes constant, whilst the limiting breakdown time 7, increases progressively. 
This gives rise to a region where Fy* is independent of gap length and pulse 
duration ; this value of Fo* will be called the normal breakdown strength F,*. 
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Fig. 2. Relationship between the limiting breakdown time 7») and the positive-ion transit time fp 
for various liquids. Phosphor-bronze electrodes were used. 


Two possible causes of time delay have been suggested: (1) the time taken 
for free electrons to receive sufficient energy to ionize the liquid molecules, 
(ii) the time taken for a low resistance path to be formed between the electrodes 
due to the movement of electrons and ions. 

Only the second explanation predicts that the breakdown time will be a 
function of the gap length / and the positive ion mobility k,. In table 1 the 
breakdown time 7, in n-hexane is compared with the positive-ion transit time ft, 


calculated from ty = l/h Fy* ec) 


The value of mobility k, (8-27 cm/sec per volt/em) has been taken from the 
measurements of Adamczewski (1937). The ratio 7)/t,) 1s approximately 
independent of the gap length, 7) being about one-third of fp. 

Determinations of this ratio have been carried out for a number of liquids of 
differing viscosities and hence different mobilities. ‘The results are shown in 
fig. 2. The breakdown time 7, was varied for most of the liquids by using several 
different gap lengths and, in the case of benzene, different temperatures. ‘The 
transit times were again calculated either from published experimental values of 
mobility (van der Bijl 1913) or by employing Adamczewski’s formula relating 


mobility to viscosity : ko = Con 8? (3) 
nC; spre © 


where C, is a constant. 
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Table 1. Variation of the Time Lag in n-Hexane with Gap Length 


Gap length / (1) 33 4] 47 54 61 68-5 
T> (psec) 0-6 11 1-2 1-6 1-9 2-8 
Tot (HSeC) 0 0-1 0-41 0-1 0:5 1-5 
F,* (Mv/cm) 1:76 + 1-43 1-24 1-24 1-26 1-26 
C, (mtv/cm) 2-7 2-6 2-5 2-6 2-6 2-0 
c 0-3 03 0:3 0-4 0-4 0-2 
ty (jusec)* 2-26 3-46 4-6 5-25 5-85 6°55 
Toltp 0:3 0-3 0:3 0-3 0-3 0-4 
T)—T oo (usec) 0-6 1-0 1-1 1-5 1-4 1:3 


* Calculated from Adamczewski’s value of mobility 8-27 x 10~* cm/sec per volt/cm. 


The value of 7)/t, for the non-polar liquids used is approximately 0-3, whilst 
for the polar liquids it is 0-1. This latter value is calculated assuming that the 
positive ion mobility for a polar liquid is given by eqn. (3), no mobility 
measurements being available for these liquids. The value of t/t, for both 
benzene and n-hexane was found to be independent of temperature. t)—7,, as 
calculated from eqn. (1) varies over a much smaller range than 7, itself; the values 
corresponding to the points in fig. 2 lie between 0-6 and 3 microseconds. 


3.2. Effect of Cathode Metal and y-Radiation on the Time Delay 


Although the ratio 7)/t, has been shown above to be independent of a number 
of variables, experiments performed on n-hexane show that 7)/¢, increases with 
increasing cathode work function (fig. 3 broken line). The electrodes used were 
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3 


Breakdown Strength F,* (mv/cm) 


4 5 
Work Function @ of Cathode (ev) 


Fig. 3. Variation of Fn* (full lines) and 7)/tp (broken line) with work function of cathode. 


not outgassed and values of the work functions were obtained by averaging 
figures quoted by Hughes and DuBridge (1932) for non-outgassed electrodes. 
It is probable then that the breakdown process in a liquid is affected by electron 
emission from the cathode as suggested by Young (1950) for liquids and highly 
compressed gases. As 79/t) for both benzene and n-hexane is independent of 
temperature it is also probable that the electron emission is not of thermionic 
origin. 

The irradiation of the cathode by intense ultra-violet radiation results in the 
breakdown strength of a gas being lowered (White 1936). An explanation in 
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terms of field distortion by space charges has been given by Meek (1940). It 
is possible then that the reduction in 7, with decreasing work function is due to 
the quicker formation of space charge in the liquid. 

Experiments on -hexane were performed using either a 400yc or a 5mc 
radium source to irradiate the electrodes. The analysis of the relationship 


Table 2. Effect of y-Radiation on Time Lag in n-Hexane 


y-radiation None 400 uc 5 mc 
c 0-3 0:3 0:3 
T oo (fesec) 0-7 0-3 0-2 
To (usec) ilo7 33 ileal 
Fy* (mv/cm) 1:38 iloily 1-20 
Taltp 0-4 0-2 0-2 
oe Tico (LLSeC) 1-0 1-0 0-9 


between breakdown strength and pulse duration is given in table 2. The break- 
down time is reduced considerably by the effect of y-radiation, although the 
interval t)—7.,, remains sensibly unchanged. The value of F,* is somewhat 
reduced by the radiation, but the difference corresponding to the two sources is 
probably not significant. At any rate, radiation is not necessary to give 
reproducible values of F,*, as in gaseous breakdown. 


3.3. Variation of Breakdown Strength with Cathode Metal 


There is evidence in the literature to suggest that breakdown strengths 
depend on the cathode surface conditions (Sorge 1924, Dornte 1939). The 
variation of F’,* with different cathode metals for n-hexane and methyl alcohol 
is shown in fig. 3 (full lines). The breakdown strengths of both liquids increase 
with increasing work function, suggesting that cathode emission is important 
in the breakdown process. A similar dependence on work function has been 
observed by Salvage (1951). 


3.4. Variation of Breakdown Strength with Gap Length 


The results illustrated in fig. 1 show that for n-hexane the lowest breakdown 
strength F,* is independent of gap length for values greater than 55. For 
values less than this F,* increases with decreasing gap length. ‘This is contrary 
to the results of Inge and Walther (1935) who, using millisecond impulses, showed 
that the breakdown strength was independent of gap length down to 2. The 
present work shows that, for all the liquids investigated, /)* is inversely 
proportional to gap length / below a certain value of /. A typical set of results 
for chloroform is shown in fig. 4, with breakdown voltage /)*/ plotted against /. 
Below 60, the breakdown voltage is constant; above 100, the breakdown 
strength decreases slightly with gap length, a similar effect being observed with 
other liquids. 

3.5. Effect of Temperature on Breakdown Strength 

The normal breakdown strength F,* ($3.1) of several liquids has been 
examined and found to decrease with increasing temperature. ‘The variation 
of F,* with temperature 7 for four paraffin hydrocarbons is shown in fig. 5,. 
a plot of log F,* against 1/7 giving a linear relationship represented by 


Pe Ol erp (ORT) on one 1 ees (4) 
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where C, and C, are constants. C;, is independent of cathode metal whilst C3 
increases with increasing work function. C; also increases linearly with the 
homologue in the paraffin series, as suggested by Salvage on the basis of 
measurements at one temperature only. Similar measurements made with 
chlorine-substituted hydrocarbons (CH,Cl,, CHCi;, CCI,) show a progressive 
increase in C, with increasing chlorine content in the molecule. 
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3.6. Discussion of Breakdown Measurements 

The dependence of normal breakdown strength F,* on cathode work 
function suggests that electron emission from the cathode is a contributory factor 
in breakdown. ‘The absence of a statistical time lag confirms this view. Both 
F,,* and its associated time lag rt) depend on the cathode work function in such a 
way as to suggest that cathode emission depends on field strength but not on 
temperature. ‘The constancy of t/t), in spite of variations in gap length, 
temperature, liquid, etc., indicates that breakdown is connected with the 
movement of ions. ‘The different values of 7)/t,, for non-polar and polar liquids 
may be due to either (a) wrong value for the positive ion mobility in a polar 
liquid calculated from eqn. (3) or (6) enhanced cathode emission due to the 
presence of a liquid of high dielectric constant. ‘The variation of Fy* with gap 


length (figs. 1 and 4) points to an electron multiplication process in liquid 
dielectrics. 


§4. ELECTRICAL CONDUCTION IN LIQUID DIELECTRICS 
4.1. Theories of Conduction in Liquids 

The experimental evidence summarized in §3.6 suggests that the important 
processes in breakdown are (a) electron emission from the cathode, (b) electron 
multiplication, (c) movement of positive ions in the field direction. 

These processes must also be important in electrical conduction in highly 
purified liquids having no impurity ions present. Several entirely different 
theories of conduction in pure liquids have been published; these will now be 
reviewed briefly so that the evidence in favour of the proposed mechanism can 
be assessed. 

Earlier investigators (Nikuradse 1932) obtained some evidence that 
ionization by collision occurred in liquids. Inge and Walther (1935) rejected 
this view on the grounds that the electronic free path in a liquid would be 
insufhicient for an electron tu acquire the energy (about 10 volts) needed for 
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ionization. ‘This objection was based on the idea that all collisions would be 
inelastic, but it stimulated a series of investigations designed to show that 
conduction in pure liquids was due entirely to cathode emission of electrons and 
their transport through the liquid (Baker and Boltz 1937, LePage and DuBridge 
1940, Dornte 1940). Ruhle (1941), reverting to the collision-ionization theory, 
showed that the cathode emission giving rise to ionization by collision was field 
dependent. He assumed that this was due to ionization at the cathode-liquid 
interface, as previously suggested by Nikuradse (1932), but it may well be 
due to field emission made possible at relatively low field strengths by the 
influence of the liquid. 

A theory not involving cathode emission was suggested by Plumley (1941) 
and investigated both by himself and Pao (1943). It is that the liquid acts like 
a weak electrolyte, and that an intense field encourages dissociation by reducing 
the binding energies within the molecule. The hypothetical dissociation process 


envisaged by Plumley 2G Hig CH; = CHa 


does not appear to be supported by other experimental evidence. Since an 
energy of 10-35 ev is needed to produce a similar positive ion (C;H,,+, Honig 
1948), with no comparable compensation from the formation of the negative ion, 
the proportion of ionized molecules at room temperature would be only 10-1”. 
This is inadequate to account for the observed conduction currents at low field 
strengths. 

Thus there is considerable evidence for electron emission from the cathode 
and no substantial evidence against ionization by collision. It is unlikely that 
electrons remain free in the liquid, but even if they become attached to molecules 
a possible explanation of collision-ionization is that, under the combined influence 
of thermal agitation and a strong field, the electrons occasionally break away 
and acquire enough energy to ionize a molecule. 

None of the contending theories of conduction in liquid dielectrics has been 
extended to explain breakdown. It was therefore decided to investigate the 
conduction of n-hexane under conditions similar to those already used in 
breakdown measurements. 


4.2. Measurement of Conduction Currents 


Conduction measurements have been made using stabilized voltages variable up 
to 10kv. It is believed that anomalies in current measurements observed by 
previous investigators are due to the attraction of small dust particles into the 
gap and also to ionic impurities. Considerable care has therefore been taken 
to remove such impurities. ; a: 

Two highly polished plane parallel metal surfaces are supported in the liquid 
in such a way that their separation can be controlled from outside the containing 
cell. Electrical leakage is prevented by means of guard-rings of deposited gold 
in all positions where surface leakage could occur. ‘The edges of the electrodes 
are rounded to prevent intense fields and continuous microscopic examination 
is provided. Liquid is distilled into the cell through a sintered glass filter and 
an electrolyser to remove ionic impurities, and is then returned to the distillation 
flask. The conduction currents are measured by passing them through 
high-stability resistors (10° to 10#2 ohms) connected to an electrometer triode 
circuit. Currents down to 10! amp can be measured. 
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The liquid under investigation is placed in the distillation flask with a 
suitable drying agent and frozen with liquid air. ‘The apparatus 1s then evacuated 
and, on heating, the liquid is allowed to distil around the system. A high voltage 
is applied to the electrolyser to remove ionic impurities. If any dust particles 
collect on the electrodes the liquid is emptied from the cell and fresh liquid passed 
through until no particles are visible. The presence of a particle during an 
experiment is usually detected by large fluctuations in the current. A test of 
the purity of the liquid is made at low field strengths (100 v/cm), for in this region 
the current density is roughly proportional to the applied field strength. 
A minimum conductivity of 10-!8ohm~!cm~ is usually obtained. 


4.3. Results of Conduction Measurements 


The variation of the conduction current in n-hexane with field strength for 
different gap lengths / using phosphor-bronze electrodes is shown in fig. 6. 
Each observation is the mean of five measurements, the spread being less 
than 10% if no dust particles are attracted into the gap. Previous investigators 
(Nikuradse 1932) reported that below 10 kv/cm the current density obeyed 
Ohm’s law, and that this was followed by a region of saturation. However, this 
effect was not found provided a high field strength was applied to the liquid 
. for several hours before the investigation, as found by Plumley (1941) and 
Pao (1943). The measurements are replotted in fig. 7 (full curves) as log 7 
against /, where z is the current density calculated on the assumption of a uniform 
distribution over the electrode face. On the simplest theory of ionization by 
lien fipao na Sige Qe aa (5) 
where « is the ionization coefficient and 7, the density of electron current leaving 
the cathode; the logarithmic plot should therefore be a series of straight lines. 
At the lower field strengths the lines are fairly straight, though increasing 
curvature occurs with stronger fields. ‘This effect has been attributed to 
recombination (Nikuradse 1932). The variation of « with field strength for 
different gap lengths (fig. 8) agrees with that found by Nikuradse, namely, « is 
proportional to E?. 

Extrapolation of the curves in fig. 7 to zero gap length (dotted portions) gives 
the emission density from the cathode 7. In fig. 9 these values are replotted as. 
log 7,/E,” against 1/F, and give a linear relationship. This variation of current 
with field strength is given by the Fowler-Nordheim (1928) relationship for 


field emission 1g? CXp 0) Ee asc (6) 


Conduction measurements have been made on n-hexane using a different 
cathode material (fig. 7, broken lines). The cathode current is nearly an order 
of magnitude less with steel than with phosphor-bronze electrodes, but there 
is little change in the values of «. The variation of the cathode current with 
field strength agrees with eqn. (6). Values of the constants a and 6 are given in 
table 3. These constants are also compared with the Fowler-Nordheim 
constants for a metal-vacuum interface, assuming that the (current, field strength) 
relationship for a metal—liquid interface is as given by the Fowler-Nordheim 
eqn. (6). The constant a is 10-4 of the value for a metal-vacuum interface, 
whilst the constant 6 is 10-* of the calculated value. Part of this large discrepancy 
is probably due to the lowering of the work function by the presence of a 
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dielectric (Kalabuchow 1934) and to emission from points. It is also probable 
that a part is due to the small range over which observations have been made, 


kv/cm 


220 
ee za 


S 
lo? a a 107? 
= Gap Lengths = 
S a 4204 ~ 
ws b 320k b > 
~ Cc 200k B 
5 d 125 Cc = 
2 eo. 58 = 
3 5.10°° = [oe 
[3] 
Ss co = 
= > a _ -o- ——100 
= osphor bronze 
s a Fikct redes 
— -© — Steel Electrodes 


lo!2 
0 100 200 0 100 200 300 400 500 
Field Strength (kv/cm) Gap Length (microns) 
Fig. 6. Conduction current in n-hexane Fig. 7. Conduction in 7-hexane plotted 
as a function of field strength. in accordance with eqn. (5), showing 


the effect of cathode metal. 
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the (current, field strength) relationship probably obeying a different law at 
high field strengths. 


Table 3. Fowler-Nordheim Constants for n-Hexane from fig. 9 (¢ in ev) 


In liquid In vacuo 
Cathode metal Phos.-bronze Steel 
a (amp/cm?) 276261029 Bt 10- 1:55 x10-§/6 
b (volt/cm) DON 02 2-66 x 10° 6:8 x 10769/ 


Although there are differences between the observed and calculated values 
of the constants in eqn. (6), there is evidence to suggest that conduction currents 
at high field strengths are due to collision-ionization by electrons emitted from 
the cathode under the influence of the strong field. For the purpose of 
formulating a theory of breakdown it will be assumed that cathode emission is 
governed by the Fowler—Nordheim equation. Should subsequent research show 
that the (current, field strength) relationship is different, modifications can be 
made, but the basic principle will remain unchanged. 
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§5. THEORY OF BREAKDOWN 
5.1. The Mechanism of ‘Normal’ Breakdown 

If the foregoing interpretation of the conduction experiments is accepted it 
is possible to show that a state of instability can result from the combined effects. 
of cathode emission and field distortion due to ionic movement. 

Assume that electrons and positive ions move under the influence of the 
field with mobilities k, and k, respectively and that an electron current of 
density 7, leaving the cathode causes collision-ionization with multiplication 
coefficient «. It can then be shown (Loeb 1939) that the field strength E at a 
distance x from the cathode of a plane-parallel electrode system with gap length / 
is given by 


d ett exe ext 
ee 2 A ee 
Prac) Sm ( iS 7) ae: (7) 


In deriving this equation it is assumed that time is allowed for a steady state to 
be reached; this time will be of the order of that required for a transit of the 
gap by an ion. ‘The coefficient « is regarded as independent of E, and 
recombination is neglected since an approximate allowance can be made for 
this by using a reduced value of « (fig. 7). 

Equation (7) is solved in §5.2, where it is shown that for a constant voltage V 
between the electrodes the field strength EF, at the cathode rises linearly with 7, 
(eqn. (11)). This is represented by P,Q, (fig. 10), the abscissa of P, denoting 
the mean field strength V,//, to which E, is equal when 7, is zero. P,Q, and P3Q, 
represent the relationship for higher applied voltages. ‘The curve OB represents 
the cathode emission current as a function of cathode field strength as given by 
the Fowler-Nordheim equation. For a low value of V// the steady condition 
is represented by the intersection R,, but as the mean field strength is increased 
a condition is reached where no stable current is possible. The limiting value 
V*/lis regarded as the breakdown field strength. 

In this breakdown criterion the value of V*/l depends on the parameters of 
the cathode emission equation (work function, etc.), the electron multiplication 
coefhcient and ionic mobilities. ‘The way in which these quantities vary with 
temperature and constitution of the liquid will influence the breakdown 
properties of the system. 


5.2. The Condition for Breakdown 
Integration of eqn. (7) gives 


hea 1 Dyes 
2— ay (es Ee eee 2 
E 8771, a (F + =) = | die* = oe | OR ae (8) 
where £,? is a constant. 
Insertion of the boundary condition 
l 
| dx = PL nts (9) 
0 
where F is the applied field strength, into eqn. (8) gives 
2a, t 1 be\ gerd 
He =e? —— —87i.{— +—])=5 |. 
5 [ ee 877, (F + =) TERIA (ome peo» (10) 


Near the breakdown conditions the values of « and / are such as to make the 
second term in the bracket much smaller than the first. For simplicity it will 
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be neglected. By putting «=0 and substituting eqn. (10) in (8) the cathode field 
strength F£, is given byt 


Eo 2mise ks he a ee ee, (11) 
For field strengths near breakdown eqn. (6) can be represented by 
CT DIOR THR cal Ne ids Be (12) 


From eqns. (11) and (12) the relationship between E, and F is given by 
CE 2 — bC,E. 
if ee ke Pe ee oe (13) 


where Cy=2z7ae*'l/k,. From fig. 10 the breakdown condition is that eqn. (13) 
shall have equal roots, and this is given by 

CCN) 

<= 1 eo 4C, . ea S88 \8T 2ie8 
By choosing suitable values of «, a plot of F(1—4C,) and 26C,(./C.—1) 
against F will intersect at the breakdown strength. 
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Fig. 10. Condition for breakdown. Fig. 11. Breakdown strength of 
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5.3. Calculation of Breakdown Strengths 


In fig. 11 a comparison is made between the breakdown strength of n-hexane 
as a function of gap length (a) as calculated and (6) as found experimentally. 
The variation of « with field strength for different gap lengths has been obtained 
from fig. 8. Had « been independent of gap length for constant field strength, 
then the breakdown voltage F’,*/ would also have been independent of gap 
length. The effect of recombination is to make /,* independent of gap length 
for values greater than about 70yu. Although the agreement between theory 
and experiment is partly fortuitous, values of « and 7, having been extrapolated 
over a wide range of field strengths, it is significant that the general form of the 
curve is correctly predicted. 

The Fowler-Nordheim constant a is inversely proportional to the cathode 
work function. Using values of a from table 3, the breakdown strength of 
n-hexane has been calculated for two different cathode metals. ‘The observed 
and calculated breakdown strengths are compared below : 


Cathode phosphor bronze _ steel 
Calculated strength (mv/cm) 27 1:58 
Observed strength (mv/cm) 1-24 1-48 


+ A similar equation has been developed by Meek (1940) for the case of a gas. 
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The calculations presuppose the attainment of a steady state of field 
distortion, which requires a time of the same order as the transit time of an ion. 
For breakdown with very short pulses a higher voltage must be applied in order 
to produce the necessary field distortion in the short time available. The rate of 
rise of breakdown strength with decreasing pulse duration will also depend on 
the variation of « with field strength in the high field region. 

The variation of breakdown strength with temperature and molecular structure 
will probably depend on the variation of « with these parameters. It is 
significant that the admixture of chlorine-substituted hydrocarbons with 
paraffins, which may be expected to decrease «, has been shown (Ruhle 1941) 
to increase the breakdown strength. 


5.4. Conclusion 


A direct confirmation of the above theory would be to demonstrate 
experimentally the increase in cathode field strength which had been predicted. 
Work is at present in progress to produce this evidence. It is also intended to 
extend the range of measurements of « and other parameters using pulse methods. 
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ABSTRACT. ‘The high-intensity components of solar radiation are defined as those 
components whose emitting regions occasionally attain brightness temperatures of 101° deg k 
ormore. ‘They have been referred to individually as enhanced radiation (or noise storms), 
outbursts and isolated bursts. 

Theories of origin in terms of thermal processes are examined and none are found 
capable of explaining the observational data. It is concluded that all three components are 
generated by the ordered (non-thermal) motion of electrons. 


Silly LUN FIM RONDO CAN IOYINS 


EVERAL components of solar radio-frequency radiation have been isolated 
and investigated. A basic component of thermal origin was predicted 
on theoretical grounds (Martyn 1946) and observed experimentally 

(Pawsey and Yabsley 1949). A slowly varying component was isolated and its 
origin, also presumed thermal, was discussed by Waidmeier and Muller (1950) 
and Piddington and Minnett (1951). ‘These components have brightness 
temperatures ranging up to about 10’ deg kK. 

Besides these thermal components there are others characterized by extremes 
of variability and intensity. As will be seen below, brightness temperatures of 
101° to 101! deg k or more have been reached by each of these components which 
are referred to collectively, therefore, as the “high-intensity components of solar 
radiation’. Individually they may be referred to (Pawsey 1950) as enhanced 
radiation (or alternatively, noise storms), outbursts and isolated bursts. 

The origin of these components is not yet understood. ‘Theories based on 
ordered (non-thermal) motion of electrons are generally favoured, but there are 
several which attempt to explain the observed radiation in terms of purely thermal 
processes. 

In an ionized gas such as the solar corona, thermal radio-frequency radiation 
is emitted and absorbed by electrons suffering random accelerations by electric 
or magnetic fields. The intensity of emission cannot exceed that of a black body 
at the gas temperature. If the gas is in local thermodynamic equilibrium then 
its temperature is related in a well-known manner to the average kinetic energy 
of the gas particles. In the absence of local thermodynamic equilibrium, as 
might be anticipated in the solar corona, the concept of temperature may be 
retained. Its value is similarly related to a suitably weighted mean particle kinetic 
energy. 

A significant difference arises if the accelerations of the charged particles are 


so ordered that the radiation emitted by each is in phase coherence. ‘The intensity 
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of emission is not then limited by (or even significantly related to) the temperature 
of the radiating particles. A striking example of radiation by ordered or non- 
thermal motion of electrons is that of a radio aerial emitting waves of very high 
intensity while remaining quite cold. va 

It is the purpose of the present paper to discuss the thermal theories of origin 
of the high-intensity components. 


§2. THE OBSERVATIONAL DATA 


Any satisfactory theory of origin of a component of solar radiation must show 
reasonable agreement with the observational data which is briefly reviewed here. 

Most important, perhaps, is the maximum brightness temperature; in thermal 
theories this provided a lower limit of the temperature of the radiating gas. 
Values of flux density at the earth up to 10-18 watts m-*(c/s)-? at 97 Mc/s have 
been recorded for enhanced radiation (Payne-Scott and Little 1951) and similar 
values for isolated bursts (Payne-Scott, private communication), while much 
higher values, up to 10- watts m-*(c/s) + at 60 Mc/s have been found for out- 
bursts (Pawsey 1950). The size of the source of each of these components is 
known to be about one per cent or less, of the solar disc, giving brightness 
temperatures of 10 deg kK or more for enhanced radiation and isolated bursts 
and 10! deg k for outbursts. 

Another important characteristic is the maximum rate of change, particularly 
of decay, of the component. Enhanced radiation, which usually persists for 
periods of hours or days, appears to consist of bursts rising from time to time 
above a relatively steady base level. Bursts may have decay periods less than 
one second and the base level of some minutes (Wild 1951). Outbursts which 
are highly irregular last for some minutes and often show substantial changes 
in a few seconds. Since refraction seems negligible, as indicated below, major 
intensity variations probably occur at the source. 

The observed spectrum of enhanced radiation is variable, sometimes being 
reasonably uniform over the frequency range (70-130 Mc/s) investigated by 
Wild (1951). On several occasions, however, it showed a maximum near 100 Mc/s 
with the intensity decreasing on either the high- or low-frequency side (or both) 
to half-value in 30 Mc/s or less. In the case of outbursts and bursts (either noise 
storm or isolated) the fall of intensity from maximum to zero may occur within 
2 to 10 Mc/s either on the high- or the low-frequency side of the spectrum (Wild 
1950:a;-by 1950); 

Observing at 97 Mc/s Payne-Scott and Little found enhanced radiation 
arising from about 0-3—-1-0 solar radii above large sunspots, usually spots which 
had reached their maximum size. ‘They consider refraction effects unimportant 
and that the sources are correctly located. Outburst sources move radially with 
velocities of about 10 km sec (Payne-Scott and Little 1952). 

Enhanced radiation, observed by Payne-Scott and Little (1951), usually shows 
nearly circular polarization. ‘The sense of polarization and polarity of the sunspot 
concerned are such as to indicate that the observed magneto-ionic component is 
that called the ‘ordinary ray’ (see §4). Outbursts and bursts usually show 
random polarization (Payne-Scott 1949, Payne-Scott and Little 1952), but on 
occasions outbursts may show marked circular polarization during part of their 
lifetime. 
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§3. EARLY THEORIES 

Kiepenheuer (1946) and Denisse (1947) have estimated the power radiated 
by electrons spiralling in the magnetic fields of sunspots. They have not, however, 
considered re-absorption effects and consequently have found values much higher 
than full black-body radiation for the assumed electron temperature. As the 
electron motion is random this result appears inadmissible. 

Saha (1946) and Saha, Bannerjea and Guha (1947) have suggested that the 
ordinary magneto-ionic component of solar radiation might escape from levels 
below the photosphere where the temperature was very high. Piddington and 
Minnett (1951) have shown, however, that this is only so for a vanishingly small 
range of directions about that of the magnetic field and so may be neglected. 

The thermal theory proposed by Waldmeier and Muller (1950) to account 
for the low-intensity slowly varying component appears to have been extended 
by them to include also enhanced radiation. This is obviously inadmissible 
because the brightness temperatures associated with this component may greatly 
exceed the maximum electron temperatures postulated by the theory. It seems 
probable as Piddington and Minnett (1951) have shown that there are two 
different components involved. 


4h [ROGEID IS) MIP TSL DOME 
Ryle (1948, 1949 a, b) has suggested that all solar, as well as galactic, radio- 
frequency radiation has its origin in thermal or ‘equilibrium’ processes. This 
theory was recently revived (Ryle 1950) and will be discussed here in some 
detail. 
(i) The Theory 


An attempt is made to account for brightness temperatures up to 10! deg kK 
on the Sun and 10" deg K on stars in terms of radiation by electrons having mean 
kinetic temperatures of similar magnitudes. According to the theory, the fast 
electrons are provided by electric fields induced by the movement of gases across 
magnetic fields. Such movement results from the non-uniform solar rotation 
and the solar general magnetic field and may be assisted by sunspot magnetic: 
fields. Radiation results from collisions of the fast electrons with other particles. 

Emission from an ionized gas is determined by the three quantities. 
x =47Ne?/w?m, y=He/wmce, z=v/w where N, e, m and v are the electron 
density, charge, mass and collision frequency respectively, w is the wave angular 
frequency, H the magnetic field strength and c.g.s. electrostatic units are used- 
The actual form of the relevant magneto-ionic equations depends also on the 
angle 6 between the direction of propagation and the magnetic field. 

Ryle considers that the longitudinal approximations should be used and that 
emission is mainly from regions immediately above the reflecting levels defined 
by «=1—y (extraordinary ray), x=1+y (ordinary ray) and y=1 (the gyro- 
frequency level, extraordinary ray).* Ryle considers that escape of radiation 
from the y=1 level past the (higher) x=1—y level is not possible and proceeds 
to investigate emission from the other two regions. 


x itudinal approximations is valid for reasonably large values of @ except 
in Ang one 0 ior ie OS “is Bee rece approximations nold for all but vanishingly small 
values of @ and x—1 defines a level of reflection. Thus the ordinary ray trom the (lower) x=14+4 
level is blocked and the observed ordinary ray originates above the x=1 level (1 iddington oes 
Minnett 1951). Absorption above the x=1 and x=1+¥y levels are of the same order (see, for 
example, Westfold 1951) so that the conclusions are not appreciably affected. 
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Expressions are found for the optical depths of the two radiating regions in 
terms of v and the gradients of x and y. The emissivity is proportional to v. 
Values were adopted of electron temperature and density of 10' deg k and 
108 cm-? at the extraordinary ray level and 10° deg K and 10!° cm at the ordinary 
ray level, and a value of the collision cross section of a proton for an electron of 
10-17 cm?. The assumed gradients of x and y are based on accepted electron 
density and sunspot magnetic field distributions. ‘These data lead to values for v 
of about 1 sec! and 500 sec"! for the two levels, and resulting values of brightness 
temperatures of 6 x 108 deg k and 2x10" deg kK at the extraordinary ray and 
ordinary ray levels respectively. Ryle considers that these estimates may be 
too low. 


(ii) Electron Collision Frequencies 


The principal objection to the above theory is that the electron collision 
frequencies have been grossly overestimated. ‘This was pointed out briefly by 
Piddington and Minnett (1951*) and mentioned by Ryle at a conference on 
“The Dynamics of Ionized Media’ held in London during 1951. The use of 
revised estimates of collision frequencies leads to brightness temperatures of 
3000 °k and 20000° x for the two regions dealt with above, instead of 6 x 108 deg k 
and 2 x 10’ deg k as found from the theory. 

Although the theory as originally formulated must be abandoned it is desirable 
to consider whether any possible distributions of electron temperature and 
density allow the theory to be reconciled with observations. For example, 
emissivity is increased by decreasing the gradients of x and y. However, it may 
be shown that the effective radiating region would have to be increased from 
about 10? km to about 10° km which is impossibly high. An overall increase 
in electron density is also ineffective since this is limited by reflection when 
x~1. It is concluded that no reasonable values of the various parameters will 
provide brightness temperatures as high as 101° deg kK and that the theory must 
be rejected. 

Further evidence against the theory is listed in the following section. This 
evidence is discussed in connection with radiation from the gyrofrequency level 
but much of it may be applied equally to the above theory. 

Although not directly relevant to the present discussion it may be desirable 
to mention a theory of support of the solar atmosphere advanced by Ryle (1948) 
as a by-product of his thermal theory. ‘The mechanism suggested is the reaction 
from radiation emitted downwards from the y=1 level. In estimating the 
intensity of such radiation the emission from individual electrons is summed, 
re-absorption and phase differences being neglected. The resulting intensity 
is far greater than black-body radiation at the adopted gas temperature. If the 


black-body value (the maximum permissible) is adopted, the supporting force 
is found to be negligible. 


§5. RADIATION BY ELECTRONS ACCELERATED BY 
MAGNETIC FIELDS 


The major difficulty met by Ryle’s theory is that the emissivity of the radiating 
gas decreases with collision frequency. Such is not the case for radiation from 
the gyrofrequency level (where y=1) where collisions are not necessary to 


* Also read at the Ziirich conference of Union Radio Scientifique Internationale, 1950. 
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provide radiation. Giovanelli (1948) has proposed a theory of high-intensity 
solar radiation in terms of radiation from this level. He mentions electron 
energies of 10° ev which would be capable of providing brightness temperatures 
up to about 10'° deg K. However, as Ryle (1948) and, in more detail, Piddington 
and Minnett (1951) have shown, as long as Appleton’s magneto-ionic equations 
hold such radiation is always prevented from leaving the solar atmosphere. 

There are two conditions for which these equations cease to hold. The first 
is for sufficiently low electron density (so that the spacing is an appreciable fraction 
of a wavelength), when the blocking layer ceases to exist and radiation may 
escape freely. This condition is unlikely ever to apply in the solar atmosphere 
as may be seen from the data discussed by Smerd (1950). The second condition 
is when the electron velocity is so high that the conditions of radiation are altered. 
The extreme case, when the kinetic energy of the electron is much greater than 
its rest mass energy, has been treated by Schwinger (1949) who shows that 
energy is radiated at frequencies much above the gyrofrequency*; such energy 
might be expected in general to escape from the solar atmosphere. This particular 
form of thermal emission was proposed by Alfvén and Herlofson (1950) to explain 
galactic radio emission as due to cosmic rays moving in magnetic fields. Ryle, 
at the London conference on ‘ Dynamics of Ionized Media’, suggested that solar 
thermal radiation might escape in the same way; this is contrary to his earlier 
(Ryle 1948) conclusion. 

It is also possible that radiation from less energetic electrons than those 
considered by Schwinger might escape from the gyrofrequency level because of 
Doppler shift effects. However, the components of radiation under consideration 
have brightness temperatures as high as 10! degxk (enhanced radiation and 
isolated bursts) up to 10%degxk (outbursts). The corresponding electron 
energies must be at least 10° to 10!4ev, values which would appear to qualify 
them for the Schwinger mechanism. 

It would appear, therefore, that this mechanism offers the most likely 
explanation of high-intensity radiation in terms of thermal processes. A com- 
parison is made below of the characteristics of radiation predicted by this theory 
and of the observed characteristics. For the purpose of completeness a brief 
discussion of the properties of radiation emitted by the Doppler shift process. 
is included. 


(i) The Spectrum of Radiation 


The spectrum from a single electron radiating by the Schwinger mechanism 
has a broad maximum at a frequency say f,. The intensity has only fallen by 
about 5% at frequencies of 30% above and below f,, and by a factor of 2 at 
frequencies of approximately 0-05f,, and 4f/,,. The combination of spectra of a 
number of electrons having different values of f,, must show an even more gradual 
fall in power. 

The observed decrease in intensity of enhanced radiation is often by a factor 
of 2 or more for frequencies 0-7f,, and 1:3f,,. This corresponds to a rate of 
decrease between 10 and 60 times faster than that predicted by theory. It is 
possible that increasing absorption effects in the low-frequency range might 


* The actual gyrofrequency of the fast electrons falls below that for slow electrons (given 
by y=1) because of the relativistic mass increase. Nevertheless, the frequency of maximum 


emission rises even more rapidly above that given by y=1. 
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account for a more rapid fall. If so, then the reverse should be true at the other 
end of the spectrum. It is concluded that the observed spectra are sometimes 
quite inconsistent with an origin by the Schwinger mechanism. In the case 
of bursts and outbursts the discrepancy is greater by an additional large factor 
(between 10 and 100 or more). 

The anticipated spectrum of radiation escaping by Doppler shift is less 
definite, depending on gradients of magnetic field and gas temperature. In the 
case of bursts and outbursts, however, it may be said that the observed spectra 
would indicate improbably high temperature gradients. 


(ii) The Rates of Fluctuation of Intensity 


Little may be said about the theoretical rates of increase of intensity of solar 
emission as these will depend on the unknown heating process. Rates of decrease 
of intensity may, however, be estimated from theoretical rates of cooling. At 
the high electron energies concerned collisions may be neglected and the particles 
assumed attached to the magnetic lines of force. The only appreciable loss of 
energy is due, therefore, to the radiating process itself. 

Schwinger (1949) has shown that an energetic electron moving with angular 
velocity wy in a circle radiates at a rate P=2e?w,"x*/3e where « is the ratio of 
the kinetic to the rest mass energy and is large. he frequency w,, at which most 
energy is emitted is given by: w,,=4w x? so that P=8e?w,,"7/3cea°. The total 
energy of the electron is «me? so that the time taken to lose all its energy at the 
above rate is given by T=(3c?m/e*)a?/w,,?.. A reasonable value of w,, for any 
of the components of radiation concerned is 27x 10® radians/sec so that 
T~ 10°a? second. Observed brightness temperatures correspond to values of 
a of at least 100 for enhanced radiation and isolated bursts and much higher 
for outbursts. This would correspond to decay times of thousands of years 
instead of a few minutes or seconds as observed. 

Similar difficulties (although not quite so extreme) are met in trying to’ 
explain observed intensity decreases if the radiation is emitted from the y=0 
level and escapes by the Doppler shift effect. 


(ui) The Polarization of the Radiation 


Radiation emitted by the Schwinger process should be plane polarized if the 
magnetic field concerned were everywhere uniform in direction. In general, 
however, it would be randomly polarized. The radiation is emitted from regions 
of low magnetic field (see (iv) below) and from levels in the solar atmosphere (§ 2) 
where the dielectric constant should not depart greatly from unity. It seems 
very unlikely, therefore, that the radiation reaching the earth should show 
appreciable signs of circular polarization. In the case of radiation from the 
y =9 level this should be strongly circularly polarized in a direction corresponding 
to the extraordinary ray. 

Most enhanced radiation observed was strongly circularly polarized and if the 
generally observed law of sunspot polarity held for the spots in question, then the 
radiation received corresponded to the ordinary ray. Bursts and outbursts are 
usually randomly polarized but the latter are sometimes circularly polarized 
during part of their lifetime. It is concluded that the observed polarization of 

-enhanced radiation is not consistent with an origin by the Schwinger mechanism 
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and that none of the high intensity components have polarization consistent with 
an origin at the y=0 level. 


(iv) Regions of Origin of the Radiation 


The frequency at which maximum emission occurs by the Schwinger process 
is related to the magnetic field H by the equation H=(2me/e)/w,,/o2. If Wm 
corresponds to 100 Mc/s, then H=71/«? and substituting values of « =100 for 
enhanced radiation and 10° for outbursts, the corresponding values of H are 
about 7 x 10-* gauss and 7 x 10° gauss respectively. This suggests that if the 
emission were by this process then it would tend to take place in regions well 
away from large spots and not, as observed, within a solar radius or less of these 
spots (see, for example, Smerd 1950). 


§6. DISCUSSION 


The theory of high-intensity solar radiation in terms of thermal emission by 
electrons gyrating in a magnetic field has been tested by comparing observed 
and predicted characteristics of the radiation. Whether the radiation is presumed 
to escape by the Schwinger or Doppler shift mechanisms there is marked disagree- 
ment between theory and experiment. ‘The discrepancies are so great that it 
appears necessary to discard both forms of the theory. 

Before concluding it is desirable to point out two further objections, of a more 
general nature, which apply to any of the thermal theories discussed above. 
As evidence in favour of his thermal theory Ryle (1949 a) attempted to show that 
solar radiation by non-thermal processes such as those found in discharge tubes 
was not likely to be appreciable. He showed that certain characteristics of a 
discharge tube, notably a sharp plasma boundary, were unlikely to be duplicated 
in the solar atmosphere and concluded that radiation due to plasma oscillations 
would not exist. However, other workers (notably Bohm and Gross 1949) have 
pursued the investigation further and advanced sound reasons why solar radiation 
by non-thermal processes should be emitted. In this connection it is important 
to note that if one of the high-intensity components is found incapable of 
explanation in terms of purely thermal processes, then an effective non-thermal 
process must exist; this at once overcomes the difficulty of explaining the other 
high-intensity components. 

A second general objection to the thermal theories lies in the proposed 
mechanism of obtaining the very fast electrons necessary. Both Ryle and 
Giovanelli suggest an origin in the electric fields induced by the movement of 
magnetic fields in the atmospheric gases. ‘This mechanism has recently been 
criticized by the author (at the 1952 Sydney conference of Union Radio 
Scientifique Internationale) on the grounds that the gases in question move 
with the magnetic fields and have no appreciable electric fields induced in them. 

It is concluded that none of the high-intensity components of solar radiation 
may be satisfactorily explained in terms of purely thermal process; ordered 
(non-thermal) motion of electrons must play a part. . 

Finally, it may be pointed out that Ryle’s (1949 b) theory of cosmic radio 
waves (and of cosmic rays) by thermal processes, is open to similar criticism. 
Brightness temperatures postulated by him of 10" deg K or more, if they really 
occur, are as difficult to explain as those of 101° deg K on the Sun. In any case if 
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non-thermal radiation originates on the Sun it is likely to do so elsewhere in the 
universe and to provide a very reasonable source of cosmic radio-frequency 
radiation. 
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ABSTRACT. The theory of random signals, as applied by various workers to the 
phenomenon of random fading of pulses singly reflected from the ionosphere, is considered 
critically. It is shown that, contrary to the prevalent idea, the velocity distribution of fading 
is independent of the power spectrum of the returned wave. This invalidates the ordinarily 
accepted explanation of certain observed departures from theory. An alternative explanation 
of these departures is given, which explanation is quantitative in character and can therefore 
be experimentally verified. The influence of a steady signal superposed on the randomly 
fading wave, on the velocity distribution of fading is investigated. It is found that unlike the 
effect on the amplitude distribution, the effect in this case is very small, resulting only in a 
very slight increase in the velocity of fading. An alternative method of determining the 
autocorrelation function of the fading pattern (from which the power spectrum of the 
returned wave can be derived by inverse Fourier transform) is given. This provides an 
alternative method of determining the velocity of drift of ionospheric irregularities. The 
method of deriving the theoretical power spectrum returned by drifting ionospheric 
irregularities has been improved upon, yielding a form of the power spectrum which appears 
to be more in accordance with observations. 


§1. INTRODUCTION 

ADIO waves received by reflection from the ionosphere are found to undergo 
spontaneous variations of amplitude, commonly known as ‘fading’. 
It has been found that the fading variations can be periodic, quasi-periodic 
or random. Often, one type of fading is superimposed upon another. ‘These 
have been ascribed to various causes. For instance, periodic or quasi-periodic 
fadings may be caused by interference between the ground wave and the sky 
wave or between sky waves reflected from different regions of the ionosphere 
(Banerji and Mukherji 1948, Banerji and Singh 1949). Similar types of fading 
may also be observed when there is interference between the two magneto-ionically 
split components. However, if observations be made on pulses singly reflected 
from the ionosphere (as in ionospheric exploration) instead of on a continuous 
wave or on broadcast transmission, then the first of the above two causes becomes 
inoperative and any periodic fading observed is only to be ascribed to interference 
between insufficiently resolved magneto-ionic components (Mitra 1949 a, 1950). 
Now, it has been found that fading occurs even when only one of the magneto- 
ionic components is received (by circularly polarized aerials), that is, even with 
a single downcoming wave. Such fadings are of a random character and have 
been ascribed by Ratcliffe (1948) to the presence of irregularities in the reflecting 
or transmitting regions of the ionosphere. ‘These irregularities act as scattering 
centres and there is interference between the large number of incoherently 
scattered echoes. Some aspects of this type of random fading will be considered 

in this paper. In particular the following points will be discussed. rh 
(i) A neglected term in Fiirth and MacDonald’s formula for random noise (§ 2). 
Since the scattering centres are always subject to motions, slight Doppler shifts 
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will be introduced in the frequency of the scattered waves. ‘The composite echo 
received may then be looked upon as due to interference between a number of 
waves whose frequencies are spread over a narrow power spectrum and which 
are in random phase. The phenomenon is thus analogous to random circuit 
noise which has been analysed by Fiirth and MacDonald (1947). S. N. Mitra 
(1949 b) and MeNicol (1950) have, therefore, utilized the results of Firth 
and MacDonald for the determination of the random motion of the scattering 
centres from observations on the fading of singly reflected pulses. Both the 
authors have, however, reported a significant departure of the velocity of fading 
from the gaussian distribution predicted by Fiirth and MacDonald. Mitra has 
tried to explain this departure on the assumption that the velocity distribution 
among the random scatterers is different from the gaussian, and hence gives rise 
to a non-gaussian power spectrum. It can, however, be shown that the shape of 
the velocity distribution curve will be gaussian irrespective of the shape of the 
power spectrum of the returned wave. ‘There must, therefore, be some 
explanation other than that given by Mitra of the departures observed by him. 
It will be shown that the origin of the departure is traceable to an approximation 
used by Firth and MacDonald which, though of little importance in their 
experimental condition, gives rise to a significant departure under Mitra’s or 
MceNicol’s condition of experiment. 

(ii) Effect of the presence of a steady component on the shape of the velocity 
distribution of fading (§§3 and 4). ‘The effect of a steady component on the 
velocity distribution of fading does not appear to have been studied, though 
its effect on the amplitude distribution has been analysed by Rice (1945). The 
latter effect consists of a definite deviation in the shape from the amplitude 
distribution deduced by Rayleigh. A need for the study of the former is, 
however, also there, since a steady component in the returned echo has been 
found by McNicol (1950) and also by Banerji—rather strong—when the echo 
is scattered from the irregular structure of the E, region of the ionosphere (1951). 
As rapid random fading generally coincides with the incidence of the E,, it is 
pertinent to enquire what the shape of the velocity distribution would be in the 
presence of a steady component. The analysis reveals that the deviation from 
gaussian is rather small, the change being towards a slight increase in the velocity 
of fading. 

(111) A possible method of investigating the motion of the ionospheric irregularities 
(§§5 and 6). As pointed out above, the shape of the velocity distribution curve 
does not give us any idea of the shape of the power spectrum of the components 
of the returned composite echo. A method has been described whereby, by 
studying the variation of the standard deviation of the distribution with the 
interval chosen for the calculation of the velocity of fading, an insight is obtained 
into the nature of the power spectrum. However, to make any use of this 
knowledge of the power spectrum we must have a knowledge of the power 
spectra due to different types of motion in the ionospheric irregularities. We 
consider two extreme types of motion, namely, a steady drift and an absolutely 
random motion of the irregularities. Ratcliffe (1948) has considered the power 
spectrum of the case in which the echoes are from irregularities in absolutely 
random motion. It is recognized, however, that steady drifts of the irregularities 
are also very often present. We have, therefore, deduced in §6 the shape of the 
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power spectrum for the case of an ionosphere containing steadily drifting 
irregularities. By comparing the power spectrum obtained by the above analysis 
with those deduced from drifting and random models we can distinguish 
quantitatively between the two types of motion. 

Results of closer study into the effect of different power spectra on fading curves 
and methods for their analysis will be published in the near future. The effect 
of the superposition of the two types of motion is at present under investigation. 


§2. RECONSIDERATION OF FURTH AND MACDONALD’S THEORY 
AND SOME OF ITS CONSEQUENCES 


Furth and MacDonald start with the expression for the joint distribution 
formula given by Rice (1945). According to this formula, the joint probability 
dp (R,,R,) that the amplitudes of a randomly varying signal are R, and R, at the 
instants ¢ and t+7 respectively is given by 


Ap,(Ry, Rs) =~ Iy4 242 +22) exp { — sR e+ Re) dR AR, (2.1 
merce 22 (122 2), = [Wir) dv. b= {W(0) cos lnty —v,)r dy, 


Aza Wp) sin 2a(v.v5)r dvi eh Bae ee (2.2) 


W(v) represents the power spectrum and.v, the midband frequency of the 
returned wave. ‘his general expression has been used by Fiirth and MacDonald 
for the case of a train of waves having a narrow gaussian power spectrum. We 
shall apply the reasonings of these authors to the case of any power spectrum. 
If we put (u?+A?)!2=¢(1 —e), R,//=r,, Ro/s/b=re eqn. (2.1) may be written 


a Tylo lee Ty1o = Te ers" ») 3 
dp, = "2 1, (JY) exp pah tan dis. eee (2.3) 


‘This, again, we can write as 


ase Tats le ry. _( =p dy. dy. Toe 
dp, = a exp | — ts} 1 € 3) exp De Pe a hie ea 
Introducing the ‘velocity’ of fading v, defined as v, =r, — 7, putting ro(7, + ¥,) = 2" 
and integrating over z from 0 to « we get the velocity distribution 
_ exp ee 2{2n(1 -)y" y {" —e 3 \ 
oP {Qme(2—e)(1—e)}¥2 Jo {e(2—c)}?2 °| « 2-« 
3 (eee lel Qe 
SADE SASS LIE os Sty CIS EAN Ee (2.5) 
{u 7+ 427} 
To integrate this analytically Fiirth and MacDonald make the assumption that «€ is 
sufficiently small (i.e. the power spectrum is narrow and the time interval + small) 
to warrant the replacement of J,(x) by its asymptotic expansion e*/(27x)"* so 
that (2.5) reduces to 
_ exp {—0,2/2e(2—«)}du, fi 22" exp {—27/(2—e)} livia (2.6) 
PO) Fre l—p® Jo (wR +4)” 
The assumption that « is small makes another simplification possible. The 
integral is a rather slowly decreasing function of v,. Hence, if « is small enough 


to make the exponential term in (2.6) very sharp, any effect of the variation of 
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the integral will be suppressed and the effect will be as ifthe integral has its 
value at the origin for all values of v,, i.e. that | 
exp {—v,2/4e 
dp(o,) = aye i Sat A (2.7) 
It will be noticed that except for the narrowness no assumption has been made 
regarding the form of the spectrum, and the gaussian form of the velocity 
distribution is not a consequence of the power spectrum being gaussian. 

The explanation given by Mitra needs a detailed discussion in this connection. 
According to that author, the deviation of his experimental curve from the 
gaussian is due to the fact that the distribution of velocities among the scattering 
sources, and hence the power spectrum of the returning wave, is different from 
gaussian. It may, however, be noted that the deduction of Furth and MacDonald’s 
theoretical result as analysed above, shows that a gaussian distribution of the 
velocity of fading will result irrespective of the shape of the above power spectrum. 
It is only the standard deviation of the velocity distribution and not its actual 
shape which is determined by the power spectrum. ‘The deviations observed 
by Mitra are therefore not adequately explained by his theory. 

One may enquire if the deviations are due to the assumption that « is small. 
In Furth and MacDonald’s experiment on radio noise, 7 was taken to be of the 


Fig. 1. Variation of the integral of eqn. (2.5) Fig. 2. Values of p(v7) for two values of « 
as a function of v7. The parent gaussian curves are drawn in 
broken lines. Note that the deviations 
become appreciable as € increases. (The 
p(vr) curves are not normalized.) 


order of 10% second, a fact that justified their assumption, and hence their 
experimental results agreed with theory. In the case of fading analysis, however, 
7 is about 100 times larger, and it is doubtful whether corresponding values of ¢ 
would be small enough to justify Fiirth and MacDonald’s approximations. 

To investigate this point we have integrated numerically the integral in 
eqn. (2.5) fur different values of v,. Figure 1 shows the function obtained in this 
manner for «=0-10. ‘The form of the function is not very sensitive to changes 
in « within the range of values likely to be encountered in actual fading study. 
Figure 2 shows the form of p(v,) for two different values of « together with the 
nearest gaussian distributions. ‘The increase of deviation with increasing « may 
be noted. 


§3. FADING CHARACTERISTICS IN PRESENCE OF 
A STEADY ECHO 
To deduce the fading characteristics of a randomly varying wave in the 
presence of a steady component we have first to deduce the bivariate probability 
distribution of the amplitudes at instants separated by finite intervals of time. 
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‘The expression for this probability function, in the absence of a steady component, 
has been deduced by Rice and is given in eqn. (2.1) above. We will follow a 
procedure analogous to that followed by him. 
According to Rice, a randomly varying signal can be written as 
I(t) =I, cos 2avot + I, sin 2vot ee eee (al) 

where J, and J, are normally distributed and vy is the midband frequency of 
the spectrum of the fluctuating wave form. R=(J,2+I,2)? is easily seen to give 
the instantaneous amplitude. If we are to deal with the signal at two instants 


t and t+7 then we have to consider the probability distribution of four variables 
Leas Loi, Tez, Ig related to I(t) and I(t+7) by 


I(t) =I, cos 2mvot + I, sin Zia lee? Pee (3.2@) 
I(t+7) =I cos 2rv(t+7) +1 sin 2av(tt+T)  — ...... (3.2 5) 
In this case, the tetravariate probability distribution of the I’s is given by 
aI. dl aI. dI5 1 2 2 2 2 
dp, = ee eat) oe | - IP eal tds? ae leo plas) 
‘fF: 21(Lel ee ee I412) ae 2A Leteo ca Tala) | pha oe (3.3) 


x, , A being defined in eqn. (2.2). 
If again, the signal be not purely random, but has a separate steady signal 
of amplitude P, then the signals at t and ¢+7 are to be written as 


Wd) ant Fels \comiimpita i sin Dorval W «= 185 8 © Bacon: (3.4) 
I(t+7) =(P+1,2) cos 27vo(t +7) +1gg sin 2arv9(t +7). eee O40} 


In this case, the four components are not completely random in the sense 
that their mean values are no more zero and their product moments are much 
increased. By defining the corresponding amplitudes by R, and R, the 
completely random variables now can be expressed as 

PeneOet wee = a icaei pial ceo COSU, ld) Rosin 0, =1.55 51a) 
the @’s being arbitrarily introduced parameters to retain R,?=(P+J.4)? +17, 
and similarly for R,. 

We have now to express eqn. (3.3) as a function of the k’s so that integration 
over 0, and 6, will give us the joint probability distribution of R,; and Ry. It 
will simplify calculations if we assume that the frequency spectrum of the signal 
is symmetrical. ‘This is so in most of the cases of waves returned from an 
irregularly reflecting ionosphere. Hence we can put A=0 so that replacing the 
values of I,,, Lg, etc. in (3.3) we have 


% ised ed Pe Y(R,2+R,?) PR, cos 6, 
OP Ege) PL ee Re) ee 


, psdia 3 
of ($2 + oe cos ay) cos 0, + i 2 sin 0, sin as} | dR, dR, dé, dé,. 
po yep 7 


We first integrate over es pea expression for dp, can then be written as 
R,R (Ry? + Ry?) PR, 
db. rage | Fre 7 aaa LP Lee tO 


aL) GARY ag htattisoe} "Yom 
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1 24+ P ’ 
since x] exp (iz cos 0) d =J)(z) and J,(iz) = Io(z) (Watson 1944, pp. 20, 77,. 
hp 


This has now to be further integrated with respect to 6,. For this we recail that 
I){(a2 +b? +. 2ab cos 6)1?} = I,(a)1p(b) +2 & I,(a)I,(b) cos nb* 
n=1 


whence (3.7) can be written as 


RiR,dRydRy { P2  WR2+R, seh any poses 
Dig 


oe ee "te 2G) SLE 
«fa (PB) (PB) +2 | (PB) (Pi eee 


It will be noticed that eqn. (3.8) reduces to eqn. (2.1) if P=0, as expected. 


§4. THE SPEED OF FADING 
We will now deduce the velocity distribution of fading by a method analogous 
to that of Fiirth and MacDonald. Before that, however, a few approximations 
have to be introduced. ‘These approximations follow basically from that of 
Firth and MacDonald, namely that the spectrum is narrow or (%—2)/s is small. 
Under such conditions we can take 1.R,R,/(y? — u?) to be large except for very 
small values of R, and R,. Hence, since . 


L@)\ed Qe 2rs) ha = eae (4.1) 
eqn. (3.8) can be simplified. We will first make substitutions similar to those 


in §2, and write (/—p)/p=e; Ry/Vb=n; Ro/Vtb=72; P/+1/s=¢ so that after 


the above approximation, we have 


= Tile g (7) —7.)” Ye 
dp, = (Grea e)/(1—4e) exp (- =) exp {= east exp (- zt), 
< (tars) 215 13 a : (7, + r)} Gt, Qty) ee eae (4.2) 


Defining the velocity of fading v, as in §2, transforming the coordinates to 75. 
and v, putting v,?+4r,(r,+v,) =x? and integrating over x 


__exp{-@/(2—<)}de, vee 
Hen = ay %{- a5 ta} 


ouhe : (= -) exp{ = ws} (2? 0p) MP ice eae (4.3) 


Since we need this integral only for small value of v, (large values being 
taken care of by the strong exponential term in (4.3)) we put (x?—w,2)!2~ x so 
that the integral becomes 


es) x x2 
| Lo (=) x exp { “apes 5} Ge eke (4.4) 


and, since for small values of x, [((«)~ 1, the integral is approximately 
ie qx x? ( x? 
a e i a 2 eS 
LJ, #laEe) #7 (ama | APL aaa 


* Watson (1944) p. 128, remembering J», (iz)=i" I, (z) and Jn (—z)=(—1)" Jy (2). 
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The first integral can be shown (Watson 1944, p. 393) to be equal to 


Ziaese) CP 4g (2—4)) oe ee (4.6 a) 
while the second easily simplifies to 
Zee) tespi cote), - | a (4.66) 
Equation (4.3) therefore takes the form 


(1— 36)? ar Pa 


~ AGES cmavr rg meet | - SO OS 


x | 1—exp{ ~ 5@} + exp{— 5 - =o} | ee (4.7) 


giving us the complete expression. It is to be noticed that the result does not 
take into account the correction term introduced in §2, and hence is accurately 
valid for only small values of «. It will also be noticed that the curve remains 
gaussian both for very small and very large values of g, being slightly wider in 
the latter case. ‘The difference between the two extreme gaussian distributions 


=<), = 05 os £0 


Fig. 3. Velocity distribution of fading in the Fig. 4. Disposition of a_ typical 
presence of a steady signal of strength twice scattered ray in relation to the 
the r.m.s. value of the random signal (q¢=2). position of the observer and the 
The corresponding curves without the scattering ionospheric plane. 


steady signal are shown in broken lines 
alongside each curve. It will be noticed 
that the widening effect of the steady signal 
is greater the greater the value of «. (The 
curves are not normalized.) 


being small, it is evident that for intermediate values of q the difference will also 
be small. Figure 3 indicates two such curves and the nearest gaussian 
distributions. 


§5. DERIVATION OF THE SHAPE OF THE POWER SPECTRUM 
FROM FADING DATA 


It has been pointed out in §2 that the shape of the power spectrum of the 
returned wave cannot be deduced from the delineation of the velocity distribution 
of fading. Some knowledge about the nature of the shape of the frequency 
spectrum is, however, very useful, because from such knowledge the nature of 
the motion of the ionospheric irregularities can be known. Hence, we discuss a 
method whereby the shape of the power spectrum can be deduced by noting 
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how the standard deviation of the velocity distribution changes as one changes 
the duration 7 on which our analysis has been based. 
We have, from definition 


pr) = ie W(v) cos 2n(v—v9)t dv; Xr) = fe W(v) sin 2n(v—v9)r dv, ... (5.1) 


whence ene fe WV expiants ewan a 5 ee 
From this it follows from the theory of Fourier transform that 
Wr) = is (eo expy = 2ay aed (5.3) 
the real part of which gives us 
Wo)= | Ta OOS any an i Mc) Sin Oe ead (5.4) 


Since in almost all practical cases the returned power spectrum is symmetrical 
we can putA=0. Hence, if we know wu as a function of 7, we can find W(v) by 
the Fourier transform (5.4). We therefore give 7 a number of successive values 
and analyse the corresponding fading curves to get a number of values of « in 
the curves (2.5). From these the corresponding values of « can be obtained 
and the power spectrum determined. 


§6. POWER SPECTRUM FOR THE CASE OF STEADY DRIFT OF THE 
SCATTERING CENTRES 

A form of the power spectrum for the extreme case in which the scattering 

centres are drifting steadily has been deduced by Booker, Ratcliffe and Shinn 

(1950) for the case of a plane wave scattered by a completely rough ionosphere. 

In view of the above discussion, however, it would be useful to consider the case 

of similar scattering of a spherical wave which is more akin to the radiation 
patterns of the actually employed transmitting aerials. 

In fig. 4 let ZP be the plane of the ionosphere, with the scattering centres 
drifting in the X direction with velocity—v. Let h be the height of ZP above the 
observation point O. ‘Then any point P on the plane can be represented by the 
spherical polar coordinates (0,4). We assume that the aerial has an 
omnidirectional characteristic, that the scattering centres are uniformly 
distributed over the plane and that the coefficient of back scatter is the same for 
all the centres. ‘hen the power scattered back to unit area at a given point on 
the ground by an element dw of the ionosphere is directly proportional to the 
solid angle subtended by the element at O and by that subtended by unit area 
on ground at the element, i.e. to dw cos? 0/72. 

Let A be the power scattered back per unit area overhead, i.e. where the 
solid angle is 1/h®. ‘Then the power scattered back from any element of area dw 
is seen to be, on replacing values of dw and r 


W(0,$)=Ah® sin@cos0d0dp. =, (6.1) 


Now, the Doppler shift € undergone by the ray scattered back from the 
point (9, ¢) is dependent on (4, ¢) and is easily seen to be given by 


€ = —(2yvpv/e) sin 8 cos ¢. 
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To find the total power scattered from the points within an area in the plane 
in which € is constant, we transform coordinates according to the following 
scheme 

cos 6=(c cosec ®/2yv)E=y, sayP~=O ~—.... (6.3) 
and integrate over the elements of constant €; d6@ dd will transform according to 
the scheme 


dé db = 0 1 d) dé 
c cosec @/2v9v ~—c cot © cosec O/2r,v 


where y is given by (6.3), so that we have, transforming (6.1) 


47,¢Cc0S®  dvd@ 
W(O, v) = Ah? 20, . (1—y?)2 oh eee Sis siete ters (6.4) 


Integrating over © ieee oe OO 
VE ea ar a 

Bot (Taye) 
The limits of this integration are determined from the following consideration. 
Fora given € it is easily seen that the points producing this amount of Doppler shift 
are confined within a strip of the plane in which @ and ¢ are connected by 
eqn. (6.3). It will be seen that for values of ¢ lying between 0 and 27, cosec © 

must always lie between 1 and a value such that 


chi2ue cain ©, Mgmter tat ee sheet (6.6) 


Hence, for points within the strips © can go up to the value 7/2, but will never 
have a value less than that defined by (6.6). Also, as € goes on increasing, a value 
is reached when the left-hand side in the inequality (6.6) becomes 1, whereby © 
reaches the value 7/2 and the integral vanishes. 

Hence, the power spectrum is given by 


Tyee E “Z saer pe for lp elo neics eure (6.74) 


YoU 2VyV 
and W(v) =0 for[v—vg|2>2vpv/e...... (6.7) 
vy being the midband frequency which, evidently, is the same as the sounding 
frequency. 


The power spectrum is thus seen to be semi-elliptical. Kerr and Shain (1951) 
have deduced a semi-circular power spectrum for a similar phenomenon, namely, 
fading radio waves scattered from the librating moon. 


§7, CONCLUDING REMARKS 

The discussions in the previous sections show that the prevalent idea that 
the velocity distribution of fading is the same as the power spectrum of the fading 
wave is untenable. It is, however, on this assumption that Mitra had offered 
explanation of the observed departures of the random fading curves from theory. 
The alternative explanation as provided here is independent of such assumption. 
Further, this explanation, unlike the previous one, is quantitative in character 
and makes experimental verification possible. Unfortunately, the published 
data and curves of random fading are not sufficient for the verification of the 
alternative explanation. An experimental set up for the necessary observations 
is shortly expected in this laboratory. When this materializes a quantitative 
verification of the suggested explanation will be possible. 

PROC: PHYs,. SOC. LXVI, Z=—B 
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The analysis also shows that, if the power spectrum be narrow, the shape of 
the velocity distribution is not very much affected by a steady reflection 
superposed on the randomly fading wave. There is only a slight increase in the 
velocity of fading. This result is in contrast to that obtained by Rice for the case 
of amplitude distribution where the superposition of a steady signal changes 
markedly the shape of the distribution curve. 

An important parameter of a rough ionosphere is the velocity of the scattering 
centres. As has been indicated by Booker, Ratcliffe and Shinn (1950) the 
auto-correlation function of the fading curve can be utilized for determining this 
velocity. An alternative method has been suggested in this paper for determining 
the auto-correlation function from the variation of the standard deviation of the 
velocity distribution with the basic time interval r. ‘This is expected to yield the 
function more readily for small samples (Kendall 1946), being more closely related 
to the variate difference analysis. It has also been pointed out how the power 
spectrum of the returned wave is derivable as the inverse Fourier transform of 
the auto-correlation function. ji 

The work of Booker, Ratcliffe and Shinn on the theoretical derivation of the 
power spectrum returned by steadily drifting ionospheric irregularities has been 
extended to the case of spherical waves. The interesting result obtained is that 
the power spectrum for the latter case gives rise to an oscillatory correlation 
function which is similar rather to that observed by McNicol than to that derived 
by Booker, Ratcliffe and Shinn. 

The auto-correlation method provides a useful device for studying the motion 
of the ionospheric irregularities. Unlike Briggs, Phillips and Shinn’s (1949) 
method however, the direction of the drift remains unknown in this method. 
The latter, however, may be obtained by suitably modifying the power spectrum 
by special design of the aerial system. 


ACKNOWLEDGMENTS 


The author wishes to express his gratitude to Professor S. K. Mitra for his 
constant encouragement and interest. Thanks are also due to the Ministry of 
Education, Government of India for having provided him with a scholarship 
under the Research Training Scheme as recommended by the Scientific 
Manpower Committee. 

REFERENCES 

BANERJI, R. B., 1951, Indian F. Phys., 25, 359. 

Banerji, S. S., and Mukuerji, G. C., 1948, Phil. Mag., 39, 697. 

BanerjI, S. S., and Sincu, R. N., 1949, Sci. and Cult., 14, 294. 

Booker, H. G., Ratcuirre, J. A., and Sunn, D. H., 1950, Phil. Trans. Roy. Soc. A, 262, 
579. 

Briccs, B. H., PuiLiips, G. J., and SHinn, D. H., 1949, Proc. Phys. Soc. B, 63, 106. 

Forru, R., and MacDonaLp, D. K. C., 1947, Proc. Phys. Soc., 59, 388. 

Kerr, F, J., and Suan, C. A., 1951, Proc. Inst. Radio., Engrs., 39, 230. 

KENDALL, M. G., 1946, Contributions to the Study of Oscillatory Time Series (Cambridge : 
University Press). 

McNico1, R. W. E., 1950, Proc. Instn. Elect. Engrs., 96, Pt. 111, 366. 

Mirra, S. N., 1949 a, Proc. Instn. Elect. Engrs., 96, Pt. III, 441 ; 1949 b, Ibid., 96, Pt.II1, 
505 ; 1950, Indian F. Phys., 24, 197. 

RatcuirFE, J. A., 1948, Nature, Lond., 162, 9. 

Rice, S. O., 1945, Bell System Tech. F., 25, 48. 

Watson, G. N., 1944, A Treatise on the Theory of Bessel Functions, 2nd edn. (Cambridge : 
University Press). 


a 


The Measurement of the Absolute Viscosity of Anomalous 
Fluids 
I: The Measurement of the Time-dependence of Viscosity of 
Thixotropic Materials 
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ABS TRACT. The methods of measuring the absolute viscosity of anomalous fluids are 
reviewed briefly, and an improved method is given, which is an extension of Mooney’ Ss 
method, and’ which makes use of a simple concentric cylinder viscometer, It is shown 
that if a suitable technique is used information on the time-dependence of the absolute 
viscosity of thixotropic materials can be obtained either with this instrument or with a 
parallel disc viscometer. 


§1. INTRODUCTION 


HREE distinct methods have been suggested for determining the relation 
between the shearing stress and the velocity gradient in materials. 
exhibiting anomalous flow properties (hereafter referred to as anomalous. 
fluids), but the conditions of operation in each case are such that only anomalous. 
fluids of one very special type can be used satisfactorily. Richardson and Tyler 
(1933) used anomalous fluids of the correct type and measured the shearing stress. 
and the velocity gradient directly in a concentric cylinder viscometer but the 
method, which makes use of a velocity detecting probe, is open to the objection 
that the probe affects the flow condition in the sample. ‘The second method, due 
to Lindquist and Sierichs (1950) who recognized the need for the correct type of 
anomalous fluid, makes use of a concentric cylinder viscometer which can be 
used with a number of cylinders of different radii so that an extrapolation can 
be made to zero gap width. Though fundamentally sound the method is inaccurate 
and does not compare with the third method which is potentially the best of the 
three and which alone will concern us here. It is based on the assumption that 
the shearing stress distribution is known at all points in the viscometer, and it is 
usually ascribed to Rabinowitsch (1929) or to Mooney (1931). ‘The former 
developed it theoretically for the flow of anomalous fluids through a simple 
Poiseuille tube viscometer, and the latter extended it to the case of the concentric 
cylinder viscometer and considered also the effect of slip at the walls in both 
instruments. It has also been considered in slightly different forms by Schofield 
and Scott Blair (1930), Reiner (1930), Eisenschitz (1933), Soltoft (1948), Oldroyd 

(1949), Clark and Deutsch (1950) and Krieger and Maron (1952). 
It is the purpose of this paper to show that the Mooney method can be 


developed, not only to enable measurements made with a concentric cylinder 
H=2 
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apparatus on a very special class of anomalous fluids to yield absolute viscosity 
determinations without recourse to approximate methods or to the use of extra 
cylinders (cf. Krieger and Maron), but also to enable a quantitative study of the 
time dependence of viscosity of thixotropic fluids to be undertaken, and this 
for the first time. Since a parallel disc viscometer is also well suited for these 
studies this too is discussed. The Poiseuille tube viscometer on the other hand 
is not considered here because it is suitable only for materials which show no 
time dependence of viscosity at constant shearing stress, and such materials, 
other than Newtonian fluids, exhibit characteristic rheological properties which 
tend to make the Rabinowitsch treatment invalid unless special precautions are 
taken. This particular aspect is considered in greater detail in a companion 
paper (Thornton and Rae 1953) which deals with the measurement of absolute 
viscosities in such an apparatus. 


§2. CLASSIFICATION OF MATERIALS 


For the purpose of this discussion it will be convenient to distinguish two 
types of anomalous fluids. Defining the viscosity as the ratio of the shearing 
stress to the rate of shear for a small element of volume of the fluid, the first is 
the normal thixotropic type, for which the viscosity changes are reversible and 
for which the viscosity is dependent on (a) the previous shear history of the 
element and (b) the applied shearing stress; the second is an instantaneously 
thixotropic type, for which the viscosity changes are reversible but for which 
the viscosity is dependent only on the applied shearing stress. 


§3. CONDITIONING OF SAMPLES 


Experimentally it is found that if a constant shearing stress fy is applied for 
a long time to a normal thixotropic sample the effect of previous shear history is 
obliterated and an equilibrium viscosity 7, which is a function of the shearing 
stress only, is obtained. If subsequently a different shearing stress f is applied 
for a given time t the viscosity 7 at the end of that time is a function of fy, f and ¢, 


and ” SN ee t). asc eee (1) 


Similarly, since prolonged maintenance of a velocity gradient g) can also 
obliterate the effect of previous shear history, the subsequent maintenance of a 
velocity gradient g for a time ¢ leads to the relationship 


9) S(O eAthena (2) 

Thus if an element of volume of an anomalous fluid has been subjected first 
to the shearing stress f, till the equilibrium viscosity 4) has been obtained, and 
then to the shearing stress f for the time 7, an effective shear history which is 
reproducible has been obtained and, provided the viscosity 7 can be measured, a 
method is available for studying the time dependence of viscosity of thixotropic 
materials for particular values of f) and f. Alternatively if the velocity gradient 
is kept constant the time dependence of viscosity for particular values of gy and g 
can be investigated. 

As will be shown in §5 the absolute viscosity of thixotropic samples which 
have been conditioned in this way to the shearing stresses fy and f can be measured 
in a concentric cylinder viscometer, and in a parallel disc viscometer if the 
conditioning has been to shear rates g, and g. 
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§4. THE MEASUREMENT OF THE ABSOLUTE VISCOSITY OF 
INSTANTANEOUSLY THIXOTROPIC MATERIALS 
(i) The Concentric Cylinder Viscometer Method 
, Consider an instantaneously thixotropic fluid in a concentric cylinder 
viscometer with inner and outer cylinder radii equal to a and b respectively. 
The torque C per unit length of the cylinder is given in the usual way by 


Cine (wae) Oy tT ee, (3) 

where / is the shearing stress at a radial distance r and 

J cant Gide Wet 4, ee Nae eee (4) 
if w is the angular velocity of the fluid at the radial distance r. Thus since C is 
constant 

dw = df/2n 
and ioe { di 1D estoe este Wile ee (5) 
B 


if « and f are the shearing stresses at the radial distances a and 6 respectively 
(i.e. f, and f,), w,,g is the relative angular velocity of the two cylinders, and there 
is no slip in the fluid at the walls. When 0 is infinite, that is for a semi-infinite 
sea viscometer, 


Pee | Mare 4 al hoe (6) 
gives the angular velocity of the inner cylinder if the outer is considered at rest, 
aoe Reidide., ~~ ~~ ass. (7) 
where 7, is the viscosity at the shearing stress «. ‘This gives 

bas OE ee Ae (8) 


a Arra® ding, 9 
and the absolute viscosity can be determined from the slope of the graph relating 
Cand w, 4. The procedure involves measuring the angular velocity and shearing 
couple of the inner cylinder of a semi-infinite sea viscometer, and is not practicable, 
but fortunately these values can be computed fairly simply from the data obtained 
with an ordinary concentric cylinder viscometer. 

From eqn. (3) the ratio K of the shearing stress at the outer cylinder to that 
at the inner cylinder is always a constant for a given viscometer, and since 
K =a?/b? = B/« it can be made as small as desirable by suitable choice of a and b. 

Equation (5) for a practical viscometer can be rewritten 

Ot df 

Ka 2n 
and when there is no slip it can be shown that w,9=@g,Ka+@xa,o and 
Oxy 0 = Ka, K(Ko) + RUKx),9 and so on, so that the angular velocity of the cylinder 
of a semi-infinite sea viscometer operating at a shearing stress « can be obtained 
by using a concentric cylinder viscometer with the inner cylinder operating at 
shearing stresses x, Ka, K*x and so on, and summing the relative angular 
velocities between the inner and outer cylinders obtained in each case. 
Theoretically this is an infinite series, but in practice if K is equal to 0-1, the 
contribution of angular velocity from the third term is approximately only 1% 
of the whole, even with Newtonian fluids. With instantaneously thixotropic 
samples even the second term can be neglected in most cases. 


We, Ko. 
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' Equation (8) can now be rewritten 


wpe Bescon a Cee ae eee) (9) 
Na 47a? d( wy, Kat Ka, K(Ka)+ are ) 


and the few terms of the summation required to give a highly accurate result 
can readily be found from the graph of C plotted against ,, xq. 


(ii) The Parallel Disc Viscometer Method 

Consider an instantaneously thixotropic fluid in a parallel disc viscometer 
‘with a guard ring to ensure uniform shearing between the two discs. Let the 
radius of the upper disc, normally supported from a calibrated torsion wire, 
be a and let the couple C’ be applied to the upper when the lower disc rotates 
with an angular velocity w. 

For an annulus of the sample between radii 7 and r+ dr the velocity gradient 
g, if there is no slip, is everywhere rw/h, where h is the distance between the two 
discs, so that the couple C’ is given by 


C= | 2xr*(ng) dr 
0 


tf 
“whence oO =sne | y d(g*) 
0 
where y is the velocity gradient aw/h at radius a and 
Zadar GO) 
Un aE TT cee eee (10) 


where 7,, is the viscosity at the velocity gradient y. ‘The absolute viscosity can 
thus be found from the equation 


BAC ECC 
Ny = saa (Ze — ! ste (11) 


$5: THE MEASUREMENT -OF THE ABSOLUTE VISCOSITY OF 
THIXOTROPIC MATERIALS 


Since the absolute viscosity of an anomalous fluid can be measured 
comparatively easily if the viscosity is a function only of the applied shearing 
stress, thixotropic viscosity changes can be followed in a thixotropic sample 
provided the viscosity of the sample at every point in the viscometer is controlled 
so as to be a function of the applied shearing stress alone. 

‘The concentric cylinder viscometer allows this condition to be attained fairly 
readily. If a given constant couple C per unit length is applied to the specimen 
for a long period the effect of previous shear history can be wiped out, and an 
equilibrium viscosity for the appropriate shearing stress fy can be obtained for 
all values of r between a and b. 

If after this conditioning of the sample, the applied couple is altered suddenly 
to a fraction 1/m of its previous value, the applied shearing stress f at any radius r 
will be 1/m of its previous value. 

But eqn. (1) can be rewritten for these conditions as 7 = F(mf, f, t) which 
expresses the viscosity relationship for all points in the viscometer. If the time ¢ 
is also given an arbitrary value the viscosity of the fluid at all points in the 
viscometer can be represented as a function of the applied shearing stress only, 
and it can be measured as for an instantaneously thixotropic sample. 
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In this way it becomes possible, in general, to find not only the equilibrium 
viscosity at a given shearing stress f, but also the viscosity corresponding to the 
shearing stress f applied for a time ¢ after equilibrium at f, had previously been 
attained, and the relationship » =F (fy, f, t) can be investigated for all values of 
To f and t. 

In a similar manner the parallel disc viscometer can be used to condition 
the sample to an equilibrium viscosity corresponding to a maintained constant 
velocity gradient g)=7w,/h at a radial distance r if w, is the relative angular 
velocity between the discs and is maintained constant. If the angular velocity 
is suddenly changed to a new and constant value w, the velocity gradient g at 
any point will be altered in the ratio w/w», and if the time ¢ for which this new 
velocity gradient is maintained is given an arbitrary value the viscosity relationship 
of eqn. (2) is simplified and the viscosity becomes a function of the velocity 
gradient g only and can be measured. 

Using these techniques it is possible to study the relationships given by 
eqns. (1) and (2) and to investigate the relaxation processes which take place in 
thixotropic ‘build up’ and ‘breakdown’. 
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ABSTRACT. The assumptions inherent in the Rabinowitsch and Mooney methods of 
measuring the absolute viscosity of anomalous fluids are considered critically, and practical 
methods are suggested for overcoming the difficulties which arise in these determinations. 
Absolute viscosity measurements have been obtained on instantaneously thixotropic samples. 
with a suitably modified Poiseuille tube apparatus and a concentric cylinder viscometer, 
and the results are shown to be in agreement within the limits of experimental error over 
the range of shearing stresses considered. 


§1. INTRODUCTION 


EF ORE attempting a serious investigation of the phenomenon of thixotropy 
by studying the time dependence of the viscosity of thiotropic fluids as 
outlined in Part I (Thornton 1953, to be referred to as I), it was considered 

necessary to check the validity of the method. Since a suitable way of doing this 
was by showing that the absolute viscosity of instantaneously thixotropic fluids is 
independent of the apparatus used for its measurement, experiments were 
designed to check whether the viscosities of such materials, when measured with a 
concentric cylinder viscometer, were in agreement with those obtained with a 
Poiseuille tube apparatus. This investigation necessitated the preparation of 
suitable samples and the study of their behaviour under the special conditions 
of the experiment. 


§2,. THE CHARACTERISTICS OF INSTANTANEOUSLY 
THIX@O TROPICS EU ED'S 

The phenomenon of instantaneous thixotropy can be recognized in many 
dispersions of finely divided solid particles in liquid media. It is undoubtedly 
due in part to the existence of strong inter-particle attractions, but it is likely that 
the rigidity of the solid particles also plays an important part, since emulsions and 
dispersions of colloidal macromolecular materials which lack this rigidity in the 
dispersed phase tend to exhibit visco-elasticity and normal rather than instantaneous. 
thixotropy, peculiarities which render these materials unsuitable for investigation 
by means of the Poiseuille tube apparatus. 

Strong inter-particle attractions in a solid—liquid dispersion give rise, in the 
absence of applied shearing stress, to flocculation. If the concentration of the 
dispersed phase is low this leads to sedimentation of the solid phase, giving rise to a 
heterogeneity in the sample on a macroscopic as well as on a microscopic scale. If 
the concentration is high the flocculates may be so closely packed together that 
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they form a connected structure throughout the volume of the dispersion. Sucha 
dispersion is stable and acts as a homogeneous fluid on a macroscopic scale. The 
low concentration suspensions are unsuitable for prolonged viscosity experiments. 
because of the complications arising from sedimentation. The high concentration 
suspensions on the other hand are suitable, but the high concentration of the dis- 
persed phase automatically introduces complications because at low shearing 
Stresses an anomalous fluid of this type behaves as a rigid structure or false body, 
and it appears to be a general characteristic of instantaneously thixotropic 
materials that they have a double yield value: a static yield value f, defined as the 
shearing stress required to start flow in the material at rest, and a dynamic yield 
value fy defined as the shearing stress at which flow ceases in the moving material. 
Moreover since solid bodies do not transmit hydrostatic pressures in the same way 
as a liquid, the behaviour of instantaneously thixotropic samples in Poiseuille 
tubes, where plug flow must inevitably take place, must be investigated carefully, 
and it becomes necessary, therefore, to consider critically the assumptions of the 
elementary Rabinowitsch theory (Rabinowitsch 1929) for the special case of 
instantaneously thixotropic materials. 


§3. POISEUILLE-TUBE INSTRUMENT 


(1) Assumptions which govern Instrument Design 


In deriving the expression for the shearing stress at a given radial distance r 
from the axis it is assumed in the Rabinowitsch treatment that the pressure over 
any plane perpendicular to the axis of the tube is constant, but because the solid 
plug of an instantaneously thixotropic material may affect the distribution of the 
hydrostatic pressure forcing the fluid along the tube, this condition is normally 
invalid. In fact the driving force on the solid plug can be regarded in part as a 
direct (solid) thrust on it by the material in the reservoir supplying the tube. 
Though the magnitude of this thrust is not easily derived mathematically, 
experiment has shown that it gives rise to errors of 10-15% in the estimation of the 
pressure gradient required to produce a given efHux rate, and leads to sericus 
errors in the measurement of absolute viscosity. 

In order to remedy the improper pressure distribution due to plug flow it is 
necessary to eliminate the direct thrust on the plug from the reservoir. ‘This can 
be done by bringing the sample in the tube to the fluid state over the whole cross- 
sectional area of the tube, at some point along the tube, so that the hydrostatic 
pressure acting at that point is wholly responsible for forcing the fluid (and the 
solid plug which forms later beyond this point) along the tube. For this special 
case the pressure gradient along the remainder of the tube, which is defined here 
as the effective part of the tube, is uniform and the equations developed by 
Rabinowitsch and by Clark and Deutsch (1950) are valid. 

Experimentally it is found that most instantaneously thixotropic fluids tend to 
slip at a smooth wall when a shearing stress is applied. A careful study of this 
phenomenon, using the tube apparatus and also a special apparatus designed for 
the purpose of studying slip and yield value, seems to indicate that slip is produced 
by a local breakdown in the homogeneity of the sample, whereby liquid exuded 
from the bulk material acts as alubricant. Since it is difficult to obtain consistent 
results when slip is allowed it is clearly advisable to aim at eliminating it, rather 
than attempting to measure it as Mooney (1931) did. With the subsidiary 
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apparatus it was found that consistent results could be obtained and there was no 
evidence of slip, provided the surfaces were roughened to such an extent that the 
surface irregularities were small on a macroscopic scale but large in comparison 
with the size of the particles in the suspension used as the anomalous fluid. 


(ii) Assumptions which govern Measuring Technique 


Owing to the existence of a double yield value it is found that the relationship 
between the velocity gradient g and the shearing stress f is not single-valued for all 
values of f for instantaneously thixotropic samples: the theory requires that this 
relationship shall be single-valued. Figure 6 shows the relationships which have 
been obtained experimentally for two such samples. They are typical of substances 
of this class, and one of them (sample A) indicates that the material im the fluid 
condition exhibits a single-valued functional relationship between g and f which 
does not apply to the unstable transition from the false body to the fluid state at the 
shearing force f,. Once the material has been brought into the fluid state by the 
application of a shearing stress greater than /, it remains in that condition for all 
values of the shearing stress greater than fy. Thus for shearing stresses between 
fa and f, the behaviour of the sample depends on its previous state: if it were 
previously in the fluid state it gives rise to a velocity gradient appropriate to the 
applied shearing stress, but if in the false-body state it does not yield. In an 
instrument such as the tube apparatus where both fluid and false-body states occur 
together, difficulties may arise if the conditions are such that material in the false- 
body state is being broken down into the fluid state during the experiment ; 
for example, immediately after the rate of flow of the substance through the tube 
has been increased, and before the equilibrium conditions governing the radius of 
the solid plug have been established along the full length of the tube. If sufficient 
time is allowed for equilibrium conditions corresponding to a steady efflux rate to 
be attained no difficulty arises, and since it is considered that all the material 
entering the effective part of the tube does so in the fluid state, the solid plug must 
be formed from fluid material, and the conditions in the tube are those appropriate 
to a single-valued functional relationship between g and f. Reducing the shearing 
stress in the tube does not invalidate this condition, and since the adjustment in the 
radius of the solid plug can be expected to take place along the full length of the 
tube immediately the pressure gradient is reduced, this eliminates the period of 
waiting to ensure equilibrium conditions. This method was used in practice. 


§4. CONCENTRIC CYLINDER INSTRUMENT 
(1) Assumptions which govern Viscometer Design 


The instrument is so designed that the outer cylinder, which contains the 
sample, rotates about a vertical axis, and that the inner cylinder which is suspended 
in it can be aligned on the same axis. The region round the lower ends of the 
two cylinders gives rise to an end effect in the treatment of the flow between 
concentric cylinders, but this can be made comparatively small by using long 
cylinders, and the effect can be measured and eliminated by the method of 
differences if readings are taken for different depths of fluid. Experimentally 
it was found that the end correction was equivalent to an increase in the depth 
of sample used, and that this correction factor wa sindependent of the speed and 
-of the quantity of material used, within wide limits, for any particular sample. 
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The consideration of slip at the bounding cylinders is the same as that for 
the tube wall, and if the surfaces are suitably roughened slip can be eliminated. 


(it) Assumptions which govern Measuring Technique 


As in the case of the tube instrument the unwanted values of the (velocity 
gradient, shearing stress) curve, which arise only when material in the false-body 
state is being broken down into the fluid state, can be eliminated by using a 
suitable measuring technique. When the radius of the boundary between the 
fluid and the false-body state is being increased, the example of sample A in 
fig. 6 indicates that the shearing stress at the boundary is the static yield value; 
when it is being decreased the stress is the dynamic yield value. It can be shown 
that for any shearing stress at the inner cylinder the relative angular velocities 
of the two cylinders when the volume of the material in the false-body state is 
(a) increasing, and (b) decreasing, differ by a constant amount. Thus since 
the absolute viscosity is determined from the slope of the curve relating applied 
couple and angular velocity in this viscometer, it can be obtained by utilizing 
the conditions corresponding to either (a) or (b) above. 

For the first condition to hold the sequence of events must be such that 
although readings are taken at constant angular velocity of the outer cylinder, 
the progressive changes in this velocity must represent a decrease, whereas for 
the second condition there must be a progressive increase. 

Consider now progressive changes involving an increase in the angular 
velocity. Starting at the lowest shearing rate a difficulty arises because all the 
material in the viscometer is originally in the false-body state and before any 
of it can be obtained in the fluid state, a shearing stress f, must be applied at the 
inner cylinder. But the fluid material obtained at this shearing stress is only in 
equilibrium at the appropriate velocity gradient which is not necessarily the 
arbitrary velocity gradient which is produced at the moment of breakdown by 
the rotation of the viscometer cup. Readjustment of equilibrium is brought 
about by a return swing of the inner cylinder, but this also introduces an 
uncertainty in the value of the shearing stress applied at the interface between 
the fluid and false-body states. A certain increase in the angular velocity is then 
required before it can be assumed that the shearing stress at the false-body 
surface is the static yield value. 

Similarly when the progressive changes in the angular velocity of the outer 
cylinder represent a decrease difficulties are encountered at the highest velocities. 
The highest angular velocity produces a shearing stress /, in the material at the 
false-body surface, and in the fluid bounding this surface the velocity gradient 
is that appropriate to this shearing force; but as the angular velocity of the outer 
cylinder is reduced, the shearing stress at the false-body surface is also reduced, 
and although the fluid state is not transformed into the false-body state as long 
as f is greater than f, nevertheless the velocity gradient at the false-body surface 
is altered. Thus it is not until the angular velocity of the outer cylinder has 
been reduced sufficiently for the position of the interface between the fluid 
and the false-body states to move that reliable results, consistent with the 
single-valued function relating g and f for the fluid state, can be obtained. . 

Provided these difficulties are avoided either the progressively increasing or 
the progressively decreasing angular velocity method is suitable for measuring 
absolute viscosity, and in fact both methods have been employed. 
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§5. THE DESIGN OF THE TUBE INSTRUMENT 


The essentials of the tube instrument are shown in fig. 1. The flow tube A 
is of glass and is connected directly to the reservoir B along which a close fitting 
plunger C can be driven at any of a set of predetermined rates governed by a 
constant speed motor, to give definite known rates of flow in the flow tube. In 
order that the equations of viscous flow developed by Rabinowitsch may be 
valid it can be shown that the samples must be brought to the fluid state at all 
radii at some axial distance along the flow tube. A grid or an obstacle E is therefore 
inserted near the reservoir end of the tube to restrict the cross-sectional area of 
the tube sufficiently to produce fluid flow, as distinct from plug or false-body flow, 
immediately beyond it. The portion beyond this point is the effective part of 
the flow tube, and to prevent slip it is necessary for its inner surface to be 
roughened. 


Fig. 1. The tube instrument. Fig. 2. The concentric cylinder 
instrument. 


‘The excess pressure in the material undergoing flow at a distance D from the 
end of the tube open to the atmosphere is equal to the pressure exerted by the 
wall of the tube on the material at this axial distance. Hence, if a small portion 
of the tube wall is removed at this point, and an external air pressure equal to the 
pressure in the material applied at the hole so made, the flow will not be disturbed. 
The pressure in the material, due to the flow, can then be found by measuring 
the applied pressure. In the instrument a hole F is bored in the wall of the 
tube near the reservoir end, but in the effective part of the tube. This hole and 
a short portion of the tube containing it are surrounded by a small closed pressure 
chamber G which is connected to a variable manometer H, K, which enables the 
applied pressure to be adjusted. 

The experimental procedure is to set the rate of flow at its maximum value 
and to adjust the pressure in the chamber, by means of the movable limb K of 
the variable manometer, until the boundary between the material in the tube 
and the air in the chamber is stationary and at the position formerly occupied 
by the tube wall at the hole. This pressure is measured on a fixed manometer 
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not shown in the diagram. ‘The next lower value of the rate of flow is then selected 
and the pressure in the chamber readjusted for equilibrium at the hole for this 
new rate. Provided the whole apparatus is suitably temperature controlled 
a series of values of the rate of flow and the corresponding pressures can be 
obtained enabling the relation between the viscosity and the shearing stress at a 
definite temperature to be determined. 


§6, THE DESIGN OF THE CONCENTRIC CYLINDER VISCOMETER 

The essentials of the concentric cylinder viscometer are shown in fig. 2. 
‘The outer cylinder A, which contains the sample and rotates about an axis B 
which can be adjusted to be vertical, is driven by a special motor which acts 
essentially as a constant speed motor with an infinitely variable gear ratio over a 
ratio of speeds 400:1. The inner cylinder C, which is roughened sufficiently 
to prevent slip at the walls, is suspended by a long torsion wire D from a rigid 
support E which can be adjusted so that the axis of this cylinder is coaxial with 
that of the outer cylinder. The angular deflection of the suspension wire is 
used in the usual way to determine the torsional couple per unit depth of sample 
at any angular velocity of the outer cylinder. 

Though the ratio of the radii of the inner and outer cylinders is not critical, 
this was taken as 1: 1/10 to simplify the correction for changing the measured 
angular velocities to those for a semi-infinite sea viscometer, but in practice it 
was found that the correction terms for the instantaneously thixotropic samples 
investigated were all negligible, the concentric cylinder apparatus itself acting as 
a semi-infinite sea viscometer. 

To ensure accurate control of the temperature of the specimens, all of which 
exhibited a large temperature dependence of absolute viscosity and had a low 
thermal conductivity, it was necessary to keep the temperature of the inner 
cylinder as well as the outer constant. ‘This was done in practice by surrounding 
the outer cylinder with a constant temperature oil bath maintained at the same 
temperature as a lagged enclosure which surrounded the upper part of the inner 
cylinder and the material under test, and which had its own auxiliary temperature 
controlling apparatus. With this arrangement the temperature of the system 
was controlled to +0-1°c, and the viscosity variations of the samples on this 
account were estimated, from experiments performed over a range of temperatures, 


at 0-75% at 25°C. 


§7. EXPERIMENTS AND RESULTS 


Since with a particular instrument the accuracy of measuring the absolute 
viscosity of an instantaneously thixotropic fluid at a given shearing stress depends 
on the viscosity of the sample, as indeed it does also when Newtonian fluids are 
under investigation, it is evident that the accuracy for such a material will vary 
with the shearing stress employed. Because of this, care is necessary in matching 
an instrument to the rheological properties of the sample under investigation if 
accurate results are to be obtained over the whole range of shearing stress applied. 
In these experiments a number of pigment-in-oil dispersions were studied. 
They ali exhibited the phenomenon of instantaneous thixotropy, and were 
suitable for examination, but eventually the criterion of accuracy over the whole 
range of shearing stress led to a special study of samples with viscosities ranging 
from infinity to values of the order of 10-20 poise, and with yield values of the 
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order of 100 dyn/cm?; such samples did not sediment out and allowed the absolute 
viscosity over the range of shearing stresses used in the concentric cylinder and 
flow tube apparatus to be measured with an experimental error in each case of 
about 2 or 3% under the worst conditions. 

Difficulties were encountered with recently prepared dispersions because of 
ageing, a process which resulted in progressive changes in the viscosity—shearing 
stress relationship with time, and which is usually attributed to chemical reactivity 
between the pigment and the suspension medium. ‘To minimize this reactivity 
samples of titanium dioxide pigment in liquid paraffin were prepared. Control 
of the rheological properties to match the requirements of the viscometers was. 
obtained from the choice of pigment grade, the pigmentation ratio, the viscosity 
of the suspension medium, and by the addition of small amounts of wetting agent, 
and suitable samples were prepared for accurate comparisons of the absolute 
values of the viscosity over a range of shearing stresses wide enough to cover the 
region where most of the change of viscosity with shearing stress takes place._ 

In the early experiments where the grid E (fig. 1) was omitted, reproducible 
results were obtained for the two instruments separately, but though both sets 
indicated the same general kind of relationship between shearing stress and 
viscosity, the graphs appeared to be displaced considerably and it was doubtful 
which set of results was the more reliable. Eventually it was suspected that the 
flow-tube apparatus was at fault and experiments were carried out to test the 
effect of inserting a grid in the tube. It was found that the results for the tube 
instrument had been in error and the insertion of the grid brought them into 
agreement with those for the concentric cylinder apparatus. The configuration 
of the grid or its position in the tube in front of the pressure measuring device 
was not important. 
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The comparison of results for the two instruments has been performed 
carefully a number of times using samples specially prepared to match the 
requirements of the instruments, and has confirmed the original conclusion that 
the results obtained with the two instruments are in agreement. ‘Two such 
comparisons are given. Figure 3 shows the relationships between w and i if 
obtained for two samples A and B with the concentric cylinder viscometer; 
and for sample A values of w for the progressively increasing and progressively 
decreasing conditions are given to show the hysteresis obtained in a cycle due to 
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the double yield value. ‘This hysteresis is reproducible and is not to be confused 
with the hysteresis effect which is not readily reproducible and which arises. 
because of the time dependence of viscosity when thixotropic samples are used. 
The relation between w and f, for sample B (which differs from sample A in 
concentration of pigment, condition of milling, and time of ageing) is for the 
special case where only the dynamic yield value is operative. Figure 4 gives the 
relations between the efflux rate qg and the shearing stress at the wall of the flow 
tube fg for the same samples when precautions are taken once again to ensure 
that only the dynamic yield value is effective. Figure 5 shows the relations 
between the shearing stress and the absolute viscosity of the two samples when 
the latter is determined (a) from the curves of fig. 3 relating w and f,, and denoted 
by 7, and (6) from the curves of fig. 4 relating g and fg and denoted by 7; 7, is 
determined by the method outlined in I and 7, is given by an extension of the 
Rabinowitsch treatment as 
dq ) 


— R3 —_ + = 
act @ fe 
where R is the radius of the flow-tube. 


The percentage differences between 7, and 7 are tabulated in the table. 
They are of the order of the experimental error in the determination in both cases. 


Percentage Difference between 7, and ng at Different Shearing 
Stresses for Samples A and B 
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with shearing stress for samples A 
and B showing the results obtained: 
7 with the concentric cylinder in- 
strument, and 1, with the tube 
instrument. P 


Since the results obtained are typical of instantaneously thixotropic fluids 
as a class and since the definition of the viscosity of anomalous fluids is somewhat 
arbitrary, the more fundamental relationship between velocity gradient and 
shearing stress is shown in fig. 6 to illustrate the behaviour of such materials. 
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For the sake of completeness the yield values f, and f, of sample A are also given. 

f is readily calculated from the hysteresis loop in fig. 3 since the difference in the 
value of w at a given shearing stress for the progressively increasing and pro- 
~ gressively decreasing conditions can be shown to be a constant, in this case 
0-25 radian/second. This value of w on the progressively decreasing curve 
corresponds to the shearing stress 106 dyn/cm?, which is /, the static yield value. 
The dynamic yield value is obtained most easily by plotting fluidity (defined as 
the reciprocal of the viscosity) against shearing stress and extrapolating the curve 
to the f axis, which it appears to cut at a large angle. For sample A this value is 
62 +2 dyn/cm? at 25+0-1°c, the temperature of the experiment. 


§8. CONCLUSION 


The measurement of the absolute viscosity of anomalous fluids by means of 
a Poiseuille tube apparatus is more complicated than would appear at first sight, 
but the difficulties which arise do so for the most part because of the peculiar 
behaviour of instantaneously thixotropic materials, the only class of anomalous 
fluids which can be examined in this way. ‘The concentric cylinder viscometer 
on the other hand affords a comparatively easy way of measuring absolute 
viscosities and since the results obtained with such an instrument have been 
shown to be absolute and independent of the apparatus used a method is now 
available as suggested in I for the quantitative study of the time dependence of 
the viscosity of thixotropic materials. 
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ABSTRACT. ‘The electrochemical formation of mercurous chloride on mercury in the 
presence of dilute hydrochloric acid as electrolyte has been found to give rise to a surface 
orientation in which the aby face diagonal and the cy axis of the tetragonal unit cell lie in 
the plane of the mercury. Fairly extensive single crystals may be formed or a more poly- 
crystalline product may constitute the film, but in either case only {110} faces are found 
parallel to the substrate. Examples of twinning on {112} planes and rotational slip on 
{110} planes are noted in the growth of the film. The crystal orientation appears to be 
due to an approximately hexagonal arrangement of pairs of mercury and chlorine atoms in 
{110} faces of the mercurous salt. Coherence of the film is assisted by the ready twinning 
and the presence of the {110} and {011} cleavage planes of the calomel. 


§1. INTRODUCTION 

XAMPLES of the growth of specifically oriented deposits of substances on 
solid single crystal substrates by electrodeposition, evaporation or 
chemical reaction are well known and numerous studies have been 
reported. In addition some substances show preferred crystal habits with 
certain families of planes parallel to the interface, but otherwise random in 
structure, when deposited on solid substrates such as glass or collodion. ‘The 
experimental work to be described differs somewhat from the above phenomena 

in that the active substrate is a liquid. 

In the course of investigations in this laboratory on the electrochemistry of 
the calomel electrode, the structure of the films of mercurous chloride produced 
in the experiments was examined by electron diffraction. ‘The films were 
formed by making a pool of mercury the anode in a cell having a solution of 
hydrochloric acid as electrolyte. It was found that the deposited salt grew as a 
mosaic of fairly extensive single crystals having one particular face parallel to 
the surface of the mercury. The details of the nature of the orientation is 
described and a tentative explanation of the behaviour, based on the known 
structural properties of calomel, is advanced in the discussion. 


§2. EXPERIMENTAL 


The films of calomel were prepared by using an H-shaped glass vessel in 
which cylindrical anode and cathode compartments were separated by a 
connecting tube. The larger compartment, 3 cm in diameter, contained a pool 
of mercury functioning as an anode to which electrical contact was made by 
means of a sealed-in platinum wire; the cathode compartment contained a large 
platinum electrode. The mercury was purified first by dropping it, as a fine 
spray, through nitric acid and then by distilling it in glass at a pressure of a few 
cm Hg. It was, therefore, reasonably free from grease and foreign ion impurities. 


The electrolyte was prepared by diluting distilled constant boiling hydrochloric 


PROC. PHYS. SOC. LXVI, 2-—B I 


130 H. R. Thirsk 


acid with conductivity water to produce a 2N solution. The mercury was 
polarized at a current density of 2-5 ma/cm?, the polarization being continued 
sufficiently long to produce layers of from 60 to 200A in thickness as calculated 
from Faraday’s laws. The process could be watched by noting changes in the 
uniform interference colours as the film thickened. 

After the layers had been formed they were removed from the mercury | 
surface by gently lifting on a platinum gauze made from fine wire. They were then 
floated off the gauze on to a clean water surface in order to wash the film, and |} 
picked up on a microscope slide where portions holding excess of mercury were | 
removed by means of a dissecting needle. Supported in this manner they were 
dried by leaving in a continuously evacuated desiccator over phosphorus 
pentoxide for several hours. Finally the films were coated with a 1% collodion 
solution and stripped off on to the E.M.3 type copper grid specimen support 
by the Scotch tape method. The grid was separated from the calomel by a 
collodion layer so that chemical interaction was impossible. 

The specimens were examined by electron diffraction and microscopy in a 
Metropolitan-Vickers E.M.3 electron microscope at 75 kv accelerating potential 
and by diffraction in a Finch-type electron-diffraction camera worked at 50-55 kv. 
Figures | to 6 (Plate) show diffraction patterns obtained from the films for which, 
in every case, the electron beam was essentially perpendicular to the plane of the 
specimen. Figures 1 and 5 also show a calibrating thallous chloride ring pattern, 
the thallous salt being deposited on the film from a very dilute aqueous solution. 
The main features of the structures of the deposits are described by reference 
to these figures. 


§3. DISCUSSION 

The structure of mercurous chloride has been examined by x-ray diffraction 
by several authors, Hylleraas (1926) and Havighurst (1925, 1926). The 
substance has a tetragonal unit cell, space group Dj, with a)=4-47A and 
C)=10-89A. The diffraction pattern reproduced in fig. 1, may be readily indexed 
by means of fig. 9. It corresponds to the expected pattern produced by an 
electron beam perpendicular to a (110) face of a single crystal corresponding to 
the above description. ‘Thus the H direction of fig. 9 corresponds to the 
[110] lattice row and the L direction to the [001] lattice row of the reciprocal . 
lattice, (AAO) and (002) even. ‘The dimensions of the unit cell calculated by 
comparison with the simple-cubic thallous chloride pattern (a)=3-834A) are 
ay = 4-474, cy = 10-86 A, which is in very close agreement with the x-ray data. 

The largest crystals found in the deposits were about 0:2—0-3 mm across. 
Some specimens did not consist extensively of crystals having an area sufficiently 
great for patterns such as fig. 1 to be obtained, considerable areas being composed 
of a mosaic of smaller fragments. A diffraction pattern from one of these more 
finely crystalline areas is reproduced in fig. 2. It is easily shown that no planes 
other than the {110} are parallel to the surface, for fig. 2 can be obtained quite — 
simply from fig. 1 by the rotation of the rectangular spot pattern about an axis 
parallel to the electron beam and passing through the centre of the pattern. 

The properties of large crystals of calomel are quite well known. According | 
to Dana (1951) the material has a good {110} cleavage, a rather poor {011} cleavage 
and twins on the {112} face. ‘The twinning occurs either as contact or 
interpenetration twins, often repeated, and with irregular, often concealed, | 
boundaries. ‘The crystals are stated to be plastic. It is thus seen that the face 
parallel to the mercury surface is the important cleavage face of the crystal. | 
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Figure 7 has been drawn to represent diagrammatically the arrangement of the 
mercury and chlorine atoms in this face; the atoms are situated in pairs. The 
convention used in the drawing shows the positions of the centres of the atoms 
by means of the crosses, and represents the pairs of atoms by circles drawn 
through the crosses as continuous lines for the mercury and dashed lines for the 
chlorine atoms. The Hg—Hg distance is 2-534, the CI-Cl distance 3-33A and 
the Cl-Hg distance 2:52 4. It is seen from the drawing that due to the fact that 
dy49 and doo, are very nearly in the ratio of 1: \/3 an approximately hexagonal 
arrangement is taken up by the mercury and chlorine ion pairs in the {110} faces. 
The traces of two {112} twinning planes perpendicular to this face are parallel 
to the diagonals of the rectangular lattice net, lying, therefore, at an angle of 
59° 49’ to the aby face-diagonal lattice row. 
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Fig. 7. Diagram of the arrangement of the Hg and Cl atoms in the {110} cleavage face of Hg,Cly. 


Continuous circles drawn through the centre of the pairs of Hg atoms. Position of centres 
marked with a cross. 

Dashed circles drawn through the centres of the pairs of Cl atoms. Position of centres. 
marked with a cross. 

Twinning planes are found perpendicular to this face and parallel to the diagonals of the 
rectangular lattice. 


It would be expected that evidence for doublets and triplets with 59° 49’ 
between the c, axis should be found on examining the calomel films. Figure 4 
is the reproduction of a pattern from a triplet of this type with an almost 
hexagonal pattern resulting from the superposition of three patterns similar to- 
fig. 1, relatively at 59° 49’. 

Wilman (1950, 1951) and Evans and Wilman (1950) have shown that strain 
is often relieved during the formation of oriented overgrowths by the rotational 
slip of portions of the crystal. This occurs on certain faces when alternative 
positions of metastable equilibria are taken up and, in some cases, continuous. 
rotation between these metastable positions is produced. It seems very likely 
that a behaviour of this kind would occur in the growth of the mercurous chloride 
films, because of the development of the crystal on a cleavage face and it is 
considered that figs. 5 and 6 provide evidence for this. ‘These diffraction patterns 
were taken from portions of the specimen which, by means of an examination 
of low power electron microscopy, appeared to be free from sharply defined 
crystal boundaries thus distinguishing the specimens from, for example, the 
one giving rise to fig. 3. Figure 5 is a pattern from a crystal having a portion 
rotated at an angle, using Wilman’s notation, of 6=3° 20’ about an axis 
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perpendicularly to the (110) interfacial plane. 6 is defined for an atomic lattice 
with rectagular axes, a, b, corresponding in this case to the {110} and cp lattice 
rows in the (110) plane, in such a way that, if the two superimposed sheets are 
rotated in opposite directions by 36 from the parallel azimuth so that the [w,7,] 
and [u,v,] rows coincide along the initial @ axis direction, tan}d=v,b/ua. 
Similarly, for this same rotation, two rows [ugv,2] and [dv] will coincide along 
the b axis and tani$=u,a/v,b. This gives 6=3° 20’, u,/v,=60; v./u,=20. 
Figure 3 was taken at the junction of two crystals in the film and is due to the 
joining of the crystals with the respective cy axes at an angle of 72°. The pattern 
has been indexed in fig. 8 on this assumption by the appropriate superposition 
of the reciprocal lattice nets corresponding to the single-crystal pattern of fig. 1. 
Patterns similar to fig. 3 were frequently observed and corresponded to portions 
of the specimens showing very well marked boundaries between crystals as 
observed by low power electron microscopy (x 1000). Let the coinciding 
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Fig. 8. Indexing of fig. 3 consisting of two Fig. 9. Drawing of fig. 6 to show more 


rectangular spot patterns as shown in clearly the angles 8’, 6’’ and 8’’’ between 
fig. 9 superimposed with the H direction positions of metastable equilibrium 
of one at 72° to the similar direction of during rotation. H corresponds to 
the second pattern marked as H’. [hho\, h even, L to [001], even. 


lattice rows in the two lattices again be [u,v], [u,%,], and [wv], [wv] where 
tan 36° =v,b/uya or uga/vsb, the lattice rows c and [110] in the {110} plane again 
being denoted by banda. Thus for this case v,/u, =0°422~3/7 ; ug/v2 = 1-250 =5/4 
and therefore the coincident lattice rows are of relatively low indices and identity 
translation corresponding to a relatively stable intercrystalline boundary. 
In order to show the indexing of the diffraction spots in fig. 6 and for increased 
clarity, the pattern is drawn diagrammatically in fig. 9, suggesting positions of 
metastable equilibria during rotation as follows, the values being probably less 
accurate than for figs. 3, 4 and 5: 8’=16° 20’ corresponding to u,/v,=12, 
Uq/Uy =4:05 4; 0" = 22° corresponding to u,/v, = 8°85, Vo/ty =3; and 8” =13° 10’ 
corresponding to w,/v,= 14-9515, v,/ty =5-0425. 

Calomel readily voltalizes and Kirchner (1932) has studied the orientation 
of the substance on a collodion substrate. He found that the deposit had a 
one-dimensional orientation with the cy axis lying in the plane of the substrate. | 
A similar behaviour would not have been surprising in the experiments 
described above, but the further restriction of the agby face diagonal also 
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lying in the plane of the interface is particularly interesting since it determines 
uniquely the interfacial plane and manner of growth perpendicular to the 
surface. 

It would seem that the fortuitous symmetry of the {110} face brings about a 
peculiarly favourable set of conditions for the formation of this plane during 
the electrolysis of the underlying mercury, particularly if certain assumptions 
are made concerning the nature of the surface of the liquid mercury. These 
assumptions are necessary because, although a study of the surface of mercury 
has been attempted by several groups of workers, unfortunately no conclusive 
opinions have been reached. Bailey, Fordham and Tyson (1938) make a 
summary of previous work by both x-ray and electron diffraction. They suggest 
that normally the surface has a skin of surface impurity; underneath the skin 
the metal surface is truly amorphous. If this is so, the following processes may 
occur in the present experiments. On polarization the surface impurity, if 
existing under the conditions of the experiments, breaks down and_ the 
close packed mercury surface is exposed for reaction. By x-ray diffraction, 
Campbell and Hildebrand (1943) showed that each mercury atom in the liquid 
is 3-0A away from its six nearest neighbours. A similar arrangement of atoms 
at the surface could react, with a slight displacement, at certain places with 
chloride ions to give sheets of mercurous chloride with close fitting between the 
mercury atoms in the calomel and in the surface of the mercury. ‘These ordered 
layers may then form centres for further crystal growth, increasing in area rather 
than depth during the initial stages of the process. Some relative movement to 
assist the orientation between separate growing units may take place by rotation 
but, in addition, the crystals of calomel possess cleavage and twinning properties 
described above assisting in the formation of a coherent film. ‘Thus rotation 
on {110} faces has been demonstrated and there seem to be several metastable 
positions which crystal units may take up by rotation within the crystal on planes 
parallel to the interface; twinning occurs on {112} faces perpendicular to the 
mercury ; finally strain may further be relieved at an angle to the face in contact 
with the mercury surface by twinning on {112} planes at 30° 11’ to the surface, 
by slip on the {011} cleavage faces at 45° to the surface, and by slip on the {110} 
faces perpendicular to the surface. 

With the exception of the corresponding salts of bromine and iodine, it 
would seem rather unlikely that further equally well defined orientations of 
overgrowths on liquid mercury are to be found unless investigation shows that 
favourable structural details exist in other slightly soluble mercury compounds. 
Mercurous sulphate, for example, with a monoclinic unit cell grows on the surface 
of mercury under similar conditions as fine, discrete crystals in completely 
random array. he significance of the purely electrochemical considerations 
associated with this work will be discussed elsewhere. 
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ABSTRACT. Measurements have been made of the refractive and absorption indices 
n, k of PbS, PbSe and PbTe at wavelengths between 0-5 and 3 p, using a reflection method. 
The values found for n at 3 » are for PbS 4:10, PbSe 4:59 and for PbTe 5-35. The absorp- 
tion spectra found agree with earlier work, and it has been shown that for PbS a variation 
of 200 :1 in the concentration of impurity centres in specimens produced no change in 
the magnitude of the absorption. 


SiN DRO DU CAL rON 


ECENT work by Paul, Jones and Jones (1951) and Gibson (1952) on the 
R transmission of thin slices of crystals of PbS, PbSe and PbTe in the 

infra-red has established the main features of the absorption spectra of 
these photoconductive materials. ‘The positions of the main absorption edges 
at about 0-8u for PbS, 1:0 for PbSe and 1:5y for PbTe had been earlier 
determined by Gibson (1950), and the more recent work has shown the existence 
of secondary absorption edges at a wavelength for each material corresponding 
to its photoconductive limit. It was in order to complete the study of the 
optical properties of this class of photoconductor that the present work was 
undertaken. ‘The main object was to obtain more accurate information about 
their refractive indices, and also to cover those regions of high absorption in 
which the absorption coefficient of thin crystal slices cannot readily be measured. 
Some earlier work has already been reported (Avery 1951). 

Since the optical method adopted involved reflection from the surfaces 
of crystal specimens, a preliminary investigation was made of the effects 
introduced by various polishing techniques, in an attempt to provide good plane 
reflecting surfaces. 

For PbS a detailed study has been made for a number of specimens of varying 
conductivities. A similar detailed study is not presented for PbSe and PbTe, 
since the wavelength range covered does not include the long wavelength 
photoconductive limits of these materials, and the same variety of samples is 
not at present available. 


§2. EXPERIMENTAL TECHNIQUES 


The reflection method employed for determining the optical constants 
has recently been described (Avery 1952) and will not be further discussed 
here. It will suffice to state that the wavelength range covered was that of the 
room temperature PbS photoconductive cell used as a detector, and that the 


wavelength resolution of the double monochromator employed (Roberts 1952) 
was better than 5°, throughout. 
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§3. EXPERIMENTAL RESULTS 


The quantities measured in these experiments were the refractive index n 
and the absorption index k. These are related to the complex dielectric constant 
« by the relation \/e=n(1—7k), and to the absorption coefficient Kem, at 
a wavelength A, by K=4ank/A. The results are presented as graphs either 
of n against wavelength, or of the real and imaginary parts of the dielectric constant 
(in this notation n?(1—k?) and 2n*k), against wavelength. 


(i) Effect of Surface Preparation 


Since it is not generally possible to obtain very flat large area cleavage 
faces of crystals of these materials, measurements were first carried out using 
polished surfaces. It was soon found that the measured values of and k 
depended on the particular surface treatment used. Figure 1(a) shows the 
values obtained for 7 at various wavelengths for all three substances using two 
different polishing techniques ‘Heavy’ and ‘Light’. The first consisted of 
grinding the crystal face flat with the full range of abrasives from 1F to 4F, and 
then vigorously polishing on a rotating cloth lap using a liquid polish, the second 
was a slower process, using only 3F and 4F for grinding, and polishing with a 
light pressure again on a cloth lap using 4F as abrasive. It is seen that the two 
methods of polishing give significantly different results for each compound. 
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Fig. 1. Effect of surface treatments on refractive index values. 


Following the work of Hogarth and Granville (1951) an attempt was made 
to recrystallize the amorphous layers formed when the surface was polished. 
The specimens were baked for 4 hours at 250°C at a pressure below 
5x10-°mmHg. The effect of this treatment on the value of m obtained for 
a PbSe specimen is shown in fig. 1(6). Also included are some later values 
obtained from a cleavage face. Comparison shows that some success was 
achieved. At the same time Dr. O. S. Heavens of Reading University carried 
out a series of electron diffraction examinations of these specimens before and 
after baking and showed that, though partial recrystallization occurred, it was 
by no means complete. Furthermore even with treatments at this relatively 
low temperature, appreciable amounts of material, either PbSe or free Se, were 
sublimed from the crystal surface on to the walls of the oven. 

Comparable variations in the value of k were observed after these various 
treatments. It was interesting to note that at longer wavelengths, where for 
all the materials K has decreased to values of the order of 10°cm™ or less, and 
the penetration distance of the light (1 /K cm) has increased to appreciable values 
(1000 A), the differences in m and k values caused by various treatments became 
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quite small. It seems reasonable to suppose that provided 1/K cm is appreciably 
greater than the depth to which the material is disturbed during the surface 
preparation, the errors introduced from this cause will be much reduced. 

However, in view of the uncertainty introduced by these processes, and 
since it was desired to measure m and k in regions of high absorption, the use 
of such surfaces was abandoned, and measurements restricted to cleavage faces. 
wherever possible. This involved accepting certain errors which are introduced 
if the cleavage surfaces are not perfectly flat. 


(ii) Measurements on Cleavage Faces 
PbS. In all, some fifteen specimens of lead sulphide have been examined. 
The results for six different cleavage faces, and for comparison, one polished 
surface (‘Heavy’ treatment) are presented here. The variation of m with A is. 
shown in fig. 2, and in figs. 3(a) and (b) the real and imaginary parts of the 
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Fig. 3. n*(1—k?) and 2n’k plotted against wavelength for various specimens of PbS. 


dielectric constant are plotted against A. The specimens came from various. 
sources,* and included synthetic crystals grown by Mr. W. D. Lawson of this. 
laboratory. ‘Their electrical properties have been measured by Dr. E. H. Putley, 
and in table 1 below are given the sources and the concentration of impurity 
centres as deduced from these measurements of Hall coefficients (the centres 
being assumed to be fully ionized), 


* Acknowledgment is made to the donors of the material. 


Optical Constants of PbS, PbSe and PbTe in 0-5-3 Region 1297 


PbSe. ‘The real and imaginary parts of the dielectric constant for a typical 
cleavage face of a synthetic crystal of PbSe are shown in fig. 4. 
PbTe. A similar curve for a typical specimen of PbTe is given in fig. 5. 
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Fig. 4. ?(1—k?) and 2n?k plotted against Fig. 5. n?(1—k?) and 2n7k plotted against 
wavelength for PbSe. wavelength for PbTe. 
Table 1 
Specimen Impurity concentration 
No. Source centres/cm* Type 
5 Sardinian Galena opcd0z2 p 
7 Broken Hill N.S.W. ae 
(Mr. R. B. Lawrance) rare 10 2 
9 Synthetic “if 
(Mr. W. D. Lawson) ae P 
10 Aberdeen : ae 
(Dr. W. Paul) aN P 
11 Synthetic ' 43 
(Mr. W. D. Lawson) pale 
12 Cumberland FSS MOE? 
15 Wisconsin U.S.A. 6x 1018 in 


(British Museum) 


One feature of the investigation has been that for all three materials the 
values of the refractive index obtained from various samples whether polished 
or cleavage agreed well one with another at wavelengths of the order of 3p, 
where the absorptions have fallen to a relatively low value. ‘This enables some 
reasonably precise figures for m at this wavelength to be given (table 2). It is. 
possible that some slight change occurs in the refractive index of PbSe and 
PbTe at longer wavelengths, though measurements using a PbTe cell out to 
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4-6 indicate that the change is not greater than 5% (the estimated error) up 
to this wavelength. 


Table 
Material n at 3h 
PbS (ten samples) 4:10+ 0-06 
PbSe (five samples) 4:59+0-06 
PbTe (five samples) sje ANG, 


$4. DISCUSSION OF RESULTS—GENERAL 


Before proceeding to a more detailed discussion of the results, some 
estimate of the errors likely to exist in and k must be made. ‘The reproducibility 
of the results for » from specimen to specimen of lead sulphide indicate that 
this quantity has been measured to an accuracy of better than 2%. However, 
for a number of reasons, the same order of accuracy in the value of k is only 
attained when b is fairly large (say 0-4). With a high refractive index material, 
when k is small, the reflection properties change so rapidly around the Brewster 
angle that any uncertainty in the value of the incidence angle of the light can 
cause large errors in the value of k. When cleavage faces are used which are 
not very smooth, serious errors in the incidence angle value can be introduced 
in this way. Experiments on surfaces of substances which are known to be 
transparent (e.g. cast selenium) have enabled some estimate of these errors to 
be made. It seems possible that when is of the order of 0-2 or less, errors of 
as much as 2 : 1 could occur in the worst cases. ‘This means that the value of 
2n?k for PbS (fig. 3(b)) in the plateau region from 1—3 « may be in error by as 
much as this. ‘This however, is the worst case in the present series of results, 
and the errors in the value of k decrease very rapidly as k increases, the minimum 
in the reflection curve at the Brewster angle becoming less sharp. 

It is also possible that systematic errors may have been introduced 
throughout the work due to oxidation of the surfaces. No check has been made 
on this, beyond observing that the values obtained for a single specimen do not 
change appreciably over several days, though it is likely that complete oxidation 
occurs in the inevitable ten or fifteen minutes time lag between cleaving the 
sample and taking the first readings. 

Comparison of the values reported here for ” with other data is difficult in view 
of the scarcity of previous reliable work. However, Drude (1890) found values 
of n of about 4-0 for polished galena at 0-589. If the value of the reflection 
coefficient for PbS is calculated from the data, the value of 0-39 found from 
1p to 3p agrees well with the recent measurement of 0-40 of Paul, Jones and 
Jones (1951) though the latter figure is only quoted to + 10%. 

Comparison of the absorption data with Gibson’s work (1950, 1952) shows 
that there is agreement in the positions of the main absorption bands for each 
material. ‘The value of 3-0—3-21 found here for the long wavelength absorption 
edge in PbS agrees with the value of 3-04 quoted by Paul, Jones and Jones 
(1951). It is slightly greater than the 2:7-2:84 reported by Gibson (1952) | 
but the resolution of his monochromator was only 0-4. In regions where 
the absorption coefhcient K is large (say greater than 2 x 10°cm~), there is 
good agreement between this work, and Gibson’s values for layers. In particular 
for PbTe at 0-5, .a value of 8x10%cm™ is found here, as against Gibson’s 
75 XA0° cm. 
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In the regions of low absorption, comparison is really only worth while 
with the values of K found for single crystals. In the case of Pb’e in the 2-3 
region, a large difference of nearly 5 : 1 exists between this work and Gibson’s, 
though little accuracy is claimed for the latter work. 


§5. DISCUSSION OF RESULTS—PbS 


Consideration of the results presented for PbS in figs. 2 and 3 reveal some 
interesting features, Perhaps the most important is the fact that the magnitude 
of the absorption in the long wavelength tail region is shown (fig. 3(d)) to bear 
no direct relation to the concentration of impurities in any particular specimen. 
Reference to table 1 shows that whilst this concentration varies by 200 :1, there 
is no variation in the value of 2m?k greater than 2:1 even if we consider the 
absolute magnitude of this quantity to be in error by a factor of two. No 
systematic difference is revealed in this quantity between p-.and n-type material. 

Figure 3 (a) shows that the dispersion of the material as the main absorption 
band is approached from the long wavelength side is quite small, in contrast 
to the behaviour of germanium and silicon (Fan and Becker 1951). There is, 
however, a slight but apparently significant difference in this case between 
p- and n-samples. Reference to the curves of n (fig. 2) and the real part of the 
dielectric constant (fig. 3(a)) shows that the dispersion of the n-type samples 
(Nos. 7, 12, 15) is greater than that of the p-type samples. 

The dispersion of the polished samples is more like that of p-type material, 
whilst the values of the absorption are the same as for cleavage specimens. ‘The 
edge at 3, is a little less marked in this case ; this seems a fairly general 
characteristic of polished surfaces. 

The dispersion and absorption of PbS can be roughly fitted into classical 
dispersion theory (Wood 1933). If we represent the absorption characteristics 
by two bands, with peaks at 0-3 » and 2:0, and with the appropriate halfwidths, 
then the dispersion can be calculated to give a reasonably good approximation 
to the experiment if the bands have oscillator strengths of 4:0 and 0-02 
respectively. This, whilst doubtless a somewhat crude approximation, gives 
a rough guide to the relative strengths of the two absorption processes giving rise 
to the main band and the long wavelength ‘tail’. 


§6. CONCLUSION 


In addition to providing values for the refractive indices of PbS, PbSe and 
PbTe at wavelengths beyond their main absorption edges, these experiments 
have provided additional information about the absorption spectra of the 
materials. It has been shown that, for PbS at least, the magnitude of the 
absorption in the long wavelength ‘tail’ associated with photoconductivity, 
is apparently independent of the concentration of impurity centres in a particular 
specimen. Also the positions of the principal absorption edges in all three 
materials have been found to agree with those observed earlier in thin films 
by Gibson, though for PbSe and particularly PbTe, the long wavelength fall 
in the absorption is scarcely sharp enough to enable an ‘edge’ to be defined. 

All three substances show relatively little dispersion on the long wavelength 
side of the main absorption band. The calculations carried out for PbS show 
that this is due in part to the existence of the ‘tail’ absorption, extending in the 
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case of PbS from 1 to 3p, and in part to the large width of the main absorption 
band. It appears that samples of PbS which are n-type show slightly more 
dispersion than p-type specimens. 
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ABSTRACT. There exists a general principle that in any oscillatory or frequency 
responsive system the real and imaginary components of the impedance are inter-dependent. 
Applied to the optical properties of materials this principle means that the real and imaginary 
parts of the dielectric constant are inter-dependent. Sufficient information is now available 
on lead telluride (in a companion paper by D. G. Avery) and silicon for this principle to be 
used to calculate the refractive indices from the absorption data. 'The values obtained 
show good agreement with the experimental values. Estimates of the effect of temperature 
show that for PbTe the refractive index should increase on cooling, while for silicon it 
should decrease. 


§1. INTRODUCTION 
HE parameters generally used to express the optical properties of materials 
are the refractive index m and the extinction coefficient nk, where 
the complex refractive index N=n(1—ik). ‘The absorption constant 
K=4nnk/d. 
From the theoretical point of view the most useful parameters are the real 
and imaginary parts of the dielectric constant, namely <’ =n?(1 — k?) and e” =2n°k, 
Now these two parameters are not mutually independent but if, for example, 
one parameter is specified for all frequencies, then the other is completely 
determined. ‘The real part of the dielectric constant at a frequency 1, (1.e. €,’) 
is given in terms of the imaginary part by the integral (Bode 1945) 


where <,,’ is the value of the real part at infinite frequency. Nowe,” =1, so that 
2 oO eu 7, eal 
e, -1= ad = | ——- dv. 
Oe haus 


Hence at long wavelengths where v,->0 the real part of the dielectric constant 


is given by 
Lf ey eae gre 
q/-1=-=| 5 OF No aa T 
since k is negligible compared with m for a non-metal as A tends to 0%. ‘This 
result has been given by Birnbaum (1949). 

Thus from the knowledge of the complete absorption behaviour it is relatively 
simple to calculate the long wavelength value of the refractive index. Until 
recently no materials had been measured in sufficient detail for this theory to be 
applied, but experimental data on both silicon and lead telluride are now adequate 


to check the theory. 
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The absorption curve for PbTe, as determined by Avery (1951, 1953) is shown 
in fig. 1. The data are plotted as 2n?k/A, so that the area under the curve gives 
the required integral. The long wavelength part of the curve has been plotted 
from results by Gibson (1952). As the absolute accuracy of the latter results 
is admittedly poor, they have been scaled up to match Avery’s values in the 
2-5-3-5 ys region. 

The area under the curve is $7(m)?—1)=46-4, giving m)=5-5. ‘This figure 
is very near to Avery’s value, namely 5-35 at 3-0. Measurements at longer 
wavelengths show that the index is still increasing slowly with wavelength (rather 
than decreasing, as for a normal dispersion curve), the value being approximately 
5-4 at 4-0 u, so that the discrepancy between the observed and calculated values. 
of m») must be very small. 

It is of interest to try to evaluate the temperature dependence of the refractive 
index (as this has not so far been measured) from the temperature variation of 
the absorption curves. According to Gibson (1952) the long wavelength edge 
moves to longer wavelengths on cooling, the shift (in terms of energy) being 
dk/dT = +4:2 x 10-tev/degc. ‘There is also a shift of the short wavelength lattice 
edge, estimated as dE/dT = 1-5 x 10-*ev/deg. c (Gibson 1950). Hence, on cooling 
to liquid nitrogen temperature (77°K), the energy changes should be 0-09 ev 
and 0-032ev. Onthe assumption that the lower value applies from the absorption 
peak to the beginning of the long wavelength edge (~3-5 yu), and that the actual 
magnitude of the absorption is unchanged, the broken curve of fig. 1 is obtained. 
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Fig. 1. Absorption in PbTe. Fig. 2. Absorption in silicon. 


From the area under this curve the estimated index at 77°K is given by 
ny —1=34-6 or m=5-9. In view of the assumptions used, this value cannot 
be very accurate, but it is sufficient to show that a large increase in the index can be 
expected on cooling. 

It is interesting to compare this calculated change of refractive index with 
the change in the wavelength of the absorption edge (which coincides with the 
‘threshold’ wavelength of photosensitivity for Pb'T’e) on the basis of the approxi- 
mate relation found to hold for many photoconductors, namely n*/A=constant 
(Moss 1952). From the figures obtained above (1,7)#/(m9))4=1-33 and 
A7z7/Agg9 = 1:35. ‘The good agreement obtained (in view of the assumptions made} 
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lends support to the relation quoted above between refractive index and threshold 
wavelength. 


She eaAPPLICATION  hOrol Elec ON 

Fairly comprehensive measurements of the optical constants of silicon have 
been published by Pfestorf (1926), although the results are not so complete as 
for PbTe. ‘The estimated absorption curve based on these results is given in 
fig. 2. The long wavelength part of the curve (A>0-55 1) has been deduced by 
interpolation of m and k between Pfestorf’s values and those obtained by direct 
transmission measurements (Moss 1952). At short wavelengths the curve has 
been extrapolated to have the shape of a theoretical absorption band for the 
imaginary part of the dielectric constant. 

From the area under the curve we find m?—1—~ 10-4 or n)=3-4. From 
Briggs’ (1950) measurements the experimental value (extrapolated to long wave- 
lengths) is m)=3-43. Thus, again, good agreement is obtained. 

A direct estimate of the change of refractive index with temperature cannot 
be made for silicon as the data are insufficient. It is, however, interesting to note 
that according to Becker and Fan (1949) the absorption edge moves to shorter 
wavelengths on cooling (in contradistinction to PbTe), the energy shift being 
dE/dT = —4-5 ev/deg.c. 

Consequently the refractive index would be expected to decrease on cooling, 
as indeed is said to be the case by Briggs (1950). An estimate of the change in 
refractive index to be expected can be obtained if the absorption curve is taken 
to resemble that of a classical oscillator, i.e. 2n?k = Ayv/{(v?— vp”)? + y*v7} where 
A is given by the theory as Ne?/zm, N being the density of oscillators, vp the 
frequency of peak absorption, and y the damping term. 


= Rea = A/v9°. 

a aioe i as 

In terms of the quantum energy E,=hvy we may write my”—1= C/E,” where C 
is some constant. From fig. 2 E,=3-4ev, so that C=12:5 gives the correct 
value of m) at room temperature, namely 3-43. On cooling to liquid nitrogen 
temperature the shift of the absorption edge would be 0-lev. If we assume that 
the absorption peak suffers the same energy shift, then Ky) becomes 3-5 ev and the 
refractive index at 77°K=3-34*. Thus (17/299) =0-90, while for comparison 
the shift of the threshold wavelength is A77/Agg9 = 1:14/(1:14 + 0-1) =0-92, so that 
again a correlation between the threshold wavelength and the fourth power of 


the refractive index is indicated. 


Hence 11 = = 


§4. CONCLUSIONS 

It is shown that for lead telluride and for silicon the values of the long wave- 
length index of refraction calculated from the absorption data agree well with 
the measured values; thus there can be no marked absorption bands further 
into the ultra-violet. 

From the temperature dependence of the absorption the temperature 
variation of refractive index is estimated. It is shown that the index should 
increase for PbTe and decrease for silicon on cooling, and the rough estimate of 
the magnitude of the change is found to be compatible with the empirical relation 


* The change of 0:2% in N due to lattice contraction is ignored. 
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(threshold wavelength) «(refractive index)*. However, in view of the assump- 
tions made, the close agreement with this relation must be to some extent fortuitous. 
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APPENDIX 
Application to Germanium 
Recent measurements of 2n°k over the wavelength range 0-25—1-0 4 by Gebbie 
(1952) have been integrated as indicated above, the calculated value of the 
refractive index being m~3-8. In view of the somewhat tentative nature of 
the experimental data, the agreement with the accepted value of m)=4-0 is 
reasonable. 
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ABSTRACT. The paper is concerned with the effects of central obstruction of the 
aperture on the three-dimensional light distribution near the focus of an aberration-free 
optical system. Diagrams are given of the isophotes (lines of equal light intensity) in two 
selected special cases and are compared with the corresponding diagram for an unobstructed 
aperture. It appears that when the central obstruction is large the bright central nucleus 
of the three-dimensional image becomes longer and narrower, so that focal depth and 
resolving power are both increased. A central obstruction of ratio 0:25, on the other hand, 
is found to have practically no effect on the size and shape of the bright nucleus. 


Se LNG R © Die LON 


HE intensity distribution in space near the geometrical focus of an error-free 

pencil of monochromatic light bounded bya circular aperture has been given 

in a diagram by Zernike and Nijboer (1949). ‘The diagram exhibits in a 
striking way a peculiarity of the diffraction image already noted by Dennis Taylor 
(1893), namely the quasi-tubular structure of the luminous core of the image. It is 
this tubular elongation of the bright central nucleus of the diffraction image, 
exceeding what we could expect on the basis of more elementary considerations, 
which explains the excellent performance of 6-in. or 8-in. refracting telescopes in 
spite of their considerable secondary spectrum. 

In reflecting telescopes there is no secondary spectrum. Colour effects arise 
from the fact that the diffraction patterns surrounding the geometrical focus are of 
different sizes in different wavelengths, but these are so inconspicuous that their 
existence is usually ignored even in the literature of diffraction theory t}. However, 
in most reflecting telescopes there is a different complication which affects the 
diffraction images, namely the central obstruction (usually circular in form) of the 
aperture by the diagonal flat or by the secondary mirror. . 

It seems unlikely that anyone who has interested himself in this subject should 
not feel a strong desire to know what is the effect of a central obstruction of the 
aperture on the three-dimensional light distribution near focus. In the present 
note this question is discussed by a straightforward application of Lommel’s 
classical formulae (Lommel 1885){, and diagrams of the light distribution are 


* Now at the Department of Applied Mathematics, University of Edinburgh. 

+ They are considered by Mecke (1920) and Picht (1931). A more detailed discussion, 
on somewhat different lines, is contained in our paper (Linfoot and Wolf 1953) on 
telescopic star images. 

{ Some extensions of Lommel’s tables of U, and U, were needed for figs. 4 and 5, and 
these were kindly prepared for us by the Cambridge University Mathematical Laboratory. 
Since this paper was written, A. Boivin, 1952, 7. Opt. Soc. Ame;., 42, 60, has published 
interesting new expansions for the Lommel functions with arguments u’=e'u, VU =ev (see 
eqn. (4)) and applied them to the discussion of diffraction by arrays of ring-shaped apertures. 
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given, in figs. 4 and 5 respectively, for two selected values of the linear obstruction 
ratio «, namely, «=0-25 and «=0-707. The corresponding diagram for the 
unobstructed aperture is given for comparison in fig. 3; it is substantially identical 
with Zernike and Nijboer’s, which was obtained by a different method. An earlier 
diagram by Berek (1926), based, like ours, on Lommel’s results, contained 
inaccuracies. 
§2. ANALYTICAL FORMULAE 

We use substantially the same notation and approximations as in Linfoot 
and Wolf (1953). For convergent spherical waves of unit amplitude, issuing 
from a circular aperture of radius R and having radius of curvature f= CO (fig. 1) 


Fig. 1. 


at the moment of emergence, the complex displacement at a point P(x, y, 2) in 
space near the geometrical focus 0 is given by the equation 


Ik R : - ; 
u,® (P) = == [exp fik(f—CP)} | Texp ($up?)1To(ep) pdpy (1) 
where u=RR*x/f?, v=RRr/f, k=2n/d, r=+(x® ty 2... (2) 


To allow for the effect of a central obstruction of radius R’ =€R, we subtract 
from u,”(P) the complex quantity 


kR? cs ak 
7— lexp fik(f—CP)}] | _Lexp (Siu'p?)}So (20) p dpe... (3) 
in which Ui = RR Oa fo etee Co RN Op ce 
The intensity at P is then the squared modulus of the quantity 
i,{P) =u; (P) —u*?(P) 


iRR? bhi ame eee 
= “X lexp {ik(f—CP)}| f Lexp (Liup?)] Jo (ep) 0p 


i 


u,® (P) = 


1 
—« | exp (liw'p?)1Jo(e' pede]... (5) 


L ; ee : : 
Now | [exp (22up*)|-Fo (up) p dp = = [exp (32) ][ U, (u, 2) —7U) (u, 2)] 
0 


1 
u 


| 

| [exp (22u'p”)]Jq(v'p) p dp = — [exp ($tu’)] [Uy (u’, v') —1U (u’, v')], 
0 

where U, (u,v), Uz (u,v) are Lommel functions. "Thus (5) can be written 


RR slate 1 
u{P) = Lexp fik(f—CP)}1| | fexp (Siu) (U, it) — FTexp (diet) 


seein iv, |, mane (6) all 
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where, U,, U;, U,', U,' are written for U,(u, 2%)» U, (u,v), U,(u',v'), U,(u', v’) 
oo ae the intensity 7,(P)=|w,(P)|? is given by the equation 


Sees i ; ONesarty iu) | (U, —t Uy) — [exp (die2w)] (Uy! 
7 
= a {M?(u, v) —2e®N (u;v; u’,v')+e4 M2(u',v')}, kaa (7) 
where 


2\2 
N(wo5 wu, == SOO, et Us coe ke) ei ca cy) 
+(U, U,'— U, U,')sind(1—<*) xu]. 


On the axis of the converging pencil, v=0 and (6) gives for the intensity the 
expression 47? R* /sindu(1 —e?)\?2 
CUES dee rrr) 
Thus the central obstruction increases the distance between the zeros along the axis 
of the system by a factor 1/(1 —«?) but they remain equally spaced—at least in the 
range where our approximations are valid, namely the part of the axis where u/47 
does not become large compared with unity. 
In the geometrical focal plane, w=0 and the expression (7) for the intensity 
reduces to 472 R4 [2J, (v) , 231 (ev) |? 
i0;7r)= EP : 1 aera , 
The zeros of this function give, in v-units, the radii of the ‘Airy dark rings’ 
corresponding to a centrally obstructed aperture. ‘I'he expressions (9) and (10) 
were given (with a different normalization) many years ago by Steward (1925). 


U €U 


§3. COMPUTATIONAL RESULTS 

To interpret figs. 3, 4 and 5 we note that each of them represents one quarter of 
a bisymmetrical pattern obtained by reflecting it in the w- and v-axes. ‘This 
bisymmetrical pattern shows the isophotes (lines of equal light intensity) near focus 
in any meridional section of the pencil. ‘The diagrams apply to pencils of all 
sufficiently long focal ratios (to those, in fact, for which Lommel’s formulae are 
valid approximations in the sense of our paper (Linfoot and Wolf 1953)) and the 
use of (uw, v) coordinates in the diagrams is equivalent to scale-normalizing the 
cylindrical cartesian coordinates (r, %) in accordance with equations (2). ‘The 
intensity at the geometrical focal point (0, 0) is normalized to unity in each figure. 
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Fig. 3. Isophotes near focus of an aberration-free pencil without central obstruction. 
The intensity at the focus (0,0) is normalized to unity. The scale-normalized 
coordinates (u,v) possess physical interpretations; u/47 is the number of fringes 
of defocusing, v/7 the number of fringes of lateral displacement of the point (z, 7) 
from the geometrical focus 0. The bisymmetrical diagram obtained by reflecting 
the figure in both u- and v-axes shows the light-distribution in any meridional 
section of the pencil; the w-axis is along the principal ray. "The shaded area shows 
the region of the geometrical cone of rays. 
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Fig. 4. Isophotes near focus of an aberration-free pencil with central obstruction ratio 
€—0:25. The intensity at the geometrical focus is normalized to unity. Reflection 
of the figure in both coordinate axes gives a diagram of the isophotes in any meridional 
section. "he shaded area gives the position of the hollow cone of rays. 


Fig. 5. Isophotes near focus of an aberration-free pencil with central obstruction ratio 
e=0:707. The intensity at the geometrical focus is normalized to unity. Reflection 
of the figure in both coordinate axes gives a diagram of the isophotes in any meridional 
section. ‘I'he shaded area gives the position of the hollow cone of rays. 
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The shaded areas in the bisymmetrical patterns show where the geometrical 
light-cones meet the meridional (uw, v)-plane in each case. In the unobstructed 
case (fig. 3) the cone of rays is a solid cone, with axis lying along the u-axis and the 
lines |v/u|=1lieinitssurface. Inthe centrally obstructed cases the cone is hollow; 
its axis lies along the u-axis and its ‘body’ lies between the two conical surfaces 
traced out when the lines |v/ul=e« and |v/u|=1 are rotated about the u-axis 
(see fig 2). In fig. 4, «=0-25, in fig. 5, « =0-707. 

The value « = 0-25 was selected for computation because it corresponds to the 
greatest central obstruction which is regarded as tolerable by users of visual 
reflecting telescopes. A comparison of figs. 3 and 4 shows how small is the effect 
of this obstruction on the relative intensities in different parts of the image. In 
particular, the size and shape of the bright central nucleus is almost unaffected. 
There is, however, an increase in the intensity of the first Airy bright ring, the 
effects of which might occasionally be visible to a keen observer. 

The value «=0-707, corresponding to an obstruction of half the area of the 
aperture, was selected with the following idea in mind. When the central 
obstruction is fairly large, for example when it has the above value, the pencil of 
rays passing through the geometrical focus has the form of a hollow circular cone 
(shown in section in fig. 5) and at a sufficient distance from the geometrical focal 
plane almost all the light is to be found between the walls of this cone, that is to say, 
in the notation of § 2, in the region 0-707 <|v/u|<1. It is natural to ask whether 
anything at all resembling this type of light distribution is to be found in the near 
neighbourhood of the geometrical focus. Figure 5 provides an answer to the 
question: close to focus, the light distribution has the same general character as in 
the case of the unobstructed aperture and is strikingly different from that predicted 
by geometrical optics. ‘The main effect, in this region, of the obstruction is to 
draw out the central nucleus of the image along the axis of the system to approxi- 
mately twice its former length, its cross section being correspondingly reduced. 

These results may be of some practical value in connection with the design 
of lens—mirror systems, in which the use of mirrors generally involves central 
obstruction of the beam, while the refractive elements usually introduce some 
chromatic variation of focus. ‘The existence and dimensions of a tubular core to 
the diffraction image have here, just as in the case of telescope doublets, an 
important bearing on the amount of chromatic variation of focus which can be 
tolerated in the system (Conrady 1923, Linfoot and Wolf 1953). 

More academic, but perhaps not entirely without interest, is the point that a 
large central stop on the objective of a refracting telescope not only increases 
resolving power by decreasing the lateral diameter of the bright central nucleus of 
the image but also, by elongating the nucleus in the axial direction, reduces the 
disturbing effects of chromatism on its colour-composition at best focus. 
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LETTER TO THE, EDITOR 


On the Decay of Radio Echoes from Meteor Trails 


The interpretation of the long duration echoes observed from meteor 
trails has been the subject of some dispute. In recent papers, Kaiser and 
Closs (1952) and Greenhow (1952) have given a comprehensive theory to 
explain the nature of the scattering process, the duration of the echo, and 
fluctuations in amplitude of the radio echo with time. In this theory diffusion 
is considered to be the main process reducing the volume density of electrons 
in the trail and recombination is neglected. Feinstein (1952) has now 
criticized this interpretation on the grounds that the observed value for the 
recombination coefficient in the E region of the ionosphere («= 10~* cm? sec *) 
should also apply to the conditions in a meteor trail. In this case the duration 
of echoes from trails of line density in excess of about 101° electrons/em when 
observed on'a wavelength of 8 m would be limited to about 8 sec, whereas on 
the diffusion theory the duration may be much greater and proportional to 
the initial line density. 

The discrepancy between the high value of « observed in the E region and 
the theoretical value for radiative recombination (10° cm? sec) has been 
explained on the assumption of electron loss through attachment, and, more 
recently, through dissociative recombination which is important (Bates 1950) 
under certain conditions. ‘The former explanation is now regarded as the least 
likely, but in any case such attachment would not be significant for the electron 
and molecular densities in meteor trails at a height of 90 km. Dissociative 
recombination might be important if molecular ionization was predominant 
in meteor trails. However, the fact that the ionization potentials of the 
meteor atoms are lower than those of the atmospheric constituents, and the 
absence of spectral evidence for ionized lines other than those of meteor 
atoms, suggests that the ionization is mainly atomic. Hence there are no 
strong theoretical grounds for anticipating that the value of « found in the E 
region should apply to meteor trails. Evidence in support is provided by the 
observed variation of radio echo duration with echo amplitude and with visual 
magnitude (Greenhow and Hawkins 1952) for line densities up to 101° cm-1, 
‘These results indicate that the effective recombination coefficient for meteor 
trails is not greater than 5 x 10°19 cm? sec"}. 

In Feinstein’s hypothesis concerning long duration echoes the E region value 
of « is retained and initial shock wave expansion of the trail is suggested as a 
mechanism for dispersing the high electron density before recombination 
becomes effective. As a consequence he concludes that the deep amplitude 
fluctuations are produced by interference between waves reflected at different 
levels in the cylinder of ionization. It is clear that such interference 
fluctuations could occur only after the column has expanded sufficiently to 
reduce the electron density below the critical value; thus, unless the boundary 
is exceedingly sharp, the amplitude of the echo during this period would be 
very much smaller than during the initial phase. Long duration echoes 
observed on a wavelength of 8m frequently exhibit fluctuation periods of 
the order of 0-1 second. On Feinstein’s hypothesis, such an echo of 60 sec 
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duration would require a meteor trail in which the electron density decreases 
from its maximum value to zero in a boundary layer of a few metres thickness 
and which retains this structure until its radius is of the order of 1 km. A more 
serious objection is that the fluctuations would not commence simultaneously 
when observed on different wavelengths, a prediction which is in contradiction 
with observation. The simple periodic fluctuations with deep cusp-like minima 
predicted by Feinstein are rare; more commonly the echo is complex. When 
they occur, a continuous gradation into a Rayleigh distribution of amplitudes 
is observed, the mean fluctuation period remaining constant throughout. In 
addition the mean amplitude is generally substantially constant over many 
fluctuation periods. These facts show many points of disagreement with 
Feinstein’s predicted interference effects, but are explicable by the theories of 
Kaiser and Closs and of Greenhow in which the fluctuations are attributed to 
interference effects arising from trail distortion due to winds in the upper 
atmosphere. 

We agree that the heat energy released by the meteor may enhance the 
initial rate of expansion but it would appear that discussion of this question 
must await further theoretical developments. In our interpretation of the 
experimental evidence such effects have only a small influence on the important 
echo characteristics, particularly the duration. 
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Fig. 1. Surfaces of cast rods. 4 rods of tin-silver 0-1 %, 1 rod of tin. 


Fine lines on unetched crystal surfaces (tin-silver 0-1 %. Rate 0-5 mm/min). 


Fig. 3. Dendritic surfaces (tin—antimony 0:1 %. Rate 20 mm/min). 
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Naudé (1949). Kramer explained the phenomenon by the existence of a 
particular state of metals which he described as ‘non-metallic’. ‘The mechanism 
of electron emission is not stated in detail and from the experiments by Haxel, 
Houterman and Seeger (1951) it appears that adsorption may play an important 
part in inducing emission. In this connection must be mentioned the work by 
Fianda and Lange (1951) who found that the work function of metals abraded 
in vacuo was lowered considerably by adsorption of oxygen. It thus appears 
that the existence of the Kramer effect can be accepted, but contrary to his 
explanation, the effect may be caused by heterogeneous processes on the surface 
of the freshly exposed metal. This problem is at present being investigated in 
the Mechanical Engineering Research Laboratory, using films of evaporated 
metals as the source of the Kramer effect. For a discussion of the Russell effect 
and mechanical activation the mechanism of the Kramer effect is of little 
importance. It seems sufficient to accept the fact that a freshly abraded metal 
surface is a potential source of free electrons. 


1.2. The Russell Effect 
Russell (1897, 1898, 1899, 1906, 1908) discovered that freshly abraded 


surfaces of certain metals produced an image on photographic plates. The 
‘activity’ of these surfaces decreases with time, and is enhanced by temperature, 
as is the Kramer effect. Russell was able to show that the image produced on a 
photographic plate was caused by a gas and that extremely small quantities of 
hydrogen peroxide vapours acted in a way similar to the gas produced on freshly 
abraded metal surfaces. The Russell effect received a great deal of attention 
during the first decade of this century. A summary of the investigations has 
been given by Keenan (1920). ‘The sometimes contradictory evidence seems 
to indicate that the presence of both oxygen and water vapour is required to 
produce the effect. More recently Churchill (1939) showed that hydrogen 
peroxide is formed on freshly abraded surfaces and that the amount formed on a 
cathode is very much greater than that formed on an anode. Mention must 
also be made of early attempts to develop a peroxide theory of corrosion 
(Dunstan et al. 1905). 

Work at the Mechanical Engineering Research Laboratory confirmed most of 
the results by previous workers on the Russell effect. In addition, it was 
established that the effect can also be produced with films of evaporated metals 
(Grunberg and Wright 1952). A satisfactory explanation of the Russell effect 
can be obtained, if one assumes the Kramer effect to be the primary cause of the 
reaction. If free electrons are available either as direct emission or by a lowering 
of the work function then, in the presence of oxygen and water vapour, the 
following reactions are likely to occur: 


e+H,0+H,OS 0, 4COH) on eee (1) 
H, 4.0; S3:0O soe eee oe ees (2) 
HO; + HOSS ORO aaa el on binueene ee (3) 
é-+.OH (2 OH\san pace Sy eee (4) 


Churchill (1939) suggested a scheme, which involved hydrogen ions in two 
of the steps. At the concentration of water vapour at which the Russell effect 
can be observed the number of hydrogen ions present cannot be sufficiently 
great to account for the intensity observed. 
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There is a discrepancy between the Russell and Kramer effects. Whilst the 
latter can be observed with relatively electronegative metals (e.g. gold) the 
former has not been observed with iron or copper. This can be explained by 
the fact that these metals decompose the hydrogen peroxide before it can react 
with the photographic plate. Saeland (1908) showed that interposition of 
copper filings or of a brass screen inhibits the Russell effect. The decomposition 
of hydrogen peroxide probably occurs on the surface of the metal and follows 
a course analogous to the ferrous ion catalysed reaction suggested by Haber 
and Weiss (1934, 1935): 

POs he (O Lace, Ol he rae ye (5) 

The electron involved in reaction (5) may either be a Kramer electron or 
may derive from the 3d band as suggested by Dowden and Reynolds (1950). 


1.3. Mechanical Activation 

During a study of the action of fluids used for lubrication in metal cutting 
Shaw (1948) observed that certain organic compounds react vigorously with 
the metal cut, although these compounds are relatively inert to the metal in bulk. 
Certain reactions, such as the preparation of Grignard reagents, which normally 
require the most anhydrous conditions, proceed vigorously even in the presence 
of water. Shaw termed this ‘mechanical activation’ and considered that the 
high temperatures and pressures at the tool face during cutting, together with 
the great reactivity of the highly stressed nascent surface produced, are 
responsible for the high reaction rates observed. Shaw did not discuss the 
properties of the ‘nascent’ metal surface. It seems likely that this is another 
manifestation of the Kramer effect, as some of the reactions studied by Shaw 
can be explained by electron transfer. If one assumes a partially ionic character 
of the alkyl- or aryl-halogen bond the formation of a Grignard compound. 
proceeds by electron transfer according to 


Relo-+ e= Rel Ri I ts Ae ee eee (6) 
and Rete leasMietit RMoIAY. a» te (One, 655 (7) 
Another reaction studied by Shaw was the decomposition of carbon tetrachloride 
during the cutting of aluminium. He observed the formation of a dark red 
substance which could be resolved into aluminium chloride and hexachloroethane- 
Considering again electron transfer to a partially 1onic bond, then 


CLG Olres Cl. Cirs CLColCia) mak Ars (8) 
and APACS AlCh sh i ee ee (9) 
2OCC SOG ae.) es © ae eae (10) 


Shaw stated that relatively high cutting speeds (i.e. high surface temperatures) 
are required for the reactions to occur. The cause of this may be the relative 
inefficiency of the first step of reaction (8). The Kramer effect is greatly 
enhanced by an increase in surface temperature and then provides a sufficient 
number of electrons for reaction (8) to proceed. 


§2. EXPERIMENTAL 


In the previous section it was suggested that the Russell effect and Shaw’s 
mechanical activation are caused by the same phenomenon, namely the emission 
of electrons from freshly exposed metal surfaces (the Kramer effect). As a 

| Wi 
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preliminary to the study of the latter it seemed important to investigate whether 
the Russell effect—the formation of hydrogen peroxide on fresh metal surfaces— 
could be produced by the cutting of metals in the presence of water and oxygen. 


2.1. Apparatus and Procedure 


A metal block approximately 4} in. x 3 in. x 2in., is firmly attached to the 
bottom of a plastic trough. The trough is clamped into the machine vice of a 
hydraulic shaping machine and filled with 1000ml. distilled water. The 
capacity of the trough is such that the metal block is completely immersed in 
the water. A high-speed steel tool is introduced and orthogonal cuts are taken 
with a feed of 0-002in. In order to keep the temperature as low as possible, 
low cutting speeds of about 2cm/sec (4ft/min) are used except when cutting 
nickel, when the cutting speed was of about 2:8 cm/sec (5-5 ft/min). The cutting 
chips are kept submerged and occasionally rearranged in the trough to prevent 
accumulation and exposure to air. During the experiment the temperature of 
the water is measured. After taking the required number of cuts, the water is 
immediately removed from the trough by means of a syphoning arrangement. 
Aliquot portions of the water are analysed. 


2.2. Materials and Methods of Analysis 


The samples of aluminium, magnesium, nickel and zinc were of the highest 
purity commercially available. The sample of copper was high conductivity 
grade and the sample of iron was Armco iron. 

The water was freshly distilled in a Pyrex apparatus and had a dissolved 
oxygen content of approximately 15 ml/l. All the reagents used were of A.R. 
quality. Hydrogen peroxide was determined in a sample of 200 ml. by iodometry 
in the presence of sulphuric acid. Ferric ions were determined by a similar 
method and also colorimetrically as thiocyanate. 


2.3. Amount of Hydrogen Peroxide formed with Different Metals 


Cutting experiments lasting one hour were carried out with zinc, aluminium, 
magnesium, nickel, copper and iron. 450 cuts were made, except for nickel 
(655 cuts). In all cases, except when cutting nickel, the water remained at 
laboratory temperature. With nickel the temperature of the water rose by 
about 11°c. The <esults of the experiments are shown in table 1. 


Table 1. Showing the Amount of Hydrogen Peroxide present after Cutting for 


One Hour 
Dimensions ee 
No. of of cut Cutting speed Aj 
pacts! cuts Length Width ues wor mg H,0; 
(cm) (cm) C?) 
Zinc 450 8:5 1:3 Del? 19 DS 
Aluminium 450 8°5 1-2 D2 20 2-38 
Magnesium 450 Hel Ned 1-92 19 2-66 
Nickel 655 7o7 1-4 2:80 30 2-47 
Copper 450 5 0-9 1-88 20 nil to 0:34 
Tron 450 Uh he 2 1-92 20 5:62* 


* Hydrogen peroxide equivalent to 18-4 mg iron. 
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The results show that zinc, aluminium, magnesium and _ nickel produce 
approximately 3 mg H,O, in one hour. Copper and iron behave differently ; 
copper gives very little or no hydrogen peroxide, whilst iron gives an amount 
of ferric ions greater than the equivalent of 3 mg H,O,. 

With all the metals the water becomes turbid during the experiment 
indicating that substantial quantities of metal hydroxides had become suspended 
in the solution. ‘The experimental set-up was unsuitable for collecting the 
hydroxides quantitatively. In one experiment with zinc the equivalent of 
11-4 mg Zn (OH), was found to be present. 


2.4. H,O, Concentration as a Function of Number of Cuts and of Time 
Experiments were carried out with zinc to determine the concentration of 
hydrogen peroxide after a number of cuts had been made. The conditions of 
the experiments were the same as reported in §2.3 and the number of cuts was 
varied. The estimation of the concentration of hydrogen peroxide was carried 
out immediately after cutting. The results of these experiments are shown in 
fig. 1. After an initial rapid rise, the concentration of hydrogen peroxide increases 


y ase 
0 100 200 300 400 0 10 20 30 40 50 
Number of Cuts Time of Contact (hours) 


Fig. 1. H,O, formed when cutting zinc. Fig. 2. Decomposition of H,O, in 
contact with chips of zinc. 


linearly with the number of cuts, i.e. with the increase in surface area exposed 
by cutting. The significance of the shape of the curve will be discussed later. 
It is interesting to note at this stage that the use of a saturated solution of zinc 
oxide reduces the amount of hydrogen peroxide formed as can be seen from 


table 2. 
Table 2 


No. of cuts 50 100 
Cut in water (mg H,O,) 1-46 153 
Cut in water saturated with ZnO (mg H,O,) ~—-0°85 1-02 


In several instances 200 ml. samples of water were withdrawn from the 
trough after a number of cuts had been made, and replaced by 200 ml. of fresh 
water. Cutting was continued to a total number of 450 cuts. The amount of 
hydrogen peroxide present was then found to be greater than if cutting was 
continued without exchanging part of the water. If the exchange of 200 ml. 
of water was carried out after 150 cuts the final concentration was 3-49 mg H,O,/1. 
as against 2:8 mg H,O,/I. with no exchange. If exchanged after 300 cuts the final 
concentration was 3:92 mg H,O,/I. 
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Hydrogen peroxide solutions, obtained from the cutting of zinc, were found 
to be relatively stable, if kept separate from the metal chips. When kept in 
contact with the chips the concentration of hydrogen peroxide decreased. 
Experiments were carried out to determine the rate of decomposition of hydrogen 
peroxide when in contact with chips of zinc. In every case 450 cuts were made, 
as described in §2.3. The solutions were left in contact with the chips for 
definite periods of time and the trough was kept covered with an opaque plate 
in order to prevent photolysis of hydrogen peroxide. Figure 2 shows the change 
in concentration of hydrogen peroxide with time. 


2.5. Cutting of Zinc in Air 

[t seemed of interest to see whether the formation of hydrogen peroxide 
occurred during the time of actual cutting or as an after effect of this process. 
A zinc block was fixed to the trough and 400 ml. of distilled water was added. 
This quantity of water was insufficient to cover the block and cutting could thus 
proceed in air and the chips immediately immersed in water. Only chips from 
350 cuts could be accommodated in the volume of water available. ‘The quantity 
of hydrogen peroxide developed in the water was 1:52mg as compared with 
2-45 mg when cutting 350 chips under 1000 ml. of water. 


2.6. Cutting of Copper in N/50 Ferrous Ammonium Sulphate 

As shown under §2.3 the cutting of copper in water yielded only very little 
-or no hydrogen peroxide. It has been shown (Saeland 1908, Dowden and 
Reynolds 1950) that copper decomposes hydrogen peroxide by a surface reaction. 
It seemed of interest to introduce another potential electron donor into the 
solution which could supply the electrons required for the decomposition of 
hydrogen peroxide according to reaction (5). A ferrous salt seemed an obvious 
choice for this purpose, as the decomposition of hydrogen peroxide can then 
be expected to follow the Haber—Weiss scheme (1934, 1935). 

450 cuts were made with a copper block using a solution of N/50 ferrous 
ammonium sulphate. During the experiment it was noticed that the solution 
had become cloudy owing to the precipitation of hydroxides. After cutting, - 
the solution, containing the suspended hydroxides, was immediately withdrawn 
from the trough and the amount of ferric ions present determined, after 
acidification. ‘The solution was found to contain 180 mg Fe®*/l. (the equivalent 
of 54-9 mg H,O,). Part of the solution was kept for 17 hours (not in contact 
with the copper chips, and without acidification) and it was found that the 
concentration of ferric ions had increased to 300mg (the equivalent of 
93 mg H,O,). Part of the latter solution was used for a copper estimation. 
The hydroxides were filtered off and estimations were carried out both on the 
filtrate and in the precipitate. The filtrate was found to contain the equivalent 
of 4 mg copper/l. and the precipitate the equivalent of about 50 mg copper/l. 


$3. Discussion 
The experiments show that when fresh metallic surfaces are produced under 
water, by the cutting of zinc, aluminium, magnesium and nickel, measurable 
quantities of hydrogen peroxide are formed. Under similar conditions the metals 
mentioned produce approximately the same quantity of hydrogen peroxide. 
With copper only very small quantities of hydrogen peroxide can occasionally 
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be detected. ‘This behaviour is similar to that observed in the Russell effect. 
It therefore appears that phenomena similar to the Russell effect can be produced 
by a process of ‘ mechanical activation’. 

Some peculiar property of fresh metallic surfaces is involved and there seems 
little doubt that some form of electron transfer is responsible for the reactions. 
It is yet uncertain whether the transfer of electrons occurs as a homogeneous or 
as a heterogeneous process. The same uncertainty exists about the Kramer 
effect which is likely to be one of the sources of the electrons. 

The transfer of an electron is probably facilitated by a partially ionic 
character of a bond in a molecule. In the case of a water molecule, having the 
configuration H* ~OH, the electron attaches itself to the proton and causes the 
ionic field to disappear. The result is a hydrogen atom and a hydroxyl ion. 
The free hydrogen atom can initiate various free radical reactions (Waters 1946) 
and in the presence of oxygen and water leads to the formation of hydrogen 
peroxide and hydroxyl radicals, .OH. ‘The latter can also form hydrogen 
peroxide by the reaction 2,.OH~H,O,. This reaction requires a three-body 
collision in order to dispose of the energy of the free radicals and should occur 
rather infrequently. 

The curve relating the concentration of hydrogen peroxide to the number of 
cuts made with zinc (fig. 1) shows that a very rapid rise occurs at first, which is 
followed by a linear increase of concentration with the increase in the number 
of cuts. Leaving aside for the moment the initial rise, the linearity of the greater 
part of the curve shows that the rate of increase in concentration is proportional 
to the increase in surface area. ‘his observation implies that within the time 
interval in which a cut is being made, the ‘activity’ of the surface has 
become negligible. ‘The shape of the linear part of the curve indicates that 
3 x 10- mg H,O, (equivalent to 5-3 x 10!® molecules) are being formed during 
one cut. The latter figure can now be compared with the number of zinc atoms 
present in the new surface created by a cut. ‘The surface density of zinc atoms 
is of the order of 1-6 x 10% atoms/cm?. ‘The surface area created in a cut can 
be taken to be approximately equal to twice the area laid bare, if the reduction 
in the size of the chips is considered to compensate for the roughness of the 
surface. For the experiments with zinc this would correspond to 22-1 cm?/cut, 
equivalent to 3-3 x 1016 zinc atoms. It thus appears that in the later stages of 
the experiment each zinc atom exposed is roughly responsible for the formation 
of 1-5 molecules of hydrogen peroxide. » 

The above considerations cannot be applied to the initial rise in concentration. 
It seems obvious that this rise cannot be caused by some property of the metal, 
since it is reasonable to assume that zinc atoms behave similarly, whether exposed 
in the early or in the later stages of an experiment. One must therefore assume 
that a change in the properties of the solution is responsible. Various hypotheses 
can be advanced to explain the rapid initial rise in concentration. 

(i) The water is rapidly depleted of oxygen. ‘The amount of oxygen present 
(21 mg) is, however, more than sufficient for the reaction to proceed at a uniform 
rate. Experiments with water containing 36 mg of oxygen did not yield results 
materially different from those reported. ‘This hypothesis can therefore be 
- dismissed. 

(ii) Saturation is reached with respect to one of the products of the reaction. 
This suggestion may imply reversibility, not normally observed with electron 
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transfer reactions. Saturation can, however, be involved in a different way- 
The solution, after the experiment, contained a considerable quantity of zinc 
hydroxide in suspension. It seems plausible that before the solution had become 
saturated with Zn (OH), a considerably greater area of metal had been laid bare 
by the dissolution of Zn (OH), formed on the surface than by the process of 
cutting. The intercept of the curve in fig. 1 corresponds to about 1-3 mg H,Q,.- 
If it is assumed that about 1-5 molecules of hydrogen peroxide are formed per 
zinc atom exposed, the dissolution process can be considered to be responsible 
for the exposure of 2x 10!® zinc atoms or the equivalent amount of surface 
exposed in about 55 cuts. Again from the curve it is evident that saturation is 
reached after. approximately 50 cuts. The rough correspondence between the 
number of cuts at which saturation is reached and the surface area required to 
account for the hydrogen peroxide formed in the initial stages, suggests that at 
first the layer of zinc hydroxide is removed by dissolution exposing a fresh metal 
surface. When the solution has become saturated with respect to Zn (OH), 
the dissolution process ceases and only one surface layer of zinc atoms is allowed 
to react. Although this hypothesis is supported by the results given in table 2, 
it does not fully account for the relatively large amounts of H,O, formed when, 
during an experiment, part of the solution is replaced by fresh distilled water. 

When the solution of hydrogen peroxide is left in contact with zinc metal 
chips the logarithm of the concentration falls off approximately linearly with 
time, indicating that the reaction was pseudo-unimolecular in character, with 
an apparent half-time of about 17 hours. 

The results obtained with iron require some comment. As with other metals 
a suspension of hydroxides was obtained, part of which was ferric hydroxide. 
The amount of ferric hydroxide obtained was only slightly greater than the 
equivalent amount of hydrogen peroxide from other metals. 

Copper in the presence of a ferrous salt gave rise to 180 mg ferric ions, the 
equivalent of 54-9 mg H,O,. The oxygen content of the water was 22-1 mg 
equivalent of 47 mg H,O,. There seems to be a rough correspondence between 
the amount of oxygen present and the amount of ferric ions produced, which 
allows the conclusion that in this case the extent of the reaction is limited by the 
amount of oxygen available. The difference between the two equivalents can be 
attributed to replenishment of oxygen during the course of the experiment. 
The transfer of electrons probably follows the scheme 


Cu 
t x : 
Ae H,O}-0;, .OH, H,O.—(OH)- 


The oxidation of ferrous ions proceeds even after the removal of the copper 
chips. A sufficient amount of copper is being retained by the solution and by 
the hydroxide precipitate for the above reaction scheme to continue. 
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Abstract. 'The conductivity of silicon at low temperatures is found to be increased 
by illumination with infra-red radiation in the wavelength range 2 to 14. ‘The 
effect is believed to be due to excitation of electrons or holes from impurity states. 
At 14°x, for radiation of wavelength 10, interrupted at 800 c/s, a signal equal to 
noise in a bandwidth of ic/s is obtained with an incident intensity of about 
2 x 10-8 watt/cm? on a specimen of area 0-1 cm?. 


§1. INTRODUCTION 


HE energy gap between the highest filled band in silicon and the conduction 
| band is known to be about 1-1 ev (Torrey and Whitmer 1948) and intrinsic 
photoconductivity, due to transitions between these bands, is observed for 
radiation of wavelength about 1. ‘The object of the present work was to investi- 
gate photoconductivity due to impurity ionization which should occur at much 
longer wavelengths. 

The energy states of an electron or hole bound in a hydrogen-like orbit to an 
isolated impurity centre in a medium of dielectric constant K are given by 
E,,=13-5/K*n? ev. For silicon, K =13 so that the ionization energy is approxi- 
mately 0-08ev. The ionization energy is reduced by the presence of neighbouring 
impurities (Pearson and Bardeen 1949) and it is found that, for p type silicon 
containing N, acceptors per cm?: 


Ey, = (0-08 — 4-13 x 10-8 N18) ev. 
For a specimen of moderate purity with N,=10!7/cm*, E;=0-06ev, so that 
photoconductivity due to impurity ionization should be possible for wavelengths 
less than 20 p. 

The photoconductivity can only be observed if the rate of ionization by radiation 
is comparable with the rate of thermal ionization, which is proportional to 
exp(—E\/kT). With such a small ionization energy, it is necessary to make 
measurements at low temperatures. For E;=0-06gv temperatures of the order of 
20°K are required. 

In order to have a reasonable value of Ey it is desirable to use a specimen with a 
fairly small impurity concentration but, on the other hand, an appreciable fraction 
of the incident radiation must be utilized in impurity ionization. The cross 
section for impurity ionization in silicon is estimated to be of the order of 10-45 cm? 
near the 1onization limit and it should diminish as A? for wavelengths much shorter 
than this (Hall 1936, Burstein e¢ al. 1951) so that, for an impurity concentration of 
about 10'/cm?, a specimen of thickness of the order of 1 mm is required. The 
lattice absorption in silicon for long wavelength radiation is very small (Briggs 
1950, Lord 1952) and, for a specimen of this thickness, is only appreciable in the 
neighbourhood of absorption bands at 9 and 16:5. At low temperatures, 
absorption due to mobile electrons or holes can be neglected. 
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§ 2. EXPERIMENTAL ARRANGEMENT 


In one form of apparatus the specimen was situated in a Dewar vessel containing 
liquid hydrogen or liquid helium and radiation from a rock salt prism monochro- 
mator was directed on to it through a K.R.S.5 window at the top of the apparatus. 
Measurements were normally made with the level of the liquid below the specimen, 
otherwise trouble was experienced due to scattering of the radiation by bubbles in 
the liquid. The surfaces of the specimen were polished and contacts soldered to 
nickel plated areas on the ends. The specimen was mounted below a slit in a 
radiation shield and was connected by a short, screened cable to a preamplifier 
which was followed by a tuned amplifier with a 4c/s bandwidth. The radiation 
was interrupted by a sector disc at 20, 360 or 800c/s. The resistance of the 


Fig. 1. Section of apparatus. Fig. 2. Input circuit. 
S Specimen, R radiation 
shield, H hydrogen con- 
tainer, A amplifier, L six 
leads to amplifier, 
C multiple contact seal. 


specimen at 20K was very high (of the order of 100 to 1000 MQ) and it was necessary 
to increase the impedance of the preamplifier and the input cable by the use of 
negative feedback. . ; 

An alternative form of apparatus is shown in fig. 1. ‘lhe specimen S was 
situated in the same vacuum enclosure as the liquid hydrogen container H and 
was cooled by conduction along one of the leads. ‘I'he specimen was surrounded by 
a radiation shield R which was joined to the hydrogen container by a copper rod. 
The first stage of the preamplifier A was also in the vacuum enclosure and as near 
to the specimen as possible so as to reduce the capacity of the input lead. By 
operating the first valve as a cathode follower, a very high input impedance could 
be obtained. Radiation from the monochromator passed through a window in the 
wall of the vacuum enclosure and through a slit in the radiation shield. 
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In the input circuit, shown in fig. 2, R, represents the bulk resistance of the 
specimen, R, and C, are the contact resistance and capacity and Ryand Cy are the 
input resistance and capacity of the preamplifier and cable. ‘The feed resistor Ry 
was of about the same magnitude as R,. The impedance of the coupling condenser 
C and the contact capacity C, at 20.c/s was negligible. Fora voltage V across R, the 
signal AV at AB due toa change of conductance AG of the specimen is given by 


KAVEAVGAKRGo. be) ke eae (1) 
where Z is the impedance between AB: 
1 il 1 1 ‘ 
= aan + joCy. seh s pennies (2) 


a 
Die Va ee 
The intensity of radiation falling on the specimen was determined by measure- 
ments made with a thermistor bolometer which was calibrated with black body 
radiation from an oven at 350°c, assuming the absorption coefficient of the bolo- 
meter to be independent of wavelength. 


Log 0 (@ inohm’'cm’) 
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Fig. 4. Variation of sensitivity S with wave- 
length A. S is in uv for an incident 
intensity of 1luwcm. D— 20s 
V=40v, f=800c/s, Z=40 MQ, area of 
specimen 0:5 x 0:2 cm?, thickness 0-16 cm. 


Fig. 3. Variation of conductivity o 
with temperature 7. 


In order to make sure that the signal observed at long wavelength settings of the 
monochromator was not due to scattered radiation of shorter wavelength, the change 
of signal on inserting filters of lithium fluoride or calcium fluoride was observed. 
It was found that, in all cases, the effect of scattered radiation was negligible. 


§3. RESULTS 
(i) Variation of Conductivity with Temperature 


The change of conductivity with temperature for a single crystal p type 
specimen is shown in fig. 3. Between 90°K and 50°K the relation 
a=o,exp(—£,/RT) is valid with E,;=0-05ev and o,=2500hm-'cm-!. At 
lower temperatures, however, the conductivity is considerably greater than that 
given by this expression. ‘This result may be due to the existence of a wide distri- 
bution of impurity levels or, alternatively, to conduction by another mechanism, 
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such as injection of minority carriers. Similar results obtained with germanium 
(Gerritsen 1949, Hung and Gliessman 1950) have been attributed to conduction in 
the impurity band (Hung 1950). 


(11) Absorption Coefficient 
At room temperature the fraction of incident radiation transmitted by a poly- 
crystalline specimen of thickness 1 mm was 50% at 24 and 44% at 10. At 20°x 
the transmission was 50% at 2 but only 30% at 104. The absorption coefficient 
at 20°K was therefore about 2cm™ at 10u. Since this specimen contained about 
2x 10'® impurities per cm® the cross section for impurity ionization at 10, is 
about 10-1 cm?. 


(111) Photoconductivity 

(a) Variation with wavelength. ‘The variation of response with wavelength 
between 1 » and 144 for a single crystal specimen at 20°K is shown in fig. 4. It 
seems probable that the increase in response with increasing wavelength is mainly 
due to the increase in absorptioninthe specimen. The explanation for the maxima 
and minima in the curve is not known. ‘The shape of the curve is different for 
different specimens but, in all cases, there is a general rise towards longer 
wavelengths. 

(6) Variation with temperature. ‘The change of conductance produced by a 
given illumination does not change appreciably in the temperature region between 
20°k and 14°xK. In experiments at liquid helium temperatures between 4-2°K 
and 1-5°K results of the same order of magnitude as at 20°K were obtained. At 
liquid air temperatures the conductivity of the specimen was too large for effects 
due to impurity ionization to be observable but a response was obtained in the 
intrinsic region near | p. on 

(c) Variation with interruption frequency. ‘The signal was almost independent 
of interruption frequency. At frequencies of 20, 360 and 800c/s the relative 
signals, corrected for the change of input impedance, were 176, 155 and 158 
microvolts. ‘The differences between these figures are within the limit of experi- 
mental error and we can say that the response time is certainly less than 10-4 second. 

(d) Different specimens and heat treatment. Measurements have been made on 
three different p type specimens with impurity content between 2 x 10'® and 10!" 
percm*. Of these, one was the single crystal for which results have been given and 
the others were polycrystalline but containing only afew large crystals. ‘The order 
of magnitude of the signal at 20°K was the same for all specimens. An improve- 
ment in the signal to noise ratio by a factor of about two was obtained by annealing 
the single crystal at 450°c for 12 hours. 

(e) Signal to noise ratio. The noise voltage at the input of the amplifier was due 
to the combined effects of Johnson noise from the specimen, shot and flicker noise 
in the first valve and current noise in the specimen. In order. to obtain optimum 
signal to noise ratio the voltage across the specimen was increased until the current 
noise was the predominant factor. Since this type of noise has a power spectrum 
inversely proportional to frequency (Montgomery 1952) the optimum signal 
to noise ratio was obtained at the highest interruption frequency. For a given 
voltage across the specimen the noise voltage diminished with decreasing tempera- 
ture (see table) so that the signal to noise ratio was best at the lowest temperatures. 
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Temperature (°K) 20 20 14 14 
Frequency (c/s) 20 800 20 800 
Voltage across specimen (Vv) 90 90 108 108 
Current (A) 0:43 0-43 0-18 0-18 
Noise per unit bandwidth (wv r.m.s.) 18 2 y) 7 


Input impedance Z=40 MQ = Noise with V=0: 2-5 wv at 20 c/s; 0°85 pv at 800 c/s 


For the single crystal specimen of area 0-1 cm? at 14°K the minimum detectable 
intensity of radiation at 10 for an interruption frequency of 800c/s and a band- 
width of 1 c/s was about 2 x 10-* watt cm’. 


§4. Discussion 
(i) Bolometer Effect 


We must first consider whether the long wavelength response could be due 
to a bolometer effect. 

Suppose that the increase of temperature AT of the specimen due to heat 
input W is AT=W/k so that the change of conductance is AG=(dG/dT)W/k. 
It is difficult to estimate k directly but it can be expressed in terms of the response 
time t=C/k where C is the heat capacity of the specimen so that 


=(7W/C) dG/aT. 


The change of conductance due to radiation of intensity J falling on a specimen 
of area a and absorption coefficient « is therefore AG =(raal/C)dG/dT and the 
resulting signal is given by AV = VZAG =(VZraal/C) dG/dT. Inserting numerical 
values for a single crystal specimen at 20°K with specific heat of 0-1 joule mol 
deg (Keesom and Pearlman 1952) and assuming 7=10-4sec and «=1 we 
obtain AV~107! pv for J=1uwem?, V=100v, Z=4x107ohm. This is about 
a thousand times smaller than the observed signal at long wavelengths. 


(11) Impurity Ionization 

We now have to consider whether the results are consistent with those to be 
expected for impurity ionization. 

Suppose we have a specimen containing Np donors and N, acceptors per 
cm? with Np greater than Ny, so that the specimen is n type. If m donors per 
Gmae are Phe ae ionized at temperature T there are: n conduction electrons, 
(Np- n) neutral donors, (NV, +) ionized donors and N, ionized acceptors.* 
If A is an probability per unit time of an electron combinine with an ionized 
donor and B is the probability of thermal ionization of a neutral donor then, at 
equilibrium : 


An(N,+n)=B(Np—Naami > «ne ie (3) 
At very low temperatures will be negligible in comparison with N, so that 
nN | (ND HW) = BAH Ke eee (4) 

The equilibrium constant K is given by (Fowler 1936): 
= 2(27mkT/h?)3” exp (— E,/RT)~5 x 10% T3exp(—E,/RT). ...... (5) 


* When current is flowing through the specimen this equilibrium condition may be 
disturbed by holes injected from the positive contact. At low temperatures the holes will 
be trapped by ionized acceptors so that there may be a reduction in the number of ionized 
impurities. 
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Suppose that, with radiation of intensity 7, Q quanta are absorbed per cm? per 
second and are effective in producing ionization. The change in the number of 
conduction electrons Az is given by: 


BARN = O Mie Ott ye Tata Doce (6) 
so that, if 8 is the mobility, the change of conductivity Ac is: 
Nose 80) Nua sath eeyc eet GR hea (7a) 


If 7 is the relaxation time for capture of a conduction electron by an ionized 
impurity 

rely vA ty Se- o te obetiteere. | (8 a) 
so that Kore BOTs oar! Wee RRs pan (9) 


For a p type specimen the equations are identical except that Np and N, are 
interchanged so that, instead of equations (7 a) and (8a) we have 
Ac =eBO/N>A, Ee (7b) 
t= IN As ee! VE cee (8d) 
For the single crystal specimen at 20°K with J=1uwcem™ at 10, corresponding 
to? O~5 x10" cm™sec, Ac=4x10-"ohmcm-!, Assuming §~1000cm? 
sec tv}, we obtain from eqn. (9), 7~5x10-Msecond. There is no direct 
experimental evidence that this value of 7 is correct but it appears to be some- 
where near the value to be expected. If v is the average thermal velocity of a 
mobile hole and a; is the cross section for capture by an ionized acceptor we have 


Mest NPG. ge Leet) eee eee (10) 


Unfortunately we do not know the values of either o, or Np and we can only 
make a very rough guess as to their order of magnitude. It seems probable that 
Np is likely to be of the order of a tenth of the total number of acceptors or about 
1016/cm’. For o, we assume a value of about 10-!4cm? which is the order of 
magnitude found for capture of electrons by F centres in the alkali halides (Mott 
and Gurney 1948). With v=(RT/2m)!? the value obtained for 7 at 20°K is. 
of the order of 10~® second. 

Another estimate of 7 can be obtained from B by means of equations (5) 
and (8). It is found that the rectification properties of silicon at microwave 
frequencies can be understood if, at room temperatures, B has a value of about 
10!sec1 (Torrey and Whitmer 1948). If we assume B=B,exp(—E,/RT), 
with B,)~10" sec this leads to the values B~10-'sect, A~10* sec"? cm® at 
20°k so that, from eqn. (8), with Np=1018/cm? we obtain 7~10~*second. 
Obviously these estimates of 7 are very crude and all that can be said is that they 
indicate a value in the region of 10-°*! second. 

Attempts have been made to evaluate B by quantum mechanical perturbation 
calculations (Goodman, Lawson and Schiff 1947, Kubo 1952) but the validity 
of the assumptions appears to be in some doubt and no reliance can safely be 
placed on the results. / 


(iii) Sensttivity. and Response Time 
In view of the possibility of silicon being useful as a detector of long wave- 
length infra-red radiation, it is interesting to consider whether there is any chance 


of increasing the sensitivity above the present level. It is apparent from eqns. (1) 
and (9) that increase of sensitivity can only be obtained at the expense of increase 
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of response time but, if the response time is indeed as short as 10-1 sec, this would 
be no disadvantage since it is impossible to make effective use of a response time 
shorter than about 10-*sec on account of the difficulty of obtaining a sufficiently 
high input impedance of the amplifier at high frequencies. Since the response 
time depends on the concentration of the minority type of impurity there is a 
possibility of gaining a factor of the order of ten by careful control of the purity 
of the specimen. The response is also dependent on the magnitude of A. At 
the present time very little is known about the factors which influence the transfer 
of energy between the electrons and the lattice vibrations but it seems probable 
that the magnitude of A and By may depend on whether or not the ionization 
energy is less than that corresponding to the highest lattice vibration frequency. 
The value of B, for silicon appears indeed to be appreciably higher than for 
impurity activated phosphors for which it is about 10°*!sec"! (Garlick 1949). 
If this is the case, other substances with a suitable ionization energy might be more 
sensitive than silicon as detectors of long wave infra-red radiation. 
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The Energy Balance Equation for the Positive Columns of 
High Pressure Arcs 
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Abstract. Expressions for the energy balance equation put forward by various 
authors are reviewed and the need for a more rigorous statement of this equation 
is pointed out. An equation is deduced which includes rigorous expressions for 
the conduction and convection losses and an approximate expression for the 
radiation loss. Another equation which must be solved simultaneously is the 
hydrodynamical equation of steady flow, which yields the gas drift velocity 
involved in the convection losses. These general equations, unfortunately, can 
only be solved for certain special sets of conditions. 

A solution is given for a special case of a cylindrically symmetrical vertical arc 
and it is found that on insertion of appropriate numerical values the calculated 
quantities are in good agreement with experiment. 


§ 1. INTRODUCTION 


o far no completely rigorous energy balance equation has been put forward 
for high pressure arcs from which energy is lost by conduction, convection 
and radiation. The well-known Elenbaas—Heller relation only represents 

the conduction loss. Suits and Poritsky (1939) have shown that the conduction 
and convection losses from high pressure arcs can be represented with reasonable 
accuracy by the Nusselt relation, which holds for the losses from a hot solid cylinder 
ina gas. Some refinements in their analysis, due to Champion (1952), result in 
better agreement between theory and experiment. ‘The convection losses from a 
vertical arc have also been considered by Elenbaas (1951) who, in addition, 
evaluated graphically the vertical component of the convection velocity for one 
particular mercury arc. The difficult problem of representing the radiation losses 
from arcs has been attacked by several writers, including Francis (1946, 1949). 

Thus it can be seen that all the present statements of the energy balance 
equation have some limitations. Consequently, the possibility of deriving a more 
rigorous expression for the energy balance equation has been investigated. 


§ 2. THE GENERAL ENERGY BALANCE EQUATION 


The Elenbaas—Heller equation 
a dT 
eet peak ee aio) ll Pe ye) aetna 1 
r dr ¢ dr ) (1) 
* Now at Research Laboratory of Electronics, Massachusetts Institute of Technology, 
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relates the energy dissipated in a volume element of an arc column to the energy 
lost by conduction in a radial direction. In this expression E£ is the positive 
column gradient, 7, the electron density and K the total electron and ion mobility 
and it is assumed that the temperature T is a function only of the radial coordinate 
r. The general expression for the conduction loss when T may be a function of all 
the coordinates is — div (Rk grad T). 

In deriving the expression for the convection loss it will be assumed that the arc 
is in a steady state, that is the physical properties (e.g. gas velocity and temperature) 
at any point are independent of time. From consideration of the losses from an 
element of the arc the convection loss is found to be div (sTpv) where p, s and v are 
the gas density, specific heat and drift velocity respectively. It is not possible to 
give a rigorous expression for the radiation losses. However, the expression 
Bn,exp(—eV,,'kT) where V,, is the excitation potential given by Koch, 
Lesemann and Walther (1949) is quite useful, although the value of the radiation 
constant B will depend markedly on the gas and other conditions and will not 
always be accurately constant throughout a particular discharge. Thus the 
general expression for the energy balance equation 1s 


div (sTpv) — div (k grad T)+ Bn, exp(—eV,,/RT)=en,KE? ...... (2) 
The first term of eqn. (2) can be expressed in an alternative form by making use 
of the equation of continuity for the steady state, viz : div(pv)=0. Thus 
div (sTpv) =sT div(pv)+pvgrad(sT)=pvgrad(sT) ...... (3) 
and 
pv grad (sT) — div (k grad T)+ Bn, exp (—eV,,/RT)=en, KE? ...... (4) 


The terms in eqn. (4) representing the energy dissipation and conduction and 
convection losses are completely rigorous and the term representing the radiation 
loss is a good approximation. However, the solution of this equation for the 
general case is very difficult, despite the fact that outside the ionized region of the 
arc two of the terms are zero. ‘The difficulty is not greatly reduced for those arcs 
(such as most arcs in permanent gases) for which the radiation loss from the body 
of the arc is sufficiently small to be neglected. 

The specific heat of the gas s can generally be represented by c, since, with the 
arc in a steady state (dynamic equilibrium), the variation in pressure between the 
various parts of the discharge tube is usually small. With dissociating gases c, 
is a function of temperature and the effect of ionization (e.g. the thermal type given 
by Saha’s equation) causes an additional temperature variation in ¢,. 


§ 3. ‘THE Gas Drirt VELOCITY 


Another quantity whose value is required before eqn. (4) can be solved is the 
gas drift velocity v. ‘This is determined by the hydrodynamical equation of steady, 
viscous flow which is 

(div » grad) vegradp— pg. i ee (5) 
where 7 is the viscosity coefficient. 

In cases where the radiation losses can be neglected eqns. (4) and (5) together 
determine rigorously the convection and conduction losses from a high pressure 
arc. ‘Their solution also yields such associated properties as the gas temperature 
distribution and convection velocity. However, it seems that in practice their 
solution will be restricted to a few special sets of conditions. 
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For a cylindrically symmetrical vertical arc eqn. (5) may be expressed in the 


form 
ld dv; 0 [ dv, op 
ra Ge) +e (2d2) = 5 ce, foe RNG yc (6) 
1d 0v, Glad & wext op 

eat ror ¢ te i) + + oe (x =) = Orv) haa ” 


where the 3 axis coincides with the axis of the arc. A simple case of these conditions 
occurs when v, is independent of z and @p/éz is constant. Then 


where p,g is aconstant. Nowp=p, - T where T, is the gas temperature corre- 
sponding to density p,, but the functional variation of T depends on the as yet 
unsolved equation (4). However, with the temperature distributions found 
experimentally in arcs T,,, {1+ €(r/a)?}+ provides a good representation for T. 
€ and ¢ are constants determined by the individual conditions and T,,, is the 
temperature at the axis of the arc. Thus 


a dv, fas 1 Dare Ne “ 
or rn or =Parc8 1 ia 7 +t a 
Pare ene 


d O07 1 gz 
an. 15, Pared. = Ue s+ Gane | 


where the integration constant is zero since Ate =. 

Now 7 = Mare (T/T are)’ = are {1 + €(r/a)”}-° where the exponent 6 governs the 
temperature variation of the viscosity. Theoretically 0=0-5 for a rigid elastic 
sphere model of a neutral gas and is greater for all other models. Experimentally 
observed values of # range between 0-65 and 1-1, but there are no results for gases 
at very high temperatures or for those containing a proportion of ionized atoms. It 
would be expected that, in general, the presence of thermal ionization would 
increase the value of 0. 

The solution for v, when 6 = 1 is straightforward. 


¥ PareS ers {53 1 ie F) eae Err? (: ul aS 7a 
a, wise Lager ae * p+2 + 3( (b+ 2)a" * cs 7 | 


rE CONS Us semctarercters (9) 


The value of the constant can immediately be obtained from the boundary 
condition (v,),,=0. The boundary condition 


a 
| rp v, dr =(0) 
0 


which expresses the fact that the same mass of gas rises as falls due to convection, 
gives the value of 7,. On reduction this relation becomes 
Praia Sieg G26 42.0 E(p+26+2) |, GE +2 +2642) 
16 4(¢+4) 8(¢+2) ae 2(¢ + 2)* 2(¢ + 1)(¢+2)8 
ge an(1, HGHEL)| ‘ty 
b+ 1(b+2)(3¢6+4) a jg Cn eee 4 nae 
Resort must be made to series to obtain the general solution for v, for any value 


of 6. 'T'wo expansions are required for {1 + E(r/a)?\° to cover the regions in which 
M-2 
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&(r/a)’ is greater and less than unity respectively. The integral for the former 
region yields 


Parc& ade BL a ais re 1 Xi tees i+1 70+9-1p +2 } 
on Baal (1-8) Rageags aa + Feo GOGH a 
SPCONSE AG fac cer (Paes 


where, as before, the value of the constant is determined by the condition (v,),., =0. 
The integral for the region in which &(r/a)’<1 gives 


_ PareS. f ee Dove X; Etyese Pee 1 Xi é +1 Pe tip+2 } 
- Nare | Ue 2(id + 2)a"? p+ 7» (p+ id + 2)artty 
CONnsts =. 22 aeee (12) 


Both series for v, converge when r = a/€"!? and the value of the constant in (12) is 
obtained by equating the two expressions at this point. 7, is evaluated as before 
and the appropriate relation is 


go Xe a E941 Vice. Gore Nae a 


4-90 —ip +4 * $42” GO-ih + $44 | +2 GO + 1p +4 
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§ 4. COMPARISON WITH EXPERIMENT 


The expression T,,,{1+€(r/a)”}+ fits most accurately the experimental 
temperature distributions found in arcs in diatomic and polyatomic gases, as in these 
gases the temperature is nearly constant in the body of the arc and falls sharply at 
the boundaries. In fig. 1 are plotted two typical curves (c and d) for T which could 
fit such conditions. However, the fit is still good in the case of arcs in monatomic 
gases. ‘This can be illustrated by comparison with the temperature distribution 
given by Elenbaas (1951) for his vertical arc in mercury vapour which he calls 
‘discharge D’. In fig. 1 are plotted Elenbaas’ curve for T (curve a) and also the 
expression 5885 {1 +4-5(r/a)*} 4 (curve 6). The fit is relatively good but, in any 
case, there will be a little inaccuracy in Elenbaas’ curve as the greater part of it is 
obtained by calculation assuming that there is no transfer of energy by convection. 

The curve for v, was calculated from eqns. (11) and (12) with the above expres- 
sion for T and the value 0-75 for @. ‘This curve is plotted in fig. 2 (curve d) and the 
close agreement with Elenbaas’ curve (6 =0-75) (curve a) is apparent. However, 
the latter was obtained by graphical integration and involved solution of an equation 
containing a triple integral. ‘This equation could only be solved by trial and error. 
muey 1) 0(6—1) (6—2) 


* y, represents the factors 1, 8, : 7 


-.. for successive values 


0,1, 2,3...of2. % throughout this paper denotes y A 


i=0 
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To illustrate how v, depends on the value of @ the curves for @=0 and 1 have 
been calculated and plotted in fig. 2 (curves 6 and c). Although, with present 
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Fig. 1. a. Elenbaas’ temperature distribution for his discharge D. 6. Curve calculated for 
this discharge from author’s expression for temperature. c, d. Typical curves for 
the temperature distributions in arcs in polyatomic gases. 


vz (arbitrary scale) 


Fig. 2. a. Vertical convection velocity obtained graphically by Elenbaas for his discharge. 
b, c,d. Calculated velocity for this discharge assuming that 6=0, 1, 0-75 respectively. 
For ease of comparison an arbitrary scale is used showing V7, as unity when r=0 in 
each case. 


knowledge, there can be no certainty as to the value of @ applicable to an arc it 
seems that the value 1 may be closer to the actual value than 0-75 for the 
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‘discharge D’. The experimental and theoretical values given for mercury vapour 
by Elenbaas (1951, p. 42) support this value as do also the values quoted by 
Hirschfelder et al. (1949). The highest temperature at which an experimental 
value (1-018) is available is 900°K and @ probably becomes slightly smaller in the. 
non-ionized vapour at higher temperatures. On the other hand, the presence of 
an appreciable concentration of ions tends to increase 0. ‘Thus the mean value of 6 
over the temperature range is probably not very much below 1. 

Evaluation of v, from the expressions given above usually does not involve a 
great deal of calculation, although this does depend a little on the values of the 
parameters. However, the special case 0 = 1 can always be evaluated very speedily. 
Furry et al. (1939) claim that 6=1 corresponds fairly well to the temperature 
dependence of the properties of most gases and little is known of the actual 
dependence with the conditions in arcs. As, in addition, the curve for w, is 
relatively insensitive to small changes in 0 it will not often be justifiable to use any 
value other than 1 for it in the evaluation of an example. 

By making use of expressions (11) and (12) the general energy balance equation 
(4) can be solved for the particular case of a cylindrically symmetrical vertical arc 
with negligible radiation losses and in which 0p/dz is constant, v, is independent 
of z and v, is negligible except near the electrodes.* It is, of course, desirable that 
the conditions for which solutions can be obtained be as general as possible. In 
particular, it would be useful if a solution could be obtained for the case when v, 
is not negligible along the discharge and the convection losses are increased by 
‘eddy currents’. Another case of practical interest is that of a horizontal arc. 

While these solutions are awaited the expression and analysis of the energy 
balance equation given by Champion (1952) will be found to be of considerable 
value. 
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Abstract. A method is described which yields an accuracy of within about +1% 
in the measurement of attenuation constants of the order 0:01 cm™ to 0:5 cm™. 
Accurate results for water are obtained, contributing to the data available for this 
liquid at 21°c. In addition, some results for the absorption coefficient and 
dielectric constant of dilute solutions of water, and of ethyl alcohol in dioxan are 
provided. 


§ 1. INTRODUCTION 


TANDING wave techniques for absorption measurement rely partly for 

S their accuracy on the constancy of the radio-frequency e.m.f. which is 

injected into the system. ‘This requirement necessitates a loose coupling 

to the source of power. The coupling of detectors must likewise be very weak, in 

order to avoid disturbance to the standing wave configuration under investigation. 

These two limitations impose the requirement of great sensitivity on the detectors, 
which is usually accomplished by the use of calibrated heterodyne receivers. 

If two simple detectors are employed, however, it becomes possible to couple 
the oscillator critically to the standing wave apparatus, with the consequent 
advantages accompanying an increase of available signal strength. 

The physical basis of the new method is as follows (fig. 1) : Guided waves are 
assumed to be incident normally upon the liquid surface at L, where they are 
partially transmitted and reflected. ‘The transmitted wave is totally reflected 
from a metallic reflector at R, to be partially transmitted and reflected again at L. 
A process of successive reflections between L and R, and transmissions at L gives 
rise to a partial standing wave configuration in the air above L, and the standing 
wave ratio in this region will depend upon the electrical properties of the liquid, 
and upon its depth S=LR. 

If the ratio of the amplitude of the partial standing wave at two points P and Q 
is formed, where PL is an even number of quarter wavelengths of the radiation in 
air, and QL is an odd number of the same units, then the following expression can 


ae 1. p {cosh 2x’ S— cos 26'S 
lp P= lpol? {See ‘S+cos 2p’ os 
where p is the above-mentioned ratio of electric fields at P and Q, py is a constant, 
«’ is the attenuation constant of the liquid filled guide, 6’ =277/A;, is the phase 
constant of the liquid filled guide with Aj, the wavelength of the radiation in the 
liquid. 
§ 2. DERIVATION OF EQuarTION (1) 
Flint and Pincherle (1943) have shown that in waveguide propagation it is 
possible to set up potential functions F and U, which behave analogously to 
potential difference and current in normal twin conductor transmission systems. 
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Thus, for H waves in wave guides, a stream function F is defined, such that the 
electric field E is given by E= —curl F, where F lies in the direction of propagation 
and F is its amplitude. 

Similarly U is defined by equating the transverse component of the magnetic 
field in the guide to the negative gradient of a scalar U. 

With these substitutions the following equations are derived 


F=F, cosh Ps 2, Ugsin Re 7 oss oo ae (2) 
and U=U, cosh Pz —(Fo/Zo)sinh Pe 2 = 1 aes (3) 


where Z, and P are the effective characteristic pe cance and propagation 
constant of the guide respectively. 

These equations are similar to the standard transmission line equations 
describing the voltage and current at any point on a transmission line terminated 
in a general impedance, in terms of the voltage and current at any chosen point 
on the line. 

It follows therefore in fig. 1 that 


Fi | Gee Ze tanh PS 5 one cage t ene (4) 
where F,’ and U,’ are the values of F and U at the liquid—air interface, and Z)’ 
is the characteristic impedance of the liquid filled portion of the guide. 


In the region above the liquid surface, the values of F and U at any point, /cm 
above the interface are given by 


F=F, cosh P(L—1l)—Z, Upsinh P(L—-1) -~_ ««.... (5) 

and U=U, cosh P(L—1)—(Fo/Z») sinh P(L—l) it... (6) 
where Fy and U, are the values of F and U at any arbitrary point a distance L above 
the interface, and Z, is the characteristic impedance of the air-filled portion of the 
guide. 

When /=0, the boundary conditions are F = Fy’ and U= U,’ at the interface. 
Using this condition, it follows that 

F, cosh PL — Z,U, sinh PL 

U, cosh PL —(Fy/Z >) sinh PL 
Fy Z, tanh P'S cosh PL+Z, sinh PL 


pe U, cosh PL+(Z)'/Z) sinh PLtanhP’S’ °°" (7) 


From equations (5) and (7) it follows that 
Z, tanh P’S cosh Pl+ Z, sinh Pl 8 
4, tanh PSéosh PL+ Z, sinh Pl eee (8) 


Further, if /’, and Fy are two values of F, at distances J, and J, respectively from 
the interface, the ratio F’,/F’, may be formed, whence 


Fy Z, tanh P'S cosh Phipps Ma enh wala a es 
In the air filled portion of the guide, P=j8 = 27j/A where A is the wavelength of 


the radiation in this portion of the guide. If this substitution is made in (9) and 
I, =A, and ,=3), 


Z, tanh P'S = 


Ul 
== 


F , 
a reduces to ago 
2 


Zi. Se oe Ye matin 
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Now F, and F, are quantities which are linearly proportional to the electric 
field in the waveguide, and square-law detectors coupled to the field at these points 
will give signals proportional to the squares of the moduli of these quantities. It 
follows that the ratio of the signals from two square-law detectors coupled to the 
guide at J, and J, will give 

112 
ali TON ce (RM Me oa PS eae (11) 
Zo 
Writing, P’=«' +78’, and |p |?=|2Z)'/Z,|?, and substituting in eqn. (11), 
le [? =| P tanh (2’ +76") tanh (x’ —j6")S 


which reduces to 
dunt .. 1 cosa 2za 5 — cos 28'S 
le P=lpo| cosh 2x’.S + cos 28'S’ 
which is the required equation. 
For the purposes of experiment, a graph is plotted of |p|? against S. Sucha 
graph as plotted from eqn. (1) will be found in fig. 2. 


Pp cee ee ee a ee a 
/4 
ies ae ee 
n/a 
ik = Sr ne 
! 
Ss Liquid 
R —————eE—— (0) 5 (cm) 
Fig. 1. Fig. 2. Theoretical curve for liquid of 
high attenuation and high dielectric 
constant. 


§ 3. INTERPRETATION OF EXPERIMENTAL CURVE 

Equation (1) indicates that |p |? has the value |p, |’, whenever cos 2p'S=0, i.e. 
when S=(4+4n)A;. Points where this condition is met are shown in fig. 2 at 
b, c, d, e, f, etc. The intervals be, cd, ef, etc. are all equal to A,/4 and the most 
accurate way of finding A;, consists of drawing a line through the experimental 
curve parallel to the axis of S, so that the curve cuts the line into equal portions. 
Such a line may be adjusted with considerable accuracy (within + 1%), and once 
fixed the value of | py |? is automatically given, and the experimental curve effectively 
normalized. 

The most direct method of evaluating «’ is to measure the value of |p|? at 
points such that cos 28’S= +1. 

Equation (1) reduces to 


Ilp?=lpof2tanh?a’S when cos2h’S=+1, = 9 eeeee. (12) 

or [p[2?=|py|?eoth?«’S when cos2h’S=-1. wees, (13) 
cos2p’S=+1 when p’S=nm7 or S= mdz, —eevnne (14) 
cos2p’S=—1 when f’S=437[2n+1] or S= fA; [2n+1}. 0.22005 (15) 
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Condition (14) and eqn. (12) refer to points near the minima of the curve of 
eqn. (1), whilst condition (15) and eqn. (13) fix points near the maxima. Equation 
(12) defines a curve tangential to eqn. (1) at the minima, whilst eqn. (13) defines a 
curve tangential to equation (1) at the maxima. The points of contact of eqn. (12) 
with eqn. (1) are at values of S given by condition (14), i.e. at points midway 
between cd, ef, gh, etc. Likewise the points of contact of eqn. (13) with eqn. (1) are 
at values of S given by condition (15), i.e. at points midway between be, de, fg, etc. 

These points are thus very easily found, once the line abcd etc. has been fixed, 
and the value of the ordinates of the experimental curve at these points when 
substituted into either eqn. (12) or (13) (whichever applies) yields «’ very quickly, 

Let us consider the practical limitations associated with the extraction of «’ 
from the experimental curve. We note that eqn. (12) applies when S= }ndj, 
where 7 is an integer. Substituting this value for S, eqn. (12) becomes 

tanh" (| p/p Sa G1Nt > oy ety eee (16) 


, 


The positive square root has been taken, since «’ is essentially positive. Now 
tanh x varies from 0 to unity as x varies from 0 to infinity. Furthermore, when x 1s 
1-83, tanh x is 0-95. If |p|/|po| is much in excess of 0-95, then the value of the 
right-hand side of eqn. (16) is not accurately calculable. The value 0-95 has been 
chosen, because such a figure represents an order of accuracy in measurement of 
+2%% on the experimental curve. The lower limit of the ratio |p|/|p)| from the 
point of view of a measurement accurate to + 2% is about 0-05. ; 

It thus appears that accurate results may be extracted from the method within 
the limits of the inequality 

0:05 <|p|/|po] <0-95 
or O-05:< son, 1-330 ee (17) 

The same limits are imposed upon measurements on the maxima of the 

experimental curve which, from eqn. (13) yields 
005 <ga(e+so)A,sl83.. | aeaee (17 a) 

The inequalities (17) and (17 a) indicate that values of «’ and Ay, which satisfy 
them for a series of values of n, may be obtained with considerable accuracy. This 
is true to a certain extent, but another practical limitation soon becomes evident. 

Consider the case of a liquid whose attenuation constant is 0-001 cm™and whose 
dielectric constant is 2. The effective wavelength of 10cm radiation in such a 
liquid will be of the order 7 cm. Using equation (17) we can calculate the minimum 
value of $A; which will allow the attenuation constant to be measured. This is 
evidently 0-05/0-001=50cm. A liquid depth of at least this amount must be used. 
Clearly, for such a liquid, the method would be too cumbersome. 

If a practical maximum depth of liquid of the order 10cm is adopted, then for 
liquids which satisfy the relationship $nA;,=10, the minimum value of the attenu- 
ation constant which falls within the measurable range of the method is 0-005 em7. 

The case for high absorption is rather different. The inequality (17) gives 
go NAy, = 1-8, or «’ =3-6/ndy. "Taking the limiting case in which 7 is unity, then 
the maximum value of «’ which can be measured is 3-6/A;. Evidently the smaller 
Az, the more useful does the method become. 

As an illustration it will suffice to compare two liquids such as water and ethyl 
alcohol. ‘The attenuation constants of these liquids are roughly the same, and lie 
in the neighbourhood of 0:5 cm™ for radiation of wavelength 10cm in air. The 
wavelength of such radiation in the liquids, however, is markedly different. 
For water Az, is about 1 cm and for alcohol about 4 cm. 
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Substitution of these values into the inequality (17) yields a value for n in both 
cases—i.e. the number of minima in the experimental curve. For water n=7, 
whereas for alcohol n =2. 

The factor which determines Ay is the real part of the dielectric constant. For 
water this is 80, and for alcohol about 4 or 5. Clearly the method will yield best 
results for aqueous solutions in which the dielectric constant is still very high, for 
under these circumstances the experimental curve will have a considerable number 
of maxima and minima, all of which will lie in the measurable region, yet confined 
within some 10cm of liquid depth. Highly absorbing liquids like ethyl alcohol, 
however, will not yield good results because of their relatively low dielectric 
constants at frequencies of the order 3 x 10°c/s. 

For highly absorbing liquids with low dielectric constants, the experimental 
curve may be interpreted in the following manner. In such cases only the first 
~ maximum is obtained, the subsequent minimum being too small to detect. The 
wavelength d; is still measurable, though with less accuracy, by finding a line such as 
abc (fig. 3) which runs parallel to the S axis, and is intersected by the curve in such 
a way that bc =2 ab. 

If another line X YZ is taken parallel to the S axis, then it follows that there are 
two values of S which when substituted into eqn. (1) yield the same value of |p |?. 
Let these values be S, and S,._ Equation (1) then yields 


cosh 2«’S,—cos 28'S, _ cosh 2a’S,—cos2B’S, 


eee 18 
cosh 2a’S,+cos2’S, cosh2«’S,+cos2p’S, oe 
This simplifies to the equation 
cosh2«’S, cos2B’S, cos47S,/Ay, _ sin4u/A, (19) 


cosh 2x’S, cos 2P'S, cos47S,/Ay, sin 47rv/Ay, 


where wu and v are the distances shown in fig. 3. The right-hand side of eqn. (19) 
can be evaluated, leaving « to be calculated by a process of successive approxima- 


Fig. 3. Theoretical curve for liquid of high attenuation and low dielectric constant. 


tions. Many lines such as XYZ may be drawn, each yielding a value of am from 
which a mean value may be extracted. Much labour, however, is required in the 
arithmetical solution of eqn. (19), and to shorten the time involved for this process, 
an analogue computer was developed. ‘This computer will be described in 
a subsequent paper (Little 1953). 
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A third method of solution is also available. If the slope of the experimental 
curve is measured at the points b, c, d, etc. then by differentiation of eqn. (1) with 
respect to S, and insertion of the condition that cos 26’.S =0, it follows that 


slope of curve at b| _ cosh 2«’(ac) 
slope of curve at c| cosh 2«’(ab) ° 


This equation can also be solved arithmetically, or with the aid of the computer. 


§ 4. APPARATUS AND EXPERIMENTAL PROCEDURE 


The results which follow were obtained with a guided wave system consisting 
of a length of 3 in. x lin. rectangular waveguide about a metre long, terminated by 
means of a metal plate. The Hy, mode of propagation was employed, and the 
liquid was allowed to flow into the guide through two narrow slots cut in the narrow 
faces of the guide flush with the terminating plate. The liquid was contained in a 
cylindrical glass vessel, sufficiently wide to accommodate the cross section of the 
guide. A narrowslot cut down the centre of one broad face of the guide facilitated 
the measurement of the standing wave amplitude in the guide by means of two 
crystal probes, mounted together on a sliding carriage. Signals from a coaxial 
type oscillator were fed into the guide at the upper end of the apparatus, and into 
an N.P.L. type of cavity wavemeter. 


Block Diagram of Apparatus 


adjustable table 

: crystal probe detectors 

: sensitive galvanometers 

: index marker 

: liquid container 

: matching section 

: oscillator 

: probe carriage 

: reflecting plate, terminating guide 

: slot cut in narrow face of guide at 
termination to allow liquid access 

: 3”x1” rectangular waveguide 


AAVOZ? OO > 


el 


Fig. 4. Block diagram of apparatus. 


Initially the probes were set exactly a quarter wavelength apart by an electrical 
method. ‘This consisted of moving the carriage down towards the short circuit to 
the lowest point at which the lower probe gave no signal in the absence of liquid 
in the guide. ‘This ensured that this probe was a distance equal to one half a 
wavelength of the radiation in the guide from the reflector. The probe carriage 
was then clamped, and its position read on a vernier scale clamped to the apparatus 
mounting. 

‘The upper probe, which was adjustable in position on the probe carriage, was 
then moved until it recorded a maximum signal. An index marker, consisting of a 
length of brass rod, was then adjusted so that its point lay in the same plane as the 
reflector plate, outside the guide. This adjustment was performed with the aid ofa 
travelling microscope. Once adjusted under these conditions, the upper end 
of the index marker was clamped to the probe carriage. 
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The liquid reservoir was then raised up so that the horizontally adjusted 
reflecting surface became immersed in the liquid, and the latter allowed to flow 
inside the guide. The probe carriage was raised, and lowered gradually, until the 
index marker just broke the surface of the liquid outside the guide. This adjust- 
ment could be made with great consistency, the error in positioning the probes with 
respect to the liquid surface being less than 0-01 cm. 

A series of readings was taken in this way, of the detector signals for various 
depths of liquid, the latter being read off directly on the vernier scale on the carriage, 
or by means of the travelling microscope previously used for adjusting the index 
marker. 

One very important aspect of the method must be mentioned at this stage. 
The coupling of the probes to the waveguide must be very weak, to avoid inter- 
actions between them, and to prevent any disturbance of the standing wave 
configuration within the guide. ‘The twin probe method is admirably suited to 
this requirement, because the apparatus may be critically coupled to the source of 
oscillations, and provided that both crystals obey the same power law, amplitude 
variations of the source do not affect the ratio of the signal amplitudes at the 
detectors. 

Figure 4 is a diagrammatical representation of the apparatus. ‘I'wo crystal 
detectors were found in a batch of four dozen, to have the same law, and high 
sensitivity. In order to check that the laws of the crystals were the same, it was 
only necessary to adjust the probe carriage so that various signal ratios were obtained 
and to note that the same ratios were maintained for wide variations of input power. 
With this point satisfactorily checked, the input coupling control was used to keep 
one of the probe signals at a constant level during the course of an experiment 
in which case the other probe signal could be taken as being directly proportional to 
the ratio of the two signals. 

In this way it was possible to plot the whole of an experimental curve directly 
—a matter of two to three hundred points—in about one hour. ‘The wavemeter 
served to monitor the frequency throughout the experiment. 

The above procedure provides experimental data from which the values of 
«' and f’ for the liquid filled portion of the waveguide can be calculated. 

These quantities are then related to the electrical properties of the liquid by 


the equations 5 9 
o’2 .% pi2 = a cs pew 
a Cas 
u 
pea Le wry 
25, Bo 2 Oe 


where a is the broad dimension of the waveguide supporting the Ho, mode, 
<’ and «” the real and imaginary parts of the dielectric constant of the liquid, 
y the conductivity of the liquid in e.s.u., w the angular frequency of the supply 
and ¢ the velocity of light. These equations are standard results and may be 
derived from data provided by Montgomery (1947, Chap. 10). 

In these equations everything is known except «’, «” and y and these may 
thus be calculated. 

§ 5. RESULTS 


Using the above method, results for water were obtained for radiations whose 
wavelength in air were 11-12, 10-57, 10, 9-75 and 9:16 cm. ‘These values 
represented the limits of operation of the signal generator employed. ‘They 
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are usefully grouped, however, to exhibit the consistency of working of the 
apparatus. 

In table 1, values of «’, Ay, and derived values of e’ and e” at 21°c are shown. 
In this table «,' is the value obtained by the method of minima or maxima measure- 
ment, es’ is obtained by measurement on the slopes of the curve, and a,’ is 
obtained by measurements on the intercepts of a line drawn on the experimental 
plot, parallel to the depth axis. Estimated accuracies are indicated, each value 
of «’ being a mean of several determinations. 


Table 1. Values obtained for the Absorption Coefficient of Water at 21°c 


dai ae , : j % Vi Oe 
(cha) (cnt) 3 : 2 te 7 (e.s.u.) 
9-16 1-040 77-0 14-8 0:58+2%, 0:59+ 2% 0-564 5% 24 
9-75 1-105 77-6 14-0 O50 275 Orsi 2%, O53 578 D2 
10-00 1-130 78-0 13°53 0-48+1% 0-48+2% 0-5145% 2:0 
10°57 ArA9S 78-1 13-0 0:-44+1% 0:-444+1% 0-46+5°% 1:8 
Nite Sele 2 54 78°5 12e2: 0:39 19, 0:394+1% 0:-404+5% 1-6 


When dealing with absorption in polar liquids, it is convenient to plot «” 
against <’. The resulting locus, according to Debye’s theory of relaxation 
absorption (1929), should be a semicircle for liquids with single relaxation times, 
if measurements are made throughout the absorbing region. This method of 
presentation of results was first demonstrated by Cole and Cole (1941). The 
above results, for water at 21°c, are displayed by this method in fig. 5, together 
with results obtained recently at 20°c, by Collie, Ritson and Hasted (1948), 
Cook (1951), and by Saxton and Lane (1952). The results of these three groups 
of workers are undoubtedly the most accurate yet published, and were obtained 
by the method of waveguide attenuation in guides of different dimensions, and 
by resonator methods. The value for the high-frequency dielectric constant of 
water has been taken as 5, following Saxton (1952), whilst the low frequency 
value at 20° given by Collie et al. (1948) is taken as 80-36. 


‘ 
1S ofteD) 


79 S$ 


0 20 40 60 
Fig. 5. Cole and Cole plot for water at 20° c. Results of recent work. 


Key to wavelengths (cm) for points plotted in fig. 5. 


il wy 3 4 5 
A 1:27 07) 10-00 = — Collie et al. 1948 
B 0-62 1-24 3:21 — = Saxton and Lane 1932} 20°C 
(e 1-262 3-195 6:84 10-00 — Cook 1951 
D 9:16 9-75 10:00 10°57 iia Author 21°c 
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It will be observed that a significant difference exists between the 10 cm 
result of the present method and the results of Cook and of Collie et al. This. 
difference is probably due to the effect of the liquid meniscus in the standing wave 
method. At the frequencies employed, errors due to this effect could not be 
gauged with certainty, but one would expect the attenuation constant to be 
increased due to the slight rise in level involved. At higher frequencies, the 
meniscus effect would seriously affect the results, owing to the narrow guide 
sections which would be employed. For these frequencies, it would be necessary 
to fill the guide with a movable polythene filling, and to make the necessary field 
measurements at two points in the polythene filled part. The liquid would then 
be inserted through suitable slots into the region below the polythene slide. 
The detectors would, of course, need to move with the polythene. 

A further series of measurements was carried out on solutions of water or 
ethyl alcohol in dicxan. An attempt to measure the absorption of pure alcohol 
was made, but it was found impossible to reproduce results for absorption 
measurement, more closely than within +5%. This was no doubt due to the 
fact that the experimental curve showed but one maximum, owing to the relatively 
low dielectric constant of ethyl alcohol at these frequencies. 


Table 2. Variation of Values of Absorption and Dielectric Constant in Mixtures. 
of Water and Dioxan at 21°c (frequency 3 x 10° c/s) 


Molar fraction ae a ‘ . 
of H,O in (C,H,),0, (cm) (+1%) . os 
0-0000 7:38(4) 2°26 — — 
0-0053 7:29(6) 2°31 — — 
0-0109 7-24(0) 2-34 a = 
0-0163 7-18(0) 2:37 = = 
0-0216 7:09(6) 2:42 — — 
0-0269 7-05(5) 2°44 — — 
0-0523 6-76(0) 2-62 0-04(2) 0-009 
0:0765 6:510 2:79 0-06(8) 0-014 
0-0995 6:270 2:97 0-09(2) 0-018 
0-1214 6-060 Ben 0-13(0) 0-026 


Table 2a. Values obtained by Cook at 18°c for Mixtures of Water in Dioxan 


atev= 10°em 
Molar fraction of H,O in (C,H,).O, 0:05 0-10 0-15 
é 2-60 3-00 3-40 
€” 0-052 0-126 0-230 


The investigation of the behaviour of very dilute solutions of water and 
alcohol in dioxan was undertaken in order to check the operation of the method 
in the small absorption region. ‘The results obtained are tabulated in tables 2 
and 3. In these tables, the molar fraction of water or alcohol in the dioxan 
mixture is given, together with the depth of liquid required to provide a 
significant value for either the dielectric constant, or the absorption coefhcient.. 
For simplicity, the second minimum of the experimental curve was used, 
consequently the depth of liquid in this case corresponded to one wavelength 
of the radiation in the liquid filled guide. Table 2. gives some recent values by 
Cook, for comparison with table 2. 
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In the case of water in dioxan, repeatable results could be obtained only when 
the molar fraction of water was in excess of 0-05, giving «’ (the experimentally 
determined attenuation constant of the liquid filled part of the guide) a value of 
0-009 cm7. 


Table 3. Variation of Values of Absorption and Dielectric Constant in Mixtures 
of Ethyl Alcohol and Dioxan at 21°c (frequency 3 x 10° c/s) 


4 


Molar fraction Agi € € a 
of C,H,OH in (C,H,).0. (cm) (el) 

0-0000 7:38(4) 2-26 — os 
0:0263 LMA) Desi — — 
0:0438 7:03(5) 2-46 0-03(5) 0-007 
0-0614 6:89(0) DAS: 0-04(1) 0-009 
0:0965 6:631 2-69 0-06(7) 0-014 
0:1665 6-230 3-00 0-14(7) 0-029 


In the case of ethyl alcohol, the minimum value of «’ which could be repeated 
was 0-007 cm™!, requiring a molar fraction of alcohol in excess of 0-04. 

These figures agree well with the theoretical lower limit of 0-005 for «’, 
especially since the latter was derived on the assumption that a liquid depth of 
10 cm could be used. In the above work, however, no depth greater than 7-40 cm 
was employed. 

§ 6. CONCLUSION 


The method developed is well suited to investigation of the electrical 
properties of aqueous solutions in the 10 cm wavelength region, and can be used 
for the measurement of absorption in liquids where absorption coefficients are 
in excess of 0:005cm™. ‘The technique is simple, and calculations are straight- 
forward provided aqueous solutions are employed, and numerous minima are 
available for the purpose of evaluating «’ by the direct method described. Under 
these conditions, an accuracy within +1%% is obtained. 
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An Analogue Computer employing the Principle of the Kelvin Bridge 


BYON] ISeL PETE 
Bedford College, London 


Communicated by H. T. Flint ; MS. received 22nd September 1952, and in final form 
18th November 1952 


Abstract. A computer is described which permits the rapid evaluation 
of «a from the equation cosh 2«S,/cosh 2«S,=<A, where S,, S, and A are known 
constants. An accuracy of within +0-2% may be achieved over the working 
range of the design. 


§ 1. INTRODUCTION 


dielectric properties of liquids (Little 1953), it became necessary to devise 


[° the course of recent work by the author on the measurement of the 
a rapid method for evaluating « from the equation 


Cosh 2a Sq COSMIZOn—= 71 2 eee (1) 


where S,, S, and A were experimentally determined quantities. Although 
eqn. (1) may be solved arithmetically without difficulty, much labour is involved 
if numerous sets of experimental data require interpretation. An analogue 
computer was eventually made which incorporated the principle of the Kelvin 
bridge to achieve a null balance condition. 


§2. THEORY OF THE COMPUTER 


Consider the equation 
Vat lOO COs i. *. = © meee: (2) 


If y, and y, are two values of y corresponding to the values x, and x, of x, then 
Vi— Vo —lometcosh x, —lop-cosh xj. 9 99 Ge. (3) 


Let y, and y, assume a series of values such that the right-hand side of eqn. (3) 
is always constant. Of the corresponding series of pairs of values for x, and x2, 
there is a unique pair whose ratio is S,/S, where S, and S, are known quantities. 
Hence if x, and x, are equated to 2«S, and 2x5, respectively, the logarithm of 
eqn. (1) may be written 

cosh, 24.5, — cosh 20,.55= lof A=y,—Y5. as ne ee (4) 


In fig. 1(5), the curve gh represents the graph of eqn. (2), y plotted vertically 
and 2 horizontally. The lines ab and cd represent the equations y=y, and 
y=, the distance e,e, corresponds to log A from eqn. (4), and the intervals 
e,f, and ef, correspond to 2«S, and 2a, respectively. For given values of 
S,, S, and A, the unknown constant « can be found if the lines ab and cd are 
moved together up the axis of y, until the ratio of the lengths e,f, and eof, is the 
same as the ratio of the known quantities S, and S,. If the lines ab, cd and gh 
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in fig. 1(b) are replaced by wires possessing the same resistance per unit length, 
the adjustment of the ratio of the lengths e,f, and eof, to any desired value may be 
made by finding the ratio of the resistances of these portions of ab and cd, using’ 
a Kelvin bridge. The broken lines in fig. 1(b) indicate the extra circuit 
components required for this purpose, and the Kelvin bridge circuit of fig. 1 (a) 
is provided so that a comparison may be made. 

The balance condition for the Kelvin bridge circuit of fig. 1(a@) is that 
P/R=Q/S=X/Y, where P, Q, R and S are large compared with X and /Y. 
It follows, therefore, that when the resistance ratios P/R and Q/S have both 
been set equal to the ratio S,/S,, the ratio X/Y will also be equal to S,/S, when 
the bridge is balanced. For a given set of values for S,, S, and A, a value of « 
may be obtained from the device as follows: (i) set the separation of ab and cd 
to equal log A, (ii) adjust the resistances P, Q, R and S so that P/R=Q/S=5,/Sp, 
(iii) move ab and cd together up the axis of y until the galvanometer of the Kelvin 
bridge circuit indicates a null, (iv) divide the value of e,f, at the balance point 
by 2.S,—or ef, by 2S,—to obtain «. 


Fig. 1. (a) Circuit diagram of Kelvin bridge for comparison of two low resistances, 
X and Y; (6) the adaptation of the Kelvin bridge to the analogue computer. 


§ 3. FACTORS AFFECTING THE ACCURACY 


This form of analogue computer may be made to yield an accuracy within 
+0-2%, depending on the range of values of A, S, and S, it is desired to cover. 
If these quantities are grouped into narrow ranges of values, there seems to be 
no reason why the quoted accuracy figures should not be improved. 

The inherent accuracy of the device is governed principally by the following 
factors: (i) he accuracy with which a conducting wire can be made to coincide 
with the shape of a selected portion of the curve y=log cosh 2S. This includes 
variations in the thickness of the wire, and location errors. (ii) The uniformity 
of the slide wires ab and cd. These must be straight, parallel, of constant 
resistance per unit length and of constant diameter. ‘The contact resistances 
at the points of sliding contact, and the resistance of the portion of the curve gh 
intercepted between ab and cd, constitute the resistance Z of fig. 1(a), and this 


does not appear in the balance condition. The effect of the variation of surface. | 


resistance of the wires ab and cd at various points is to vary the value of Z, and 
cannot influence the balance point. The resistances of those portions of the 
slide wire beyond f, and f, in fig. 1(b) are in series with the large resistances 
QO and S respectively and may thus be ignored. 
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§ 4. BRrEF CONSTRUCTIONAL DETAILS 


The computer consisted of two main parts, the master curve unit in which 
a piece of wire was bent to the shape of the curve y=log cosh 2«S and suitably 
fixed in position, and the adjustable slide wire system. The master curve unit 
consisted of an accurate large scale plot of the equation y=log cosh 2«S for 
values of 2xS running from zero to 2. A scale of 25 inches to the unit for y, 
and 10 inches to the unit for x was employed. This curve was fixed below a 
thin perspex sheet, and a suitably shaped 15 s.w.g. brass wire was cemented to 
the top of the sheet using Perspex cement. The wire was located accurately using 
templates of Bristol board which had been modelled on the master curve and 
corrected for the thickness of the wire. Several layers of cement were applied 
until the wire was encased in a Perspex ridge. After the cement had set hard, 
the Perspex ridge was rubbed down until the top surface of the wire was exposed. 
The complete unit was then mounted on a drawing board so that the y axis of 
the curve was parallel to two boxwood rules, which were mounted along a pair 
of opposite edges of the board, see fig. 2. 


Fig. 2. Plan view of computer showing mounting of the squares and master curve. 


The slide wire system consisted of two 1-34 mm diameter molybdenum wires 
which were mounted under the straight edges of two T-squares and located 
there by thin paxolin strips. The locating edges of the ‘T-squares engaged with 
the boxwood rules on the drawing board of the master curve unit so that the 
slide wires made contact with the master curve and were kept parallel to the 
20S axis of the latter. The separation of the slide wires at any desired distance 
representing log A was achieved by using a thick Perspex sheet as a spacer. 
Reference to fig. 2 shows this sheet bolted at one edge to one ‘T-square and to 


the other square by bolts projecting through two parallel slots. The points 
N-2 


188 V. I. Little 


where the slide wires crossed the y axis of the master curve were located by fine 
phosphor bronze spring contacts which could be adjusted to their correct setting 
once the T-squares were in position on the drawing board. ‘These contacts 
corresponded to the points e, and e, of fig. 1 (6) and fig. 3 shows the details of one 
of them. 

The choice of wires for the two parts of the computer was governed by the 
following considerations. In the case of the master curve, uniformity of diameter 
was essential in order to avoid errors in the location of the cross-over points. 
The piece of 15 s.w.g. hard brass wire employed did not vary in diameter by 
more than 1%, over its length, and this degree of variation could not possibly 
introduce errors in location exceeding 0:1%. The slide wires had to conform 
to the condition that their mean resistances per unit length were the same for 
lengths varying from 6 inches to 20 inches. Many pairs of wires of different 
materials were calibrated using a Kelvin bridge, and the molybdenum wires were 
selected, the maximum deviations between their measured resistances per unit 
length amounting to only one part in 500. The diameters of the molybdenum 


Bigwce 


wires were 1-34 mm each, and the average diameter of the brass wire was 1-86 mm. 
With wires of these sizes the conditions of uniformity were easily satisfied and 
their added rigidity was advantageous. ‘The location of the cross-over points 
f, and f, once a balance had been obtained was in no way complicated by the 
thickness of the wires. ‘he method employed was to sight a cross-over point 
along the edge of a set square, the locating ledge of which was engaged with an 
edge of the drawing board parallel to the 2x8 axis of the master curve. With a 
lamp arranged behind the cross-over point on the side remote from observation, 
the actual point of contact between the slide wire and the master curve could be 
seen as a small black spot against a bright background. The value of 2«S could 
then be read off directly at the point where the set square traversed the 2x axis. 

A series of checks using calculated data for A, S, and S, showed that the 
computer could give accurate values for « consistent to +0-2%, a figure small 
compared with the accuracy of the experimentally determined values of A, S, 
and S, which the instrument was designed to interpret. 
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The Refractive Indices of Water Vapour, Air, Oxygen, Nitrogen, 
Hydrogen, Deuterium and Helium 


By L. ESSEN 


Electricity Division, National Physical Laboratory 
MS. received 10th November 1952 


Abstract. ‘The method described by Essen and Froome has been used to measure 
the refractive indices of water vapour, air, oxygen, nitrogen, hydrogen, deuterium 
and helium at a frequency of 9200 Mc/s. The value of (n—1)10® obtained 
for water vapour at 10mm Hg pressure and 20°c is 60-7 which is the same as 
the value obtained at 24000 Mc/s, showing that the absorption line at 22 000 Mc/s 
has a negligible effect on refractive index. 

The values obtained for air, oxygen and nitrogen also agree with those 
previously obtained within the limits of error and therefore confirm the earlier 
results. 

The values of (m—1)10® obtained for hydrogen and deuterium are higher 
than those calculated by Ishiguro et al. by 2% and 3% respectively. The 
calculated values were expected to be a few per cent lower than the true values, 
and they are therefore supported by our experimental results. 


§1. INTRODUCTION. 
A SERIES of measurements of the refractive indices of air, its main 


constituents, and water vapour has been described by Essen and Froome 

(1951) and further results are now given. They appeared to be 
required for the following reasons : (1) ‘The earlier measurements were made 
at a frequency of 24000 Mc/s (wavelength 1:25 cm) because this was the 
frequency at which the values were needed for work on the velocity of propagation 
of electromagnetic waves. ‘There is however an absorption line of water vapour 
near 22000 Mc/s (wavelength 1:35 cm) and although this is not expected to 
alter the refractive index appreciably it was thought that an experimental check 
at a frequency well removed from the line would be useful. (11) Since the above 
publication several other sets of results giving appreciably different values, 
| though admittedly with lower accuracy, have been announced. It is most 
| important for practical applications that the refractive index of moist air, in 
| particular, should be known with an accuracy within 1 part in 10’, and although 
we saw no reason to doubt our results it was felt that additional measurements 
with an entirely new equipment and at a different frequency would help to 

| establish their validity or reveal any unsuspected sources of systematic error. 
(iii) A recent paper by Ishiguro ef al. (1952) shows that the polarization and 
dielectric constant of hydrogen and deuterium can be calculated with a high 
| accuracy. The spread of previous experimentally determined values of 
|  (n—1)108 is about 6% and the calculated values are estimated to be accurate 
| to within a few per cent. A more accurate experimental value will therefore 
| be useful as a guide to the theoretical physicist. ‘The difference between the 
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values for hydrogen and deuterium is important as it is explained only by an 
advanced theory of molecular structure, and gives the value of «’ =dx/dr where 
« is the polarization and r the internuclear distance. 


§2. MrTHop AND APPARATUS 


The mcthod employed was the same as that described by Essen and Froome 
(1951), the resonant frequency of a cavity resonator being measured when it 
was evacuated and when filled with the gas under test. The refractive index 
is the ratio of these frequencies. ‘I'o obtain the high sensitivity required the 
resonator was connected in a waveguide bridge energized by a stable source 
of oscillation the frequency of which covld be measured with an accuracy of 
1 part in 108. 

For the present measurements the apparatus was designed to operate at 
9200 Mc/s. The resonator was constructed from invar and copper plated. 
It resonated in the Hy;g mode with a Q-factor of 40000 when matched to the 
waveguide. The matching was made as precise as possible by a very gradual 
increase of the size of the coupling hole so that the maximum sensitivity in the 
bridge could be obtained. It had been used previously in an investigation 
on stable microwave oscillators (Essen 1953) and is fully described in that work. 
Improved components together with the greater power available from the source 
in this wave-band enabled the precision of setting te resonance to be increased 
to 1 part in 108. 

The arrangements for evacuating the resonator and for filling it with the gas 
under test were unchanged. 


§3. RESULTS 


The results are given in the table together with those obtained by Essen and 
Froome at 24000 Mc/s. 


Refractive Indices of Water Vapour and Dry Gases 
(Dry gases at 0°c, 760 mm Hg; water vapour at 20°c, 10 mm Hg) 


n—1)10° A Limits 
Gas Essen and 1 ens Present values _ ge Sane of 

24 000 Mc/s 9000 Me/s ‘reasurements deviation pes: 

Water vapour Qe7/ selril 60-7 20 0-15 Se? 
Air (CO,-free) 288:15+0-1 288-10 11 0:03 seiG)e | 
Oxygen 266:4 +0:2 266-2 9 0-04 asd 
Nitrogen 294-1 +0-1 294-1 5 0-04 +0-1 
Hydrogen 136-0 18 0-04 +0:2 
Deuterium 134-8 5 O=2 OFS 
Helium 35-0) 11 0:03 + 0:2 


* Including systematic errors. 


‘The measurements on water vapour were made at pressures between 5 mm Hg 
and 15mm Hg and at temperatures between 16°c and 30°c. From each 
observation the value of B was determined from the Debye equation: 


Alea 
<-1=0-1=9/ 5475], a (1) 
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A being taken as 2:00 x 10-4 for reasons discussed in § 4. From the average 
values obtained for B the value of n—1 for the stated conditions of temperature 
and pressure was calculated. 

The main experimental difficulty in the measurements on water vapour 
was the progressive change of pressure after the tap to the water reservoir had 
been closed. This was due to the adsorption of the vapour by the walls of the 
glass tubes and pressure container and also possibly by the metal surfaces 
including the inside walls of the resonator. By making a number of simultaneous 
readings of pressure and resonant frequency it was found that the same value 
was obtained for refractive index within the limits of experimental error, showing 
that even if water vapour was being absorbed by the walls of the resonator the 
results were not thereby affected to an appreciable extent. The final 
measurements were made in this way without waiting for steady conditions 
to be attained on either the evacuation or the filling of the resonator. In effect 
the change of refractive index for a measured change of pressure was measured, 
and it was considered that the state of the walls would be more nearly the same 
for the two conditions than it would be if the resonator were pumped out hard 
between the measurements. The precision of setting was slightly reduced 
however by this technique and this may account for the standard deviation being 
somewhat higher than in our previous results. 

It may be mentioned in connection with this effect that Birnbaum and 
Chatterjee (1952) concluded that water vapour was adsorbed by the walls of the 
resonator but that the effect on resonant frequency was negligible because the 
electric field is essentially zero at the walls for the Hp, mode. 

The other gases except air and deuterium were obtained in cylinders from the 
British Oxygen Co. ‘Their stated purities are as follows : Oxygen, 99:5% 
main impurity nitrogen ; Nitrogen, impurity less than 1 x 10-® ; Hydrogen, 
99-95°% main impurity nitrogen ; Helium, 99-8°%, main impurity neon. ‘The 
results have been corrected for the main impurities and the limits of error allow 
for their being twice the stated amount. The deuterium was supplied, in two 
samples, by the Clarendon Laboratory, Oxford; the first sample was tested 
there by a mass spectrometer and was found to be 99-32% pure, there being 
0-68°% of hydrogen present. 

The measurements were made at temperatures of about 20°c and at 
atmospheric pressure ; and the results have been reduced to standard 
conditions by the use of appropriate interpolation formulae. For dry air and 
its main constituents equation (2) of Essen and Froome (1951) is used as this was 
established by the experimental work of Barrell and Sears (1939). ‘The results 
for the other gases are reduced to s.T.P. by means of the ideal gas formula because 
the interpolation equations have not been so firmly established. Because of 
the uncertainty in the law the error in the values of (w—1)10® is, however, not 
likely to be more than 0-02°% and the correct measured values can be obtained 
at 20°c by again using the ideal gas law. 


§ 4, DiscussIoNn 


The results for water vapour show that the value of (7—1)10% is the same, 
within the experimental uncertainty of 0-2%, at 24000 Mc/s and 9000 Mc/s, 
and therefore that the effect of the absorption line at 22000 Mc/s is, as predicted, 
negligibly small. ‘The actual value is strongly supported by this second series 
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of measurements although it is nearly 2° lower than that obtained by Birnbaum 
and Chatterjee (1952) and also than the average given by them of a number of 
other results. It is pointed out in their paper that the polarization due to 
infra-red absorption has been measured by Greenfield and Brown (1950) and 
this contribution has therefore been added to that due to optical absorption 
to give a value for A in eqn. (1) of 2-0 x 10 instead of the 1-725 x 10-4 used by 
Essen and Froome (1951). The value of B is thereby reduced from 0-991 to 
0-982 and that of the dipole moment from 1-839 x 10718 e.s.u. to 1-832 x 10-1 e.s.u. 
Our interpolation formula is still valid for the stated limits because for small 
temperature ranges the different values of A and B compensate each ‘other. 
It would however be more accurately expressed as 


(n—1)108 = aaa Hr |+24x 10-9), os (2) 


The results for dry air, nitrogen and oxygen agree with our previous values 
within our limits of error and serve to demonstrate the accuracy and reliability 
of the method. The standard deviation was found to be the same as before in 
spite of the improved precision of setting, and this suggests that the errors are 
mainly associated with the determination of the temperature and pressure of 
the gas and possibly with its dryness. 

The close agreement between the two sets of results coupled with the care 
taken to assess systematic errors give a strong indication that the values given 
are correct to within the stated limits and that the results obtained by a number 
of previous investigators are in error even though the discrepancies are in some 
cases considerably greater than the estimated limits of error. Helium was 
measured because the molecular structure is simple and the polarizability can 
therefore presumably be calculated although no values have come to our notice. 
The value obtained is in good agreement with that of Birnbaum, Kryder and 
Lyons (1951) and with various optical determinations. ‘The value given. by 
Cuthbertson and Cuthbertson (1932) for example is 34-6 for (n—1)10®. This 
value was used by Gabriel (1952) to calibrate his microwave equipment which 
was then used to measure air, argon and neon. He gives the value for helium 
as 1-000 034 613 but it should be remembered that the best optical measurements 
in spite of the large number of figures sometimes quoted are uncertain in the 
1x 10-7 figure and many are uncertain in the previous figure. ‘The value for 
argon found by Essen and Froome (1951) was 4x10? higher than the 
Cuthbertsons’ value and that for helium reported in the present paper is higher 
than theirs by the same amount. A correction of this amount applied to Gabriel’s 
values for air and argon would bring them to close agreement with ours. 

The main interest in the results for hydrogen and deuterium rests in their 
comparison with theoretical values. Bell (1942) shows that values of the 
polarizability « of two isotopic molecules are not necessarily the same and he 
derives the difference (a—«p)/xq from experimental work in the optical 
region on molecules containing H, and D,. Ishiguro et al. (1952) have 
summarized the calculated values of the polarizability of hydrogen. ‘They 
vary by 25%, but were based on rather simple wave functions of the molecule 
and for one or several fixed values of intermolecular distance. Ishiguro et al. 
have extended the calculations using the accurate eleven-terms wave function 
obtained by James and Coolidge (1933). They obtained the values 
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(z —1)10®=133-3 for hydrogen and 130-8 for deuterium and point out that as. 
the values are still increasing with the number of terms taken they will be rather 
lower than the true values. It will be seen from the table that our measured 
values are 2% and 3% higher respectively and that the percentage difference 
between them is 1% compared with the 1-86°% of Ishiguro e¢ al. and the 1-31 %, 
obtained by Bell. 
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Absorption Spectra of Lead Sulphide at Different Temperatures 


By W. PAUL anp R. V. JONES 
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Abstract. The absorption spectrum of lead sulphide, as measured between 
1 and 10 microns, shows a sharp decrease (in some specimens from 100 cm“? to 
5 cm!) in the absorption coefficient at a wavelength corresponding to the limit 
of photoconductivity. In many galena crystals additional absorption exists that 
masks completely the sharp absorption edge. The absorption edge and the 
photoconductive limit change their position similarly with temperature, the rate 
of shift of the edge being + 3-7 x 10-4 ev/°k between 90° k and 400°K. The shift 
is in the opposite direction to that observed in the elementary semiconductors 
silicon and germanium. At long wavelengths the absorption coefficient increases 
with the square of the wavelength, but there is a large discrepancy between the 
magnitude of the measured absorption coefficient and that calculated on the free 
electron theory. The long wavelength absorption increases with the temperature ; 
this may correspond either to an increase in the number of carriers or to a decrease 
in their mobility. 


§ 1. INTRODUCTION 
HE long wavelength limit of photoconductivity in films of lead sulphide 
lies near 3 microns wavelength at room temperature and moves to longer 
wavelengths as the temperature is lowered. 

At this limit a marked decrease in absorption coefficient might be expected, 
followed by relative transparency at longer wavelengths; such a decrease occurs, 
for example, in the cases of silicon and germanium. Prior to the present 
investigation, however, no such decrease had been observed, either for single 
crystals of galena or for thin films of lead sulphide (Gibson 1950) although in 
the latter case the absorption coefficient fell from 10° cm™! to 104 cm~! between 
0-4 and 1-5 micron wavelength. It has therefore been desirable, for a better 
understanding of the photoconductive processes in lead sulphide and similar 
materials, to establish whether the previous failures to discover a change in 
transparency at the photoconductive limit were due to an intrinsic property of 
the pure material, or to a masking absorption by some accidental impurity. 

Recently, we have had the good fortune to examine some crystals of natural 
galena left in this Department by Sir George Thomson after his experiments 
here on electron diffraction between 1927 and 1930. These crystals, which are 
of unknown origin and which possess no impurity detectable by x-ray analysis, 
show a sharp change to a remarkably low value of absorption coefficient (5 cm=) 
at the photoconductive limit. ‘This fact has already been summarily reported 
(Paul, Jones and Jones 1951). The position of the absorption edge moves to 
shorter wavelengths as the temperature of the crystal is increased. 

By courtesy of the gentlemen mentioned later, we have since examined natural 
galena from many sources and find that the transparency beyond 3 microns is a 
rare property. Of all the crystals tried, only those from Wisconsin have been 
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as good as those which we originally examined. Crystals from the Harz Mountains, 
Cornwall and Lanarkshire also show an absorption edge but have a higher 
absorption coefficient (order of 25 cm~) (see table 1). All the other crystals 
examined have absorption coefficients higher than can be measured by our 
Spectrometer. 


‘Table 1 
Specimens that have not shown transmission. 
Foxdale, Isle of Man. Caldbeck Fells, Cumberland. 
Alston, Cumberland. Keswick, Cumberland. 
Matlock, Derbyshire. Wanlockhead, Dumfriesshire. 
Rhosemoor Mine, Flintshire. Lunehead Mines, N.W. Yorks. 
Tvigtut, Greenland. Mogador, Morocco. 


Specimens that have shown transmission. 


Cornwall—Low. 

Harz—Low. 

Wisconsin—Transparency comparable with specimen reported. 
Leadhills, Lanarkshire—Low. 


Since our previous communication (Paul, Jones and Jones 1951) measurements 
on the position and shift of the absorption edge in single crystals of lead sulphide 
have been reported by Clark and Cashman (1952) and by Gibson (1952). 


Fig. 1. Apparatus used in absorption coefficient measurements at different temperatures. 
Explanation of symbols in text. 


§2. EXPERIMENTAL METHODS 


The lead sulphide crystal was kept at a fixed temperature in the apparatus 
shown in fig. 1. A Dewar vessel A had, sealed through the bottom of its inner 
wall, a copper rod B carrying a holder C for the crystal D. ‘The crystal was 
surrounded by copper strips and any unavoidable spaces between crystal and 
walls were filled by copper foil so that any radiation from the Nernst filament 
reaching the spectrometer slit must have passed through the crystal. 
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The apparatus had four sidearms and a removable base. ‘T'wo opposite 
arms E and F were sealed with windows of lithium fluoride which could be 
removed for measurements at room temperature beyond 6 microns wavelength. 
The arm G was used for evacuating the apparatus. The male part of the joint J 
to the arm H had attached to its end a spring and a screw that located in a tapped 
brass rod K hinged to the crystal holder C. The base of the apparatus carried 
two upright thick tungsten wires M supporting a holder and screen N. This 
screen was situated just in front of the crystal and had a small rectangular or 
circular aperture restricting the incident beam so that it had to pass through the 
crystal, which was seldom larger than 0-8 cm by 0-5 cm. Rotation of the joint J 
moved the crystal holder perpendicularly out of the beam by turning it about 
the pin P. 

The apparatus was mounted so that the crystal was at the pre-slit focus of 
a Hilger D.209 infra-red spectrometer. The emission spectrum of the Nernst 
filament was determined over the whole range of wavelengths concerned; the 
sensitivity of the thermopile and subsequent amplifier was kept constant. ‘Then 
the energy transmitted through the crystal was measured over the same wavelength 
range, at the same thermopile and amplifier sensitivity but with a slit width 
greater than in the previous case and wide enough to give accurately relative 
measures of the energy transmitted at different wavelengths. The ratios of the 
two sets of measurements did not give the absolute transmission of the crystal, 
since the slit width used for the second set was greater, but they did give figures 
that were greater than the absolute transmissions by a factor which was constant 
for all wavelengths. It was now only necessary to determine the absolute trans- 
mission at one wavelength (and for this purpose a wavelength was chosen where 
the transmission was relatively high) in order to find the adjustment factor to 
convert the foregoing ratios in every case into absolute transmissions. The change 
in resolution due to change in slit width was neglected; it had in fact some effect 
in the neighbourhood of a sharp atmospheric absorption line such as that. at 
4-3-4-4 microns due to carbon dioxide. The lowest resolving power used in the 
measurements was about 0-1 micron at 3 microns wavelength. 

The crystal was cooled by inserting liquid oxygen or carbon dioxide snow 
into the Dewar vessel A. Trial experiments showed that when the apparatus 
was evacuated the temperature difference between the crystal and the coolant 
was less than 2°c at the lower temperature. The crystal temperature was 
therefore taken as that of the coolant. 

The crystal was heated by filling the Dewar with Shell talpa oil and heating 
this by passing current through an immersed coil. Alternatively, the absorption 
spectrum at high temperatures was obtained by mounting the crystal inside a 
horizontal furnace having lithium fluoride windows. ‘The furnace was long 
enough for the crystal to ‘see’ hot furnace wall over a large solid angle. The 
shielding and measuring arrangements were similar to those in the apparatus 
described above. 


§3. RESULTS 
(1) Room Temperature 


Under the conditions of the experiments it is possible to neglect internal 
reflections in the crystal, so that the transmitted intensity J of radiation incident 
with intensity J, is given by In(J)/Z)+21n(1—r)=pt where 7 is the thickness, 
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4 the absorption coefficient, and r the reflectivity, of the crystal. This relation 
was used to determine the values of 4 andr from measurements on eight thicknesses 
of crystal from 0-05 to 0-28 cm in the wavelength range of 3 to 10 microns. The 
results are shown in table 2. 


‘Table 2. Values of Absorption and Reflection Coefficients at Room Temperature 
A (u) 3:25 3:5 4-0 5-0 6:0 US 8:5 10-0 
lt (average) 12:1 5°85 525 5-9 7-0 10-3 12-5 18-2 
ry (average) 0-424 0:443 0-414 0-402 0-398 0-373 0-390: 0:369 


Average value for r=0-40, hence refractive index n=4-4. 


The value of is plotted against wavelength in fig. 2, which also shows a 
typical transmission. ‘The absolute values of « may be correct only to within 
10%. The experimental curve shows that single crystals of lead sulphide are 
relatively opaque up to a wavelength near 3 microns at room temperature, that 
the absorption then falls sharply (in the crystals used, to an absorption coefficient 
of the order of 5 cm“) and rises slowly again on the long wavelength side. In 
other, more opaque, crystals the transmission graphs have roughly the same 
shape and the absorption edge occurs at the same wavelength. ‘There is no apparent 
change in the transmission properties of a crystal on polishing; occasionally 
crystals which are opaque have a more obvious sub-crystal structure than trans- 
parent ones, which is consistent with rapid growth or the presence of impurity. 


a 


Pa 


Absorption Coefficient (cm-') 


% Transmission 
Absorption Coefficient (cm~') 


pie then aeah 4 1 1 L 4 ° 
4 s 6 vi 8 9 10 iW 12 


A (microns) 


Fig. 2. Variation of the absorption coefficient 
of lead sulphide crystals with wavelength, 


4 
A (microns) 


and a typical transmission curve. Fig. 3. Variation of absorption coefficient 
(A) % transmission. of lead sulphide with wavelength, for 
(B) absorption coefficient. several temperatures. 


‘The absorption might be due directly to the impurity or to some process at the 
grain boundaries. Attempts to determine the shape of the absorption curve at 
wavelengths shorter than the edge using thin crystals have so far yielded no 
significant results. Annealing of ‘opaque’ lead sulphide at a temperature near 
its melting point for a period of two weeks has not changed the opacity. 
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Figure 5 is obtained from fig. 2 by plotting the logarithm of the absorption 
against the logarithm of the wavelength. At the longer wavelengths the graph 
approximates closely to a straight line of slope 2:08, but departs from this line 
as the cut-off wavelength (see below) is approached. 


(11) Other Temperatures 


Figure 3 shows the variation of absorption coefficient with wavelength for 
several temperatures between 90° and 585°K. 

‘The wavelength corresponding to the sharp edge in the transmission curves 
can be estimated in several ways leading to slightly different results. We choose 
the wavelength as being that at which the transmission (as shown, for example, 
in fig. 2) begins to rise sharply from its low value at short wavelengths, as this 
point can be estimated fairly accurately. Figure 4 shows the variation in cut-off 
wave number with temperature; the graph is a straight line between 90°K and 
400°, after which its slope decreases considerably. Between 90°k and 400°k 
the shift in the edge is + 3-7 x 10-4 ev/°k. The error in this estimation is probably 
less than 5%; the result agrees closely with that of Clark and Cashman (1952). 
It is to be noted that the absorption coefficient at long wavelengths increases with 
the temperature. 
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Fig. 4. Variation of cut-off wave number Fig. 5. Variation of log (absorption co- 
with temperature. efficient) with log (wavelength) at room 
temperature. 


$4. DiscussIoN oF RESULTS 
(1) Position of Absorption Edge at Room Temperatures 


The coincidence of the absorption edge in single crystals with the photo- 
conductive limit in lead sulphide cells would suggest that the absorption on the 
short wavelength side of the edge results in photoconduction. This supposition 
is supported by the direction and magnitude of the change in position of the edge 
as the temperature is changed. 

The absorption edge occurs at the same wavelength in all specimens 
transparent enough to be measured. The absorption, and the photoconduction, 
may be due to electron transitions between the allowed energy levels in the pure 
crystal or may involve levels caused by lattice defects or impurity inclusions. If 
the absorption were due to electronic transitions between the top filled and first 
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empty energy bands in the crystal the energy gap at room temperature would be 
approximately 0-4ev. This value contrasts with that given by Putley and Arthur 
(1951) from Hall constant measurements (1:2 ev) which agrees roughly with the 
gap width estimated from the absorption spectra of lead sulphide films by Gibson 
(1950). However, these spectra showed no sharp change in absorption coefficient 
around 3 microns, and it is difficult to say how much of the absorption curve 
shape was due to the lead sulphide and how much to the structure of the film. 

Although an impurity band is a possible explanation of the absorption from 
1 to 3 microns, Hall constant data (Putley and Arthur 1951) give no indication 
of its presence. 


(11) Magnitude of Absorption at Long Wavelengths 


The increase in absorption at long wavelengths is comparable with that 
observed in silicon and germanium by Becker and Fan, who discuss the absorption 
caused by the free carriers in the crystal. If this is so (and if a similar argument 
can be applied to lead sulphide) a classical treatment of the absorption process 
gives for the coefficient of absorption 


where gp is the d.c. conductivity, ” the refractive index, c the velocity of light, 
v the frequency of the radiation and y given by the formula y = e/27m*b, where 
m* is the effective mass of an electron or hole, e is the electronic charge, and 
b the mobility. 

According to this equation the coefficient of absorption at long wavelengths 
should vary in magnitude with the square of the wavelength, at a fixed temperature. 
This relation is closely followed by the absorption curve of fig. 3, as is shown in 
fig. 5. If, however, for , o and b the following experimentally determined values 
are taken: »=4-4 (this paper), 09 =36 ohm! cm"!f, 5=330 cm? volt/sect, and 
m* is assumed equal to the free electron mass, then the absolute value of the 
absorption coefficient at a wavelength of 8 microns is approximately 1-6 cm}. 
This is an order of magnitude lower than the experimentally determined value 
of 24 cm™! at wavelength 8 microns. 

It might be unwise to attach much importance, at the present stage, to the 
discrepancy between theoretical and experimental magnitudes of absorption 
coefficients in lead sulphide. ‘There may be present in the opaque specimens of 
natural galena an additional absorption process which marks the free carrier 
absorption. ‘These specimens are much more numerous than the transparent 
ones, which show much variation in transparency from one specimen to another. 
It would therefore be dangerous to assume that even the clearest specimen so 
far discovered is completely free from this possible additional absorption process. 
If such a process exists it will have to satisfy the foregoing condition that the 
resultant absorption coefficient is proportional to the square of the wavelength. 
The absolute experimental value of the absorption coefficient is similarly far out 
of agreement with theory in the cases of silicon and germanium. It is possible 
that the explanation of the discrepancy will be most easily afforded by these 
substances which have been much more fully investigated than lead sulphide. 


+ Measurements kindly made by Dr. E. H. Putley of Telecommunications Research 
Establishment. 
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(iii) Variation of Absorption Edge and Absorption Coefficient with Temperature 

The shift in the absorption edge as the temperature is varied is in the same 
direction and of the same order of magnitude as the shift in the photoconductive 
limit of lead sulphide as determined by Moss (1949). It is similar to the shift with 
temperature of the edge in silicon and germanium but is in the opposite direction. 
The decrease in the slope of the curve of fig. 4 at very high temperatures is not, 
as far as is known, paralleled in silicon and germanium. 

The absolute value of the absorption coefficient at long wavelengths increases as 
the temperature is raised. Equation (1) can be transformed to . = Ne®/xncbm*?v? 
where N is the carrier density. The increase in » could then be due either to 
an increase in N or a decrease in b. Unfortunately, Hall constant data at elevated 
temperatures were not available for the specimens used in the absorption 
measurements, so that no definite check of theory with experiment could be 
carried out. 
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Abstract. Part I. The paper describes the use of a magnetic electron lens 
working at unit magnification, in which the image rotating property is used 
to produce two line images by reversal of the current through the lens windings. 
It is shown how the specific momentum (Hp) of the focused electrons may be 
found from a knowledge of the angle between the two lines, the mean current 
and the number of turns on the lens. This is followed by a theoretical 
investigation of the optimum conditions necessary to obtain the highest accuracy. 

A pilot experiment in which the formula for (Hp) is tested, gave an accuracy 
within | in 700 for the ThF line. Further experimental work was carried out 
on a second lens to test the optimum conditions referred to above. It was 
shown that the angle between the lines could be determined to an accuracy 
within 1 in 30000. It is further explained how by the use of a new optical device, 
and on the basis of 25 readings, the angle between the lines could be established 
to an accuracy within 1 in 10°. 

Part II. ‘The second lens of which the number of turns is not known was 
used to investigate the specific momentum of the I, F and A lines of Th(B+ C). 
In this application of the method the lens was calibrated by means of the I and F 
lines of ThB, giving the ratio of the two specific momenta, whilst the difference 
was obtained from x-ray data. An absolute determination of the A line is 
described. 


PAR iat 
$1. INTRODUCTION 


A LL absolute determinations of B-ray energies have hitherto employed the 


so-called ‘semicircular focusing method’ which necessitates the pro- 

duction and measurement of a homogeneous magnetic field and the 
measurement of the radius of curvature of the electron trajectories forming the 
focused line. The production of a homogeneous magnetic field is difficult, and 
any inhomogeneity has to be allowed for by means of the Hartree correction, 
which entails the exact measurement of the field at many points along the 
electron beam. The measurement of p, the radius of curvature of the trajectories 
of the monokinetic electrens forming a line image, is also a matter of some 
difficulty, because of the asymmetry of electron density across the line, and 
because of scattering of electrons in the photographic emulsion of the recording 


* This paper contains material from theses by Craig (1952) and Dietrich (1951) which 
have been accepted by the University of London for the degree of Doctor of Philosophy 
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plate. The former effect which is an aberrational one can be allowed for, but the 
latter effect produces a general shift of the whole line by an amount which is 
very difficult to estimate.T 

For absolute determinations, the reference lines usually chosen are either the 
F, Gand H lines of RaB or the F and I lines of ThB. ‘The principal determinations 
made since 1932, of one or both of these groups of lines are listed in table 1. 

It should be noted that the measurements shown in this table as ‘derived’ 
depend upon the K-L x-ray absorption limits of bismuth, and are thus not 
strictly absolute. The experimental work and results are described in Part II 
of this paper. 


Table 1. Values of (Hp) in gauss cm for Main f-ray Lines of ThB and RaB 


ThB RaB 

Worker Year F line I line F line G line H line 
Ellis 1932 1385-°8-- 3-0 1751:0+3-0 1400:4+3:0 1665:9+3-0 1925:5+4-0 
Scott 1934 1931-8+0-2 
Rogers 1936 1406:0+0-7 1671:1+0°8 1931:5+1-0 
Surugue 1937 1388+1-4 War 
Arnoult 1939 1381+1-4 174742 
Siegbahn 1941 

(Derived) 1383-8+ 4:5 1749:6+ 5-8 
Dietrich 1951 1385:9+2:0 1757:1+4-0 
Lindstré6m 1951 

(Absolute) 1388-55+0:20 1754:01+0-25 

(Derived) 1388-52+ 0-06* 
Craig 1952 

(Derived) 1388-55+0:30 1753:94+0-40 


* From his paper (Ark. Fys. 1951) it is not clear what Lindstrém meant by assessing 
what he calls his ‘ probable experimental error’ as +0-06. If there were no error in the 
ratios (R) of the fields for the F and I lines, the uncertainty in the fundamental constants 
would alone produce a probable error of +0-06. 


§2. New METHOD 


The new method described here was suggested to us by R. E. Siday in order 
to dispense with the precise measurement of the magnetic field H and the radius 
of curvature p required by the semicircular focusing method, and thus to produce 
a method which should be capable of greater absolute accuracy. The new 
method employs a symmetrical iron-free magnetic lens, in which a line source 
of monomolecular thickness serves as an object which is imaged at unit 
magnification on a photographic plate. A second image also at unit magnification 
but rotated in the opposite sense is produced by reversing the lens current. 
In general the focusing currents producing the two images will be slightly 
different due to the presence of the residual component of the earth’s magnetic 
field parallel to the lens axis, the other component having been annulled by a 
degaussing frame. 

It may be shown that the derivative of the angular coordinate of a non-skew 
paraxial electron with respect to the z or axial coordinate is 


=H ce (1) 
+ Lindstrom (1951) using a semicircular focuser uses counters to locate the line and 


thus avoids the scattering difficulty. 


t This equation is given in any textbook on electron optics (e.g. Maloff and Epstein 
1938). 
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where 6’(p) = d6( p)/dz (the bracketed p implying that @ is the paraxial rotation), 
H is the axial component of the magnetic field at a point x on the axis, and (Hp) 
the specific momentum. ‘This form has been chosen since (Hp) is relativistically 
invariant, and the equation is thus true for all electron velocities. If (1) is now 
integrated between z, and z, along the lens axis 


a(p)=[1/2(Hp)I | ; Hize G2 (Hi) on et eee eae (2) 


where a is the axial integral of any permanent field between z, and z,. Now for 


any solenoid 
+0 
Tdgee tii = se i ie ee (3) 


—o 
where 7, is the current through the windings in e.m.u. and n is the total number 
of turns on the solenoid. We may thus put 


+ 0 2 
[°° Hdz=4nni, = | fab barceritraqug Med ok oe: (4) 


where K, is a constant of the solenoid for given z, and z,. Thus substitution 
from (4) in (2) gives 

O(P, 21, %2)=2an(1—Ky)/(Hp)+a/2(Hp) —... . (5) 
where 6(p, 2,, 22) is the paraxial image rotation between the axial points z, and 25. 
If the current is reversed and adjusted until the image is again in focus, then 

Gol Pt 24,123) Seat b= Ke) (Hp) a/2( Hp) a” VIG ee (6) 
Therefore adding (5) and (6) and writing 2, + 7, = 22 and 6,(p,21,22) + 92(p,2 1,22) =20 
and transposing we get finally 

(ip) = arm(l— Ka )\G iy a eck. (7) 

which is the required equation for (Hp). 

26 is the measured angle between the two lines whilst 7, and 2, are measured. 
separately. The constant Ky can be made very small by a suitable choice of z, 
and z,, and its value can be estimated with sufficient accuracy to make the 
error in the term 1 — Kg negligible. 

Since K, is fixed for given object and image planes, i.e. 7 =3,, 3 = %,, then for 
given (Hp) 

pd) dea 2a lee Ke) (Hp) ee, oo ae lee eae (8) 
and (Hp\=2an(1— Kiz)(t 201) (0 00) (9) 
This means that the exact focusing current need not be found provided the imaged. 
lines are sharp enough for @ to be measurable accurately. ‘The corresponding 
value of 2/0 will then give the correct value of (Hp). ‘This necessitates the lens 
having a depth of focus, and i/ remaining constant over this focusing range. 

If 7/(Hp) is kept constant it follows from the general equations of motion. of 
an electron in a magnetic field that all trajectories remain unaltered, from which 
it follows that for any pair of conjugate points @ is a constant. For any given 
(Hp) the variation of @ with 7 is given by eqn. (8). 


§3. Primary REQUIREMENTS FOR THE FULL UTILIZATION OF THE METHOD 


Since 7 and m can be measured to a very high order of precision, the accuracy 
of the method depends essentially on the measurement of @. It is also essential 


that the value of @ obtained shall be that corresponding to paraxial conditions, 
O27 
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i.e. to an aberration-free lens. In order that the highest accuracy may be attained, 
the necessary conditions for satisfying the two basic requirements stated above _ 
will now be discussed. ‘They fall into two classes, those that must be satisfied 
for a source emitting monokinetic electrons, and the further conditions arising 
when the line is accompanied by a continuous background. Lastly, the 
conditions governing the constancy of 2/0 for a range of currents are considered, 
since a depth of focus is extremely valuable in obviating the necessity of finding 
the exact focusing current. 


(i) Conditions necessary for the Accurate Determination of 6 for 
Monokinetic Sources 


(a) Straightness of the line image. The straightness of the image of a straight 
wire source depends on the distortion of the lens which may be divided into two 
parts, viz. isotropic distortion and anisotropic distortion. 

Isotropic distortion will only curve the image if the line source does not pass 
through the lens axis. ‘The presence of any small stray permanent magnetic 
fields, however, makes the exact location of the lens axis difficult, and so it 1s 
desirable to have no isotropic distortion. 

Anisotropic distortion has the effect of over or under rotating any image 
point, and transforms a straight line into a figure like an integral sign. This 
type of distortion like the isotropic form is proportional to the cube of the 
distance of the image point from the axis, and being a rotational aberration is 
measured perpendicular to the radius sector joining the undistorted image point 
to the lens axis. When the lens current is reversed the sense of the distortion is 
reversed, and it is obvious that the presence of this aberration would render 
the measurement of @ inaccurate. 

It has been shown (Dietrich 1951) that both of these aberrations are 
amenable to correction: if a symmetrical lens is used at unit magnification, 
then the isotropic distortion vanishes, whilst the anisotropic distortion is a 
minimum. Calculation showed the residual anisotropic distortion in the lens 
used in the pilot experiment described below to be only 1 part in 7000 of the 
total rotation for an image point 1 cm off the axis. 

(b) Condition necessary for sharp definition at edge of line image. In order to 
obtain sharp definition at the edge of a line image it is very desirable that the 
spherical aberration should be a minimum for the lens used and, in general, to 
obtain the sharpest edge to the line, the lens has to be stopped down to an 
optimum value (see § 5 (i)). 

Since the spherical aberration decreases as the solenoid windings increase 
in axial extent (Siday 1942) the latter were chosen to exceed the focal length. 
The spherical aberration for unit magnification was calculated and the intensity 
distribution for a point source found in the focal region, i.e. at the marginal, 
the disc of least confusion and the paraxial foci. By numerical integration the 
calculations were extended to find the intensity distribution across the image 
of an infinitely narrow line source and a source of finite width at the three focal 
positions previously mentioned. 

Figures 1 and 2 show the results. It will be seen that the distributions for the 
thin source are generally similar to those for the source of finite width. The 
distributions for the latter show that the best image is to be found at the paraxial 
focus, where the line image is narrowest and the fall in intensity on either side 
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of the maximum greatest. The paraxial focus is not difficult to locate since 
beyond it the image disappears very rapidly, whilst the disc of least confusion 
focus is easily identified by its greater intensity and greater width as compared 
with the paraxial focus. 

A much sharper line is produced if the lens is stopped down until the 
aberration skirt surrounding the image at the paraxial focus just disappears. 
The aberration skirt appears to be removed, visually, when the diameter of the 
circle formed by the intersection of the marginal zone of rays from an axial 
object point with the paraxial image plane is equal to the resolution of the 
photographic plates used. At full aperture this diameter was 1-4mm and at 
quarter aperture it was 0-02mm, which was the approximate value of the plate 
resolution. 
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In the lens used in experiments to test the method the aberration skirt was 
removed at a numerical aperture of about 0-013 with image and object conjugate 
distances of about 50cm. When used without a stop, the numerical aperture of 
the lenses was about 0-05. Calculation of the maximum intensity of the paraxial 
image showed that when the lens was stopped down from 0-05 to 0-013, the 
maximum image density was reduced in the ratio of 3 to 10, whereas the inverse 
square law gives a reduction of about | to 16. Stopping down still further brings 
a small but steady improvement of the image quality, but the image density now 
falls approximately according to the inverse square law, and so stopping down 
beyond the point where the aberration skirt is removed is of doubtful value 
owing to the long exposure times involved. Also, using stop values smaller 
than this critical value brings about, as will be seen in the next section, an 
undesirable diminution of contrast between the focused line and the focused 


continuous background. 


Density (arbitrary units) 
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(ii) The Contrast of a B-Ray Line with its Accompanying Background 


In general the f-ray spectrum of a radioactive source consists of lines of 
discrete energy which are superposed on a continuous background. When a 
line source is used in a magnetic lens, the continuous background is focused 
continuously down the length of the lens axis, and a photographic plate placed 
anywhere in this focal region records an image like that of an out-of-focus line. 
When a line of discrete energy is focused, it is thus superposed on this 
‘background line’, and therefore it is necessary to discuss the conditions 
governing the contrast between the discrete line and the background line. 

Firstly, the intensity distribution due to the continuous background will be 
considered, the range of (Hp) covered being from 80% to 120% of the value in 
focus, whilst the source is assumed to be a uniform polykinetic one. The lens 
is assumed to be gaussian, and four source widths are used in the computations. 
These widths are expressed in units of the tube radius R, namely 0-02 R, 0-01 R, 
0-004 R and 0-002 R. The intensity distribution is calculated in each case 
along a line perpendicular to the focused image, both of which intersect the 
optical axis. Figure 3 shows the results for sources of equal total strength and 
fig. 4 for sources of equal surface brightness. ‘The scale of the abscissae is a 
power of d/R (where d is the source width) so that the entire width of the image 
can be shown conveniently. ‘The asymmetry of the final image about its centre 
is negligible. 
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‘Two very important facts emerge from the results, the first is that the image 
of a uniform polykinetic line source resembles a defocused monokinetic line 
image, 1t may conveniently be called the ‘background line’ since it will 
accompany every focused image formed by conversion electrons. The second 
important fact is that the major contribution to the intensity of the centre of the 
background line comes from such a narrow range of the continuous spectrum 
that the shape of the continuous spectrum over this range is of no consequence. 
As an illustration of this it is found that 28°%, of the central intensity of the image 
produced by the continuous background is due to that part of the radiated 
continuous spectrum with (Hp) between 99-9% and 100-1% of the focused (Hp) 
and 59% is due to that part of the spectrum with (Hp) between 99% and 101% 
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of the focused (Hp). It follows from the above that the intensity of the centre 
of the background line is approximately proportional to the height of the 
continuous spectrum curve at the (Hp) being focused. 

In order to compare the effects of different widths of source, the widths of the 
peaks at half maximum value were determined and divided by the widths of the 
corresponding sources. ‘These ratios were then plotted against source widths 
in fig. 5. Now any conversion electrons, giving monokinetic radiation of a 
particular (Hp) superimposed on the continuous radiation would, if focused, 
give a superimposed image at the image plane of width equal to that of the source. 
As may be seen from the figure, the ratio of the width of the monokinetic image 
to the width at half maximum intensity of the polykinetic line diminishes with 
source width, and so there is advantage in employing narrower sources, 
particularly those of width less than 0-006 R. 

The reduction of object width will show to full advantage when the lens 
has been stopped down to a sufficient value to remove the aberration skirt, since 
with the aberration skirt present stopping down improves the image of the 
monokinetic electrons but at the same time decreases the contrast between the 
monokinetic line and the polykinetic line ; this is because stopping down increases 
the ratio of source width to stop diameter. 
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i i 
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= & (A) Line= 1% » » 
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3 
+ 
0-004R 2 
ae) 
0 2 1-04 
4 8 7 12 16 0 0:004R 0008R O0I2R O01bR 0:02R 
Background Width at Half Maximum Source Width 
in Units of Source Width 
Fig. 5. Graph of image half-width Fig. 6. Contrast ratios of lines to backgrounds. 


for different widths of source. 


A second factor favouring contrast is the density of the discrete energy image 
as compared with that of the background. In order to examine this second factor, 
the number of additional focused f-rays was taken as 0:2%, 1% and 2% of the 
total number present in the background (still maintained uniform and lying 
between 80% and 120% of the focused (Hp)) and the new image densities were 
determined. Hence the ratio of the maximum central density of the combined 
image of line plus background to that of background alone can be calculated 
to give the contrast of the focused image over the background line. ‘The graphs 
of fig. 6 show the results. It is obvious from them that for appreciable contrast, 
the monokinetic focused f-rays must have at least 2% of the integrated background 
intensity and that a source width of less than 0-004 R is desirable. 
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(a) Constancy of i/0. The fundamental equation (7) implies that for given 
(Hp), 1/0 is a constant for a pair of conjugate planes. But eqn. (7) was derived 
under paraxial conditions, and it is thus extremely important to be able to 
estimate the accuracy of the equations when they are applied to a real lens 
working under non-paraxial conditions. 

If the lens is stopped down until the aberration skirt is removed, then 
aberrations which are dependent on the lens aperture may be assumed to be 
absent. This leaves only astigmatism and distortion. At unit magnification the 
isotropic distortion and the anisotropic astigmatism are zero for a symmetrical 
lens (Dietrich 1951). In the lens used in the pilot experiment, the isotropic 
astigmatism was only 1 mm for an object 1 cm off the axis, an amount negligible 
in practice, since it was found that the current could be changed by amounts up 
to 0-2°% without much change in image definition. The 1mm of isotropic 
astigmatism corresponds to a change of current equal to only 0-05%. 

The anisotropic distortion which would bend the line was equal to 0:014% 
of the total rotation for a point 1 cm off the axis. This amount is much too small | 
to affect the value of 6, and thus with the lens stopped down 2/@ is a constant. 
If the lens is not stopped down, then aberrations dependent on the aperture will 
be present. Calculations show that the main contribution to the maximum 
intensity of the line image comes from a narrow annulus, rays passing through 
the mean radius of which are accurately focused in the image plane. ‘Thus if 
the paraxial focus is selected, the line image will be substantially formed by rays 
which do not suffer from aberrations, and thus the value of z/6 will be the paraxial 
one appropriate to formula (7). If, however, another focus is chosen, the rays 
forming the image will not be free from aberration, and the rotation of the image 
will not be given by (7). 

A lens may thus be used in two ways, either stopped down, when a range of 
currents is permissible, or unstopped, when it is essential that the paraxial focus 
be located. The first method is better because it gives a valuable depth of focus, 
and owing to the absence of aberrations the line is very sharp. ‘The second 
method is useful if the source intensity is low, and the strength of the line to 
background is low since there will be a gain in contrast of line over background 
at some expense of definition, and the exposure times will be shorter than with the 
first method. 


$4, PrLor ExPERIMENT 


In order to test the method practically, a long lens consisting of eight layers 
was constructed, the windings being 30cm long with a mean diameter of 6-65 cm 
whilst the inside diameter of the lens tube was about 5cm. The lens which 
worked at unit magnification had an object to image distance of 90cm, and a 
focal length of about 23-5cm. The lens was designed to be supplied by a 60-volt 
accumulator battery and to focus electrons of 2000 gausscm when carrying a 
current of about 1-7 amp. 

Photographic plates were used to record the image and these were cut to 
fit the plate holder (see fig. 7) which fitted into the camera box, which in its turn 
fitted into the lens tube, rubber gaskets providing vacuum tight seals. The 
camera box was fitted with a light-tight sliding panel which could be opened 
when required by means of a rod protruding from the case, a vacuum-tight joint 
being obtained by means of a Wilson seal. 
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The approximate current (within 1°) necessary to focus electrons of given 
energy was obtained from calculations performed on the lens data. The 
thorium F line was selected for study, and for the very rough initial focusing a 
wire of 0-25 mm diameter was used. Later wires of 0-06 mm diameter were used. 


Camera Box 


Trap Door 


Rubber Gasket 
/ 
Plate Hoider 
0 Scm 


Fig. 7. Camera box and plate holder. 


(i) Axtal Astigmatism 

it soon became apparent that the lens suffered from axial astigmatism, and 
in order to find the orientation of the source so that it lay along one or cther of the 
focal line axes, a protractor scale was attached to the end of the source holder,. 
a suspended plumb line acting as a fiducial line. By rotation of the source holder 
and refocusing for each orientation the focal line axes were found, the orientation 
of the source being critical to about +4°. On reversing the current through the 
lens windings, very nearly the same orientations for the focal lines were found, 
the angular difference being about 5° between the two sets. The difference in 
focusing currents between left-hand and right-hand rotated images with the 
source orientated along a focal line axis was found to be equal to that calculated 
to allow for the horizontal component of the earth’s magnetic field. As has been 
mentioned previously, the formula for the rotation of the image in terms of 
6,2 and v is uniquely true at the paraxial focus, and true at other parts of the focal 
region provided 2 is proportional to 6. It was decided in the pilot experiment to 
use an unstopped lens and to work at the paraxial focus, experiments on stopping 
down being conducted on another lens. It was not hard to locate the paraxial 
focus since the line image is thinner and sharper there than at any other part of 
the focal region. Beyond the paraxial focus the image rapidly disappears while it 
becomes denser and wider and the edge less well defined as the disc of least 
confusion is approached. ‘The angle between the two lines obtained by reversing 
the current was measured on a toolmaker’s microscope. The photographic plate 
was mounted on a glass work-stage and the angle measured by means of a special 
protractor ocular carrying scales so that direct reading to a minute of arc was 
possible. 

(ii) Results and Accuracy 

The value of @ for the F line of thorium B was found from five plates, 6 being” 
measured ten times for each plate. The mean for each plate was found together 
with the most probable error. The mean of the five plates was found by weighting 
each plate proportional to the inverse square of its probable error according to 
standard practice. This gave a value of 1:40568 radians for 4 with a relative 
probable error of 0-00013 for the arithmetic mean. ‘The total relative probable 
error was estimated to be 0-0014. ‘This included contributions from the uncertainty 
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in the number of turns in the lens, the uncertainty in the end effect, the uncertainty 
in the potentiometer and galvanometer readings, and the uncertainty in the 
standard resistance. Also included was a value for the purely instrumental 
accuracy of the optical measuring device for 6. ‘The largest error came from 
the uncertainty in the standard resistance, which had to be compared with a 
standard 0-01 ohm resistance calibrated at the National Physical Laboratory. 
To do this the potentiometer used for current measurements in the lens was 
used, and settings could only be estimated to one tenth of the smallest division. 
"This possible error of one tenth of a division gave a relative probable error of 
0-0003 for the standard resistance. The value of 6 for the I line of thorium B 
was found from one plate only, the value of 6 being the average of ten readings. 
The relative probable error of @ was found to be 0-0017, the reason for the large 
increase over that for the F line being the low contrast of the image and relatively 
poor definition as compared with the F line, and also the fact that the result was 
given by only one plate. 

The specific momenta in gauss cm are F line: (Hp)=1385-9+2-0, I line: 
Kid p= 1757-04 4-0. 

From the above results it is seen that the error contributed by the uncertainty 
in 0 for the F line is only 1/7500. Ina precision experiment based on the results 
of the pilot experiment alone, the errors contributed by the current and the 
number of turns would be reduced to the order of 10-° each. This would require 
a lens having about 3 x 10* turns. 


$5. FURTHER EXPERIMENTAL WORK 


In view of the great promise of the pilot experiment, further experimental 
‘work was carried out with another lens. ‘The purpose of the work was to test 
the constancy of 7/@ and to examine the effect of different lens apertures and 
‘different source widths. ‘The lens used was in general similar to the one used 
ain the pilot experiment, and the current measuring equipment was the same: 
the number of turns was, however, not known exactly as the lens had been 
designed for another purpose. 


(1) The Influence of the Aperture 

The theoretical section shows that a reduction of aperture produces two 
mutually conflicting results, one of which is to reduce the aberration skirt and 
thus improve the line definition, and the other to reduce the contrast between 
the discrete line and the background line, the overall intensity of the image 
being diminished. ‘The optimum conditions for operation therefore appear from 
theoretical considerations to be those for which the aperture size is of such a 
value that the aberration skirt is just removed and the source width is less than 
0-004 R. 

Exposures were made with numerical apertures in ratios of 1:4:4:1/44/2, 
the largest having a value of 0:0467. The temperature of the developer was 
carefully controlled and development times were regulated by stop-watch. 
Some of the plates were later microphotometered. Exposures were also made 
with three widths of source; for the middle one (0-025 mm), which was the 
most used, the ratios of source width to stop radius were 0-00093, 0-0019, 0-0037, 
and 0-0052 respectively for the four stops. 

It was found in the case of the very strong F line of thorium B that the image 
-of the line became narrower as the numerical aperture was reduced from the 
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maximum to one quarter of the maximum. Use of the smallest stop produced 
practically no further decrease in image width. There was a slight but not 
serious decrease in the density of the naen image at its centre as the aperture was 
reduced to one quarter of its maximum. At this last aperture equality of density 
was attained with that at full aperture by an increase in exposure time of about 
50% in spite of the total transmission being reduced to one sixteenth of that 
at full aperture. Ata numerical aperture of 1/41/2 of maximum the fall in peak 
intensity was pronounced. 

With this lens and the very strong F line therefore, it appeared that a stop size 
giving a numerical aperture of 0-012 was the best. With a source width of 
0-025 mm which was found to be the most useful, this gives a ratio of source 
width to tube radius of 0-0037. 

For the photographically much weaker A line of Th B however, the image 
obtained with the lens working at a numerical aperture of 0-012 was much less 
distinguishable from its background than it was when taken with the lens at full 
aperture. In this case the initial line intensity to the initial background intensity 
is so low that the fall in contrast due to the increased ratio of source width to 
tube radius in stopping down (see fig. 6) must be more important than improvement 
in the fineness of the image by removal of the spherical aberration skirt. 

As the purpose of the two line images is to obtain the angle between them 
with the greatest possible precision, it is obvious that in stopping down some 
balance must be struck between image contrast and image fineness. Increased 
line fineness is certainly desirable when possible. If the line to background 
contrast is low however, and the lens is used unstopped so as to improve the line 
image to background contrast, then it is essential that the image be at the paraxial 
focus in order that the fundamental equation (7) may yield the correct value of 
(Hp) (see §3ii(a)). In the particular case of the F line images, the use of a 
quarter aperture stop (when the spherical aberration skirt was just removed) 
as against full aperture enabled the precision with which the angle between the 
lines could be measured to be improved by a factor of nearly 3. This reduced 
the probable error of the mean of ten measures to rather less than + 0-2 minute 
or rather less than 1/20000 of the total rotation. 

(ii) The Constancy of 1/6 

With full aperture (N.A. 0-047) it was found that the instrument had an 
appreciable depth of focus, the total range being about 4% of the focusing 
current. As the current was varied between extremes of this range no detectable 
change in the rotation could be observed so that at full aperture the determination 
of the paraxial focus was essential. On stopping down to quarter aperture, 
however, it was found that current and rotation became exactly proportional. 

Plates were taken at each of five values of focusing current in a range of 3% 
of the focusing value, this increased range being easily possible at quarter aperture. 
The five means did not differ in extreme by more than 1/3000 and showed no 
trend with increasing current. Sixteen plates were taken in all and ten measures 
of for each plate gave 160 determinations of the ratio of7to 4. Normal distribution 
of these about a mean has been demonstrated, the probable error of any one 
determination of 7/0 being +0-024°% of the mean value. 


(iti) The Influence of Source Width 


The effect of three source widths of 0-100, 0-025 and 0-010 mm respectively 
was tried. Two important conclusions follow: the first is that the exposure 
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time necessary for ari image of satisfactory density need not be increased at all 
as the source width is reduced from 0:100 mm to 0-01 mm; the second is that 
the line image becomes finer in proportion as the source width is changed from 
0-100 mm to 0:025 mm, though beyond this the decrease in image width is only 
slight. Possible reasons for this are: slight unsteadiness in focusing currents 
and currents in degaussing frame, the grain size of the emulsion, and the presence 
of small uncompensated stray fields. 


$6. CONCLUSIONS 

From the results of the experimental work with the second lens, it was found 
that with a source width of 0-025 mm and a numerical aperture of 0-0123, and 
taking 7/9 as the mean of fifteen plates, 7/9 was known with a relative probable 
error of less than 1/(1-5 x 104). As the measurement of the current and the number 
of turns can be made with an accuracy approaching 1/10° it is seen that (Hp) can 
be found even with the present apparatus to better than 1/10*. It is proposed 
to build a lens with about 3 x 104 turns and to use precision current measuring 
equipment, together with a new optical device for measuring 6. With this new 
optical device a probable error of about 0-2 minute for any one reading is expected. 
The probable error of 25 readings would thus be of the order of 0-04 minute,. 
giving in the case of the Th F line a relative probable error of about 1/10° for @. 
Using the accurate current measuring equipment the relative probable error in 
(Hp) should thus be better than 2/10° for the thorium F line. 


| piael aed ceed i 


§1. INTRODUCTION 

The observations described here were made with a lens on which the exact 
number of turns was not known. As explained in §§1, 2 and 3 of Part I, such 
a lens cannot be used for absolute determinations of B-ray (Hp) but still enables 
comparisons to be made. For this purpose only the ratio of the mean focusing 
current to the angle between the focused lines must be ascertained for each of 
the lines being examined and the quotients are then in the ratio of the 
corresponding f-ray (Hp). 

Photographs were taken of the I and F lines of thorium B and the A line of 
thorium C. Of these, the two first-named f-ray lines arise in different electronic. 
shells excited by the same y-ray, and it has been pointed out by Siegbahn (1941) 
that in such a case a comparison between the (Hp), coupled with the difference 
in binding energy of the shells concerned (obtained accurately from x-ray data), 
is sufficient to provide the absolute values of the f-ray (Hp). All three lines, 
being particularly strong against the continuous spectra accompanying them, 
are especially suited to the method. 


§2. "THE MEASUREMENT OF 7 
The actual measurements made were of the potential difference in volts,. 
measured with a potentiometer, across the terminals of a standard resistance 
carrying the lens currents. A constant of proportionality would supply the 
values of these currents, but as the apparatus was used for (Hp) comparisons 
only, the magnitude of this constant was not required. All currents were well 
within the limiting value for the resistance, and the ambient temperature did 
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not fluctuate by more than +1°c. Calibration of the potentiometer by the 
National Physical Laboratory gave its readings correct to +1 in 18000, +1 
in 14000 and +1 in 5400 respectively for the I, F and A lines. The increasing 
possible error in going from the I line to the A line is due to the decreasing currents 
required to focus them. 

‘The systematic probable error in the measurement of 7 due to the instrument 
was taken as one half the maximum possible, viz. +1 in 30000 for the I and 
F lines and +1 in 10000 for the A line. 


$3. HE MEASUREMENT OF 0 


The angle between the crossed lines was measured on a toolmaker’s microscope 
fitted with a protractor ocular. On an average this angle lay within a few minutes 
of 73-5°: the sum of the two currents used to focus the lines was constant to 
within +0-4°%, and 2z/@ is a constant, so that the maximum variation of 6 from 
73:°5° was +10’. By arranging every plate so that the scale reading for the first 
line lay near to the centre of the first degree and measuring the acute angle between 
the two lines, the second scale reading invariably lay between 33° and 34°. 
From these two readings the value of @ is calculated; as the determinations of 
1/8 were made only for comparison, any small systematic errors in the scale of the 
instrument affected all results in the same way and could therefore be neglected. 


$4. 2/8 FOR THE F anp I LINES 
Sixteen photographs were taken of the F line over a range in mean focusing 
current of 0-3°%. ‘Ten measures of 6 were made on each photograph making in 
all 160 determinations of 2/0, of which the mean was 16048-5 x 10° volt; the 
residual R and the square of the residual R*® could be obtained for each value of 
i/@. ‘To show the spread in results the mean value of 2/@ for each of the 16 plates 
is given in table 2 together with the residual for each. In order to demonstrate 


Table 2. Mean Values of 2/6 for Observations of the F Line 
7010? Rx 16? Hom AO’ RX 10° i/@ x 10° IRS ALY i/0x 10° Roe 02 


16047-0 LS 16043 -6 4-9 16047-7 0:8 16044°5 4-0 
16054-0 Da 16047°8 On 160483 0-2 16039°8 8-7 
16052°5 4-0 16052-2 3h 7 16051-7 Sez 16054-9 6-4 
16040°3 8:2 16057-0 $5 16048°5 0-0 16045-8 ea 


normal distribution of these results, and therefore constancy of 2/@ with varying 
6, they were plotted as a histogram, and compared with the appropriate gaussian 
distribution curve having the general equation y=nhz!exp(—h?x?), In this 
h the constant of precision which controls the shape of the curve can be obtained 
either from the residuals or the residual squares. ‘The total area under the curve 
gives the number of determinations m of 7/. ‘The two values of h so obtained 
were the same, an indication of how closely the determinations of 7/@ approached 
normal distribution, whilst the probable error in any one reading, obtained from 
+0-477/h, was +3-8x10-®. In obtaining the probable error in the mean of 
all the values of 7/@ account was taken of the fact that there were 16 independent 
readings and not 160, giving a probable error in the mean of + 9-95 LO with 
an uncertainty of about 12%. Combining this with the error inz we find a final 
value of 2/0 for the F line of (16048-5 + 1-1) x 10°. 
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An identical process was performed on the 90 values of 7/# obtained from nine 
plates of the I line. As with the F line, gaussian distribution was confirmed and 
the final value of 2/6 for the I line was obtained as (20272-0 + 1-6) x 10-° volt. 
Mean values and residuals for each plate are shown in table 3. 


Table 3. Mean Values of 7/@ for Observations of the I Line 


i/8@x10® Rx 10° i/8@x10® Rx10° i/9x10° Rx 10° OX10" RIO” 
20265-1 6:9 20275°7 355 20275°7 oF 20274-7 Dei] 
20266 -0 6-0 20266 -4 5-6 20268 -0 4-0 20274°3 25 
20232 meen LO, 


§5. THE ABSOLUTE VALUES OF THE I LINE AND F LINE (Hp) 


(Hp); for the I line is related to (2/@); for the same line by the equation 
(Hp), =p(i/0), where p is the calibration constant of the lens. ‘The voltage V; 
required to impart to an electron a specific momentum (Hp); is given by the 


equation 
pee ies ead ES rel NR ye 
V,;=10 all es nee 5), i}. 


Similar equations apply between the F line values. If we know Vj;—Vy, the 
difference between the binding energies of the K and L shells of element 83 in 
which the F and I lines respectively arise, we can solve the equations for p. 
Bergstrand’s (1949, 1950) value of 299793-1+40-25 km/sec was taken for e and 
Thomas, Driscoll and Hipple’s (1950) value of (1-75890 + 0-00005) x 10? e.m.u./g¢ 
taken for e/my. ‘The value of Vj—Vy was given by Mlle. Y. Cauchois (private 
communication) as 74128 +7 electron volts. 

This gave p =(8-6520 + 0-0017) x 10’ from which the I line and the F line (Hp) 
were found to be 1753-94+ 0-39 and 1388-52 + 0-30 gauss cm respectively. 

These values coincide exactly with those of Lindstrém (1951 a) determined 
with very high precision using a semicircular focuser. It is interesting to note 
that of the earlier measurements, those of Surugue (1937) which were the most 
precise, also coincide most nearly with these very exact later ones. 


§6. RESULTS FOR THE A LINE 


The contrast of the A line to its accompanying background was found to be 
rather poorer than that of either the I line or the F line, causing a slightly greater 
spread in the determinations of @ on any one plate. The number of photographs. 
taken was therefore increased to 14. Results for the means are given in table 4. 


Table 4. Mean Values of i/@ for Observations of the A Line 
10> 10" 9 RX 10° BOLO FR SCIC? i/@ x 10° Rx 10° 7/0 x 10° TSAO 


6166-98 1:16 6166-05 2:09 6168-11 0-03 6167-33 0-81 
6171-58 3:44 6169-06 0:92 Oul7 22 3-08 6165-44 2:70 
616654 1-60 6168-78 0-64 6169-84 1:70 6165-48 2:66 
6167-10 1:04 6170-40 2:26 


The arithmetic mean of the 140 determinations of 7/6 for the A line was found to 
be (6168-1 40-8) x 10° volt. This, combined with the value of the calibration 
constant of the lens gives the A line (Hp) as (533-66+0-12) gauss cm, corres- 
ponding with Surugue’s less precise determination of 534. Arnoult (1939) also 
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obtained 534 but did so by ratio with the (Hp) of the F line; as his F line value 
was appreciably lower than either Surugue’s or the result obtained in this work, 
the correspondence has little significance. Of the other investigators who made 
observations on the A line, Flammersfeld (1939) obtained a value of 536-5 while 
Ellis (1932) and Sze (1933) obtained rather higher values of 537 and 541 
respectively. Furthermore, except for Surugue, who obtained 0-3846, all had 
ratios of A line (Hp) to F line (Hp) nearly #% higher than the value 0-38434 
found here. It is thought that the precision which has been attained in the 
measurements outlined here is greater than that of the above workers, and that 
the (Hp) value of the A line has now been established more accurately than has. 
so far been achieved. 
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Abstract. Examination of a large number of specimens of PbS has indicated 
a maximum free carrier concentration at 290°K of 2x 10!*cm-? if transistor 
action is to be observed. This figure leads to a value of 0-65 ev for the width 
of forbidden band at 290°K. ‘Transistor action is only observed in p-type 
specimens and is always associated with good rectification and a strong photo- 
voltaic effect. 


$1. INTRODUCTION 


RANSISTOR action in PbS has been described by Banbury, Gebbie and 

Hogarth (1951) and results quoted for assemblies made with crystals 

taken from Zeiss photo-voltaic cells. ‘These crystals were of Sardinian 
galena which had been specially treated by optically polishing and warming, 
before storing iz vacuo. Little information was given about the conduction 
properties of the crystals except that for one of them the value of the conductivity 
was about 1 ohm!cm™! and the hole mobility about 350 cm?/volt second. 
Since that time Putley and Arthur (1951) have measured the conductivity and 
Hall constant of these crystals as functions of temperature and have found that 
above 900°K PbS acts as an intrinsic semiconductor with a forbidden band 
width of 1-17ev. Furthermore the forbidden band width is found to decrease 
with temperature. ‘The value at 290°K is of great importance in any attempt to 
explain barrier layer phenomena involving PbS and various different methods 
of computing this quantity are available. From the measurements to be 
reported in this paper, a value has been estimated and this agrees with the results 
of other workers. 

The results of measurements on many PbS specimens indicate a limit to 
the tree carrier concentration at 290°K beyond which transistor action is not 
expected to occur. Furthermore they show that PbS crystals from several 
sources are suitable for experiments on transistor action. 


§ 2. EXPERIMENTAL METHODS 


The various point contact properties were examined for etched or cleaved 
surfaces of PbS crystals taken from various sources. The rectification and 
transistor action were examined by means of simple test circuits and oscilloscope 
displays in conjunction with a micro-manipulator for the adjustment of the 
whisker contacts. ‘I'he photo-voltaic effect was tested with a fine spot of white 
light and a whisker contact, the signal being measured by a galvanometer, or by 
an amplifer and ammeter when interrupted light was employed. Values of 
Hall constant & and electrical conductivity o were measured by standard d.c. 
potentiometer methods. 
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$3. ExPERIMENTAL RESULTS 


Experiments were carried out on a large number of crystals from various 
sources and the table includes results for nineteen representative specimens. 
(Some of the measurements were carried out at Reading University, the others 
at Telecommunications Research Establishment. The measurements of R and co 
for specimen X 1 were made by Dr. E. H. Putley.) It may be noted immediately 
that transistor action is observed in specimens of PbS from various sources and 
although Sardinian galena can show transistor action, material from other sources 
may prove superior. 

The main features of the results may be summarized as follows: (i) Good 
rectification, photo-voltaic effects and transistor action are only observed in p-type 
specimens of high purity as indicated by a large Hall constant and high carrier 
mobility. (ii) Electroforming effects are most marked in p-type specimens of 
high purity but are also observed in n-type specimens which have a large value 
of Hall constant. (iii) Highly impure n-type specimens show no sign of the 
existence of rectifying barriers. (iv) N-type specimens of high purity do not 
exhibit transistor action in spite of values of R and o comparable to those p-type 
specimens which do so. 


$4. DiscussION OF RESULTS 


In the absence of impurity scattering and mixed conduction the product Ro 
with a small correcting factor (approximately unity) would yield a direct measure 
of carrier mobility. Detailed information on impurity scattering in PbS is not 
available, but according to E. H. Putley (private communication) it may be 
neglected. Since the measurements were carried out at 290°K and intrinsic 
conduction is not expected to occur at temperatures as low as this it is unlikely 
that mixed conduction is occurring. ‘Thus we may take the product Ro as an 
approximate estimate of mobility. It should be noted that the inobilities quoted 
for p-type specimens refer to holes. ‘The injected electrons concerned in 
transistor action would be expected to have even higher mobilities. Although a 
high carrier mobility is usually considered necessary for a specimen to exhibit 
transistor action, this is not a sufficient condition as may be observed for 
specimens N9 and A2 (see table). A fairly large value of R and a low value of ¢ 
are also necessary and for transistor action to occur in PbS it would seem that 
the concentration of free holes at room temperature should not be greater than 
2 ol) ems: 

It was pointed out by A. F. Gibson (private communication) that this figure 
might enable the width of forbidden band in PbS at 290°K to be estimated. 
The calculation was carried out as follows: Let ¢ be the height of the surface 
barrier, E the width of forbidden band and « the distance from the Fermi level 
to the top of the full band (see figure). ‘Then to achieve barrier conditions 
favourable for electron injection we use the condition given by Bardeen and 
Brattain (1949), namely ¢+¢>4£, and in the limit we take the equality. The 
average value of 4 for PbS derived from measurements of rectification, photo- 
conductivity and photovoltage made by various authors may be taken as 0-2ev. 
Furthermore the activation energy for impurities Ae has been found to be of 
order RT, i.e. 0-025ev. Then the required value of ¢ is given by 7RT where 7 is 
the reduced electrochemical potential for holes. Lehovec and Kedesdy (1951) 
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have plotted graphs relating the quantities ~ and y for various fixed values of y: 
_ he Ny 

RT? 9 22am RT RSE’ 
Thus for PbS at room temperature x=1 and y=8-4x10-3. The 
corresponding value of 7 is 5 and thus «=0-125ev. Hence E=2(6+«)=0-65 ev. 
Calculations made for other likely values of Ae and ¢ suggest a probable error 
of +0-1 ev in the above value of E. 

It is of interest to compare this value with other determinations of the same 
quantity. By extrapolating Putley and Arthur’s curve of E/2 against T to 290°K 
a value of 0-7 ev for the band width at that temperature was obtained. A derivation 
of E using results obtained with a p—n junction in a PbS crystal (A. F. Gibson, 
private communication) gave a value of 0-68ev. [The p—n junction from which 
this value was obtained was the only PbS p-—n junction ever achieved by Gibson 


x where Noa 2x10? ema. = 290° 
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having rectification characteristics in agreement with the theory due to Shockley 
(1949).] Thus within the accuracy of experiment consistent results for E are 
obtained from three different experiments. 

In the case of Wisconsin galena an interesting problem arises. It was often 
found that specimens (e.g. W1) exhibit a large negative value of R indicating 
excess conduction whereas the point contact properties are characteristic of a 
deficit semiconductor. This cannot be explained by supposing the specimen 
to be in the intrinsic range, since if this were so, good rectification and 
transistor action would not be expected to occur. It is hoped that experiments 
on transistor phenomena as functions of temperature will help solve this problem. 

Probably the most consistently satisfactory material for the investigation of 
the transistor effect in PbS is galena from Joplin, Missouri. ‘The specimens 
examined appear to possess excellent cleavage surfaces, and their contact 
properties are substantially uniform. Sardinian galena, although occasional 
samples are of excellent quality, is much less homogeneous, is polycrystalline, 
and its electrical properties vary rapidly from one region of a crystal to another. 
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Abstract. ‘The order—disorder transformation in iron-nickel alloys of high 
purity has been studied by measurements of electrical resistivity, by x-ray 
analysis and by an examination of the magnetic properties in both low and high 
fields. It is shown that the transformation appears to take place over a wide 
range of composition, from about 50 to 80 atomic % nickel, with a maximum 
change in structure sensitive properties at 75 atomic % nickel. The formation 
of order is extremely sluggish and takes place in the temperature range 494°c 
to 500°c. The decrease in lattice parameter of the 75% alloy which occurs 
on the formation of the ordered structure is 2x10-3A. The existence of the 
superlattice was confirmed and, using the counter-spectrometer technique, 
an estimate of the degree of order was obtained. Low field magnetic 
measurements show that the maximum and initial permeabilities of FeNi, are 
decreased considerably by the annealing process known to produce the ordered 
alloy. ‘The coercive force is increased by the same process. 

The effects of the addition of small percentages of aluminium, copper, 
molybdenum and manganese to pure FeNi, have been examined. It is shown 
that the experimental results support the assumption that the ‘spare’ electrons 
of the added elements enter the 3d shell of the nickel atoms only, the 
contribution of the iron atoms to the total magnetic moment being unaltered 
Thus the iron and nickel atoms may be considered to act independently. 


§ 1. INTRODUCTION 


HE elucidation of the widely varying properties of iron—nickel alloys has 

been the subject of numerous researches. On account of its magnetic 
properties, the region extending from 35% to 90% nickel, the ‘ Permalloy’ 
region, has engaged considerable attention, but the physical interpretation of the 
collected results presents great difficulty. Dahl, in 1936, first suggested the 
possibility of an ordered structure occurring at 75 atomic % nickel. Numerous 
attempts have been made to substantiate this suggestion, with varying degrees of 
success. Leech and Sykes (1939), in co-operation with Jones and Sucksmith, 
confirmed the existence of the superlattice, on the basis of specific heat, x-ray and 
magnetic measurements. ‘The purpose of the work described in this paper was to 
investigate the effect of the degree of order on the magnetic and other relevant 
physical properties and, as far as possible, to correlate them with associated 
physical phenomena. In order to eliminate possible complications due to the 
presence of impurities, alloys were melted under the best possible conditions 
* Part of a thesis submitted by one of us (R. J. W.) and approved by the University of 


London for the external degree of Doctor of Philosophy. 
+ Now at G.K.N. Research Laboratories, Ettingshall, Wolverhampton. 


wn R. J. Wakelin and E. L. Yates 


from metals of the highest purity obtainable. The conditions under which the 
order—disorder transformation takes place have been examined by electrical 
resistivity measurements, by X-ray analysis, and by magnetic measurements 
made on the alloys in high and low fields. 


§2. THE PREPARATION AND HEAT TREATMENT OF THE ALLOYS 


The alloys were prepared from high purity metals by melting 7 vacuo in a 
high-frequency induction furnace. Small pieces of electrolytic iron of 
spectroscopic purity containing about 0-7% oxygen were mixed in the required 
proportions with nickel pellets of 99-94% purity in pure alumina crucibles. 
By melting rapidly under a pressure too low for an electrodeless discharge to 
occur, the high purity of the constituent metals was maintained in the resulting 
alloys. Composition and purity were confirmed by chemical analysis; the 
total impurity in any one of these alloys was less than 0:2%. About 50 alloys 
were prepared in this way, ranging in composition from 45 to 85 atomic % nickel, 
and also a series of alloys of composition FeNi, plus small proportions of 
aluminium, molybdenum, copper and manganese. 

Each alloy was carefully hot forged and then homogenized at 1200°c for 
18 hours. Photomicrographs showed that this treatment was sufficient to 
ensure uniform composition throughout the mass of the alloy, and thus 
experimental evidence obtained from a small part of the material was 
representative of the behaviour of the complete alloy. 

The ordering process may, in general, be accomplished either by annealing 
for some time at a steady temperature below the critical temperature or by cooling 
at a fixed rate through a wide temperature range, for example from just above 
to well below the critical temperature. Even if, at the commencement of this 
work, the critical temperatures of the alloys had been known, comparison 
between them would have been difficult if they had not been annealed under 
strictly comparable conditions. Preliminary measurements showed that the 
transformation took place over a range of temperature, and it was therefore 
considered advisable to anneal all the alloys similarly by cooling slowly over a 
wide temperature range. 

It has long been known that the approach to equilibrium in iron—nickel 
alloys is very slow. It follows that ordering in alloys with a low critical 
temperature will be still more sluggish, and thus tend to show a less degree of order 
fora given rate of cooling. As will be shown later, extremely slow rates were 
used in order to minimize this effect. ‘The range of temperature over which 
slow cooling was necessary was found from early resistivity measurements. 
When an alloy is cooled slowly, two processes proceed simultaneously: 
(a) certain nuclei tend to grow at the expense of others and (b) the degree of order 
in each nucleus tends to increase as the temperature is reduced. 

Disorder may, in general, be obtained either by cooling rapidly from a 
temperature above the critical temperature, or by performing cold work on an 
ordered alloy. ‘The former method only was used. 


§ 3. EvectrricaL Resistrviry MEASUREMENTS 
(i) Experimental 
To attain accuracy and reproducibility in the resistance measurements 
it was desirable to use strips of alloy about 15cm long and of small cross section. 
This requirement proved difficult to attain with the high purity alloys as they 
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were brittle and frequently fractured during machining. However, the forging 
and homogenizing treatment greatly eased the task of machining thin strips 
about 10cm long, 4mm wide and 1mm thick. The cross section was uniform 
to within +0-02 mm in each direction. 

The resistance of the alloy strip was found by the standard technique of 
comparing the potential difference across a measured length of the strip with 
that across a standard resistance through which the same current flowed. The 
use of nickel knife-edges as potential and current terminals enabled the effects 
of thermal e.m.fs. to be reduced. The corrections for such e.m.fs. were never 
more than 0-1% of the potential being measured. he reproducibility of the 
results showed that the resistivities of the alloys were measured tc better than 
+3% at any temperature up to about 600°c. Resistance measurements were 
not made above that temperature, it being unnecessary to do so with the alloys 
under examination. 

Careful control of the temperature in all furnaces was essential. The 
temperature controller described by Yates (1946) was found to be very efficient 
and easily adapted to control a continuous variation of temperature. When used 
with a suitable furnace circuit the controller kept the temperature constant to 
within +0-5°c at all temperatures used. To cool a furnace slowly it was simply 
necessary to connect a variable resistance in series with the platinum resistance 
thermometer and to increase this resistance at a steady rate. 


Resistivity (Q.cmx10~) 


0 50 > 100 150 200 
Time (hours) 


Fig. 1. Variation of resistivity with time at fixed temperatures (pure FeNis). 


Preliminary work on alloys of commercial purity had indicated the approximate 
critical temperature of the alloy FeNis. Further preliminary experiments 
had also shown that the cooling rate must be extremely slow (less than 0-3°c 
per hour) if a high degree of order is to be obtained. The alloys exhibit 
considerable thermal ‘hysteresis’. ‘The upper temperature limit, above which 
annealing to produce order is ineffective, was found to be about 500°c ; the © 
lower temperature limit, below which the transformation is too sluggish for 
any appreciable degree of order to form in a sensible time, was about 400°c. 
A wide range of resistivity may be obtained at any one temperature below 530°c, 
depending on the previous heat treatment and the length of time the alloy is 
held at that temperature. 

The alternative method of producing order, namely by annealing the alloy 
for a given length of time at a constant temperature, was tried with a specimen 
of the pure material. ‘The changes in the resistivity of the disordered alloy 
with time, at certain constant temperatures, are shown in fig. 1. Before each 
set of measurements the alloy was disordered by heating to 600°c, annealed 
for 12 hours and then rapidly cooled to the temperature at which the investigation 
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was to take place. These results confirm the earlier conclusion that the — 


‘critical temperature’ lies in the region 490° to 500°c. The curves show clearly 
the slow rate at which the transformation proceeds, an equilibrium degree of 
order not being obtained at any temperature even after annealing periods of 
more than 200 hours. 

A few resistance measurements were made at low temperatures. 
Extrapolation to absolute zero from the temperature of liquid oxygen suggested 
that the alloys were not fully ordered even after the longest annealing periods 
given, since the resistivity of a perfectly ordered lattice at the absolute zero 
should, theoretically, be zero. 


(ii) The Effect of Composition on the Formation of Order 


Alloys in the composition range 70 to 80 atomic % nickel were prepared 
and the resistivities measured as already described. Some of the results are 
illustrated in figs. 2 and 3. Several interesting features may be seen from these 
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Fig. 2. Variation of resistivity of FeNi; with Fig. 3. Variation of resistivity with tempera- 
temperature. ture of alloys containing (a) 70 and 
(b) 80 atomic °% nickel. 


curves. At the slowest cooling rate (0-10°c per hour), the specimens took 
seven weeks to cool through the desired range, and even these conditions were 
insufficient to produce the completely ordered state. ‘The same rate of cooling 
in the case of the 80° alloy, however, showed little improvement over the faster 
rate of cooling. In fact equilibrium had apparently been reached down to 
475°c by cooling at 1-3°c per hour. It follows from Matthiessen’s rule that 
the slope of the resistivity-temperature curve should be the same for both 
ordered and disordered alloys provided no transformation is actually taking 
place. ‘The experimental curves provide excellent support for this reasoning. 
At temperatures below 450°c these transformations become very sluggish 
indeed and the resistance-temperature curves for different degrees of order 
are parallel. ‘Ihe curves also show that order may be developed outside the 
composition range 70-80 atomic % nickel and that quite appreciably more 
order is developed in the 70% than in the 80% alloy. 

The variation of resistivity with nickel content is shown in fig. 4 after five 
different conditions of heat treatment. It is seen that some degree of long range 
order exists at less than 50% nickel but that there is practically none at 82% 
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nickel, The maximum decrease in resistivity occurs at 75 atomic °% Ni, the 
resistivity of the ordered alloy being 54% of that of the disordered material. 
This graph is similar to, but not identical with, one given by Kaya (1938). 

The difference between the resistivities of the quenched and furnace-cooled 
alloys may be due to two causes : (a) the setting up of strains in the lattice by 
the drastic quenching process, causing an increase in the resistivity, (b) the 
formation of short-range order in the furnace-cooled alloys. 
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Fig. +. Variation of resistivity (at 20°c) with Fig. 5. Variation of resistivity with tem- 
composition after different conditions of perature of an alloy with 50 atomic °% 
heat treatment. Ni. 

‘Table 1 
Resistivity at 20°c in Q cm x 107° 

Composition Quenched Cooled at Cooled at Cooled at Cooled at 
(atomic %) from 700°c 100°c/h 1:3°c/h 0:28°c/h 0:09°c/h 

45 42-6 41-4 40-7 40-6 

50 B3el 31:6 30-4 30:3 

55 27-4 25-4 24-6 24-6 

60 233 21:3 20:6 20:5 

65 20-0 18-2 17:2 16-9 

68 18-8 16-9 1537 14:2 

70 18-1 16-3 14-4 12-9 

72 16-7 15-3 13-0 11-4 

74 16:5 15-5 13-0 iil 

75 16-4 15-0 13-0 153 8-86 

76 G2 15-0 13:3 Iles 

78 13:5 14:8 13-8 2 

80 15-0 14-2 1Siaf 37 

81 tlesyes| 14-4 14-2 14-2 

85 14-0 13-6 13°5 I, 3395) 


Comparison with previous published work shows that the majority of earlier 
determinations of resistivity as summarized by Marsh (1938) give values greater 
than those shown in table 1. This is probably due to the presence of impurities 
in the alloys used in the earlier work. 

There is a reduction in resistivity on prolonged annealing of the 50 atomic % 
alloy. The existence of a superlattice at 50 atomic % Ni was considered a 
possibility and attempts were made to test this hypothesis. rom theoretical 
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considerations (e.g. Easthope 1937) the critical temperature should be greater 
than that of the 75% alloy. '[he 50°, alloy was therefore cooled first rapidly 
and afterwards very slowly from 700°c. No difference was observed for the 
different rates of cooling at temperatures above 510°c (fig. 5). The Curie 
temperature of the slowly cooled alloy is about 543°c (table 5). The change 
of slope of the resistivity curve between 500°c and 540°c is to be related to the 
change in the magnetic properties. There appears to be an additional change 
of slope of the slowly cooled alloy at about 505° c which would suggest an order— 
disorder transformation at this temperature. 

It is possible to produce only a small degree of apparent order in this alloy 
as witnessed by the fact that cooling slowly at different rates had practically 
the same effect. This suggests that an equilibrium state had been attained in 
the faster of the slow rates of cooling. It is of interest to note that at temperatures 
less than 450°c the curve for the slowly cooled alloy diverges more rapidly from 
that for the rapidly cooled alloys. ‘This may be due to the formation of the 
body-centred «-phase alloy but was not further investigated (cf. Owen and Liu 
1949). The study of the high field magnetic properties reported in § 5 (iii) 
shows that there is the same indication of a certain but small degree of order in 
the 50 atomic % alloy. 


(iii) Discussion on the Determination of the Critical Temperatures 


The critical temperature of an order—disorder transformation may be defined 
as the temperature above which no long-range order can exist in a stable state. 
In the iron—nickel series of alloys, however, the very sluggish nature of the 
transformation complicates the determination of such a _ temperature. 
Preliminary measurements had shown that it was possible, by rapid heating of 
an ordered alloy, to retain the ordered state for a while, even 30°c above the 
critical temperature. The temperature at which the resistance-temperature 
curve for the ordered alloy meets that for the disordered alloy can be varied by 
changing the rate of heating. 

Kallback (1947), in an investigation undertaken specifically to determine 
this temperature, heated an ordered alloy from below the critical temperature 
and held the temperature steady for long periods at temperatures in the 
neighbourhood of the critical temperature. He measured the resistivity while 
keeping the temperature constant, but even after periods of 150 hours the 
resistivity failed to reach a steady value. He then plotted against temperature 
the resistivity so obtained (which he assumed to be the equilibrium value) and 
extrapolated this ‘equilibrium curve’ to meet the disordered curve at T,. The 
value of 7, (506°c) thus obtained is likely to be greater than the critical 
temperature. 

In the present investigation the formation of order was followed while actually 
taking place. It has been pointed out that heating and cooling, however slowly, 
produced resistivity-temperature curves showing ‘hysteresis’ loops. It is 
clear, therefore, that any degree of order may be produced over a wide range 
of temperature, depending on how long the alloy has been held at that temperature 
or, alternatively, how slowly it has been cooled or heated to the temperature 
concerned. No fixed or definite critical temperature can thus be defined. 
However, if the earlier definition of the critical temperature is modified to read 
“that temperature below which some degree of order may be produced and 
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above which the alloy, if already in the disordered state, remains in that state”, 
then the temperature at which the resistivity curve for the slowly cooled alloy 
begins to diverge from the rapidly cooled curve may be taken as the critical 
temperature. ‘This temperature was determined from the graphs shown in 
figs. 2 and 3 by plotting the square of resistivity against temperature over the 
range 490" to 500°c. Defined in the above manner, the critical temperatures 
of three alloys are shown in table 2. 


Table 2 
Composition (atomic °%% Ni) 70 75 80 
Critical temperature (°c) 496 498 494 


The maximum in the critical temperature at the stoichiometric ratio 3 : 1 
does not agree with the tentative theory advanced by Easthope. Furthermore, 
the critical temperature of the 75% alloy is some 8°c less than that obtained 
by Kallback. However, it has been pointed out that Kallback’s method of 
determining the critical temperature was likely to give too high a value, and the 
modified definition above is likely to give a lower limit, so that if a definite critical 
temperature does exist it lies between 498°c and 506°c. Alternatively, given 
sufficient annealing time, a certain amount of ordered structure can be obtained 
in the alloy FeNi, at temperatures below 498°c, but no evidence of long-range 
order is obtained at temperatures above 506°c. 


§ 4. X-Ray ANALYSIS 


(1) Variation of Lattice Parameter with Composition 


Investigations of the iron—nickel system of alloys using the x-ray technique 
were made by Bradley, Jay and ‘Taylor (1937) and by Owen, Sully and Yates 
(1937). In both cases, however, the alloys were not in the ordered state ; none 
of the previous workers was aware of the extremely slow nature of the order— 
disorder transformation. ‘The lattice parameter of the ordered alloy FeNi, 
was first measured by Leech and Sykes (1939) who reported a reduction in the 
parameter on annealing for 500 hours in the temperature range 490°c to 370°C. 
By itself such a change in parameter is not sufficient evidence of an order—disorder 
transformation in a single-phase alloy. Nevertheless, when such a transformation 
is established from the direct evidence of the superlattice spectrum, the change 
in lattice parameter may be considered as due to the transformation and the 
degree of order inferred from the extent of the parameter change. ‘The alloy 
powders were prepared from the homogenized ingots and were made with a 
jeweller’s saw to avoid risk of contamination from a file. ‘The powder was sieved 
through a 250-mesh sieve and annealed in evacuated Pyrex glass or silica tubes. 
To remove the effect of cold work, all powders were given a preliminary anneal 
of 24 hours at 600° c. They were then either (a) quenched in water to maintain 
the disordered state or (b) cooled slowly, at 0-22°c per hour, a process known 
to be necessary for the production of the ordered state. 

The variation of lattice parameter with composition is recorded in table 3. 
The maximum difference between the parameter of the quenched and slowly 
cooled alloys occurs at 75 atomic % of nickel. ‘The values for the quenched 
alloys are in good agreement with those obtained by Owen, Sully and Yates. 
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It is clear that the change in parameter confirms the earlier statement that 
such a change may be used as confirmation of an order—disorder transformation. 
The percentage change in lattice parameter with the development of order is 
considerably less than the percentage change in resistivity. The latter is a more 
sensitive property with which to observe the development of order. 


Table 3 

er Lattice parameter (A) at 20°C 
Sempos nen co Quenched Annealed 

ernie) (disordered) (ordered) 

50 35865; 35864, 

70 35606, 3-5591, 

72 355834 3-5569, 

74 BSI 3-55395 

75 3-5544, RES 

76 3-5534, Shit lille 

78 355054 35494, 

80 3-5480, 35479, 


Copper K radiation: Aaw,=1-54050 A, Aw, =1:54434 A 


Following the technique of Leech and Sykes, namely, using monochromatic 
cobalt K« radiation, the superlattice in FeNi,; was confirmed. The 50% alloy, 
however, yielded no additional lines, and the suggestion of an ordered state with 
this alloy remains unconfirmed. The decrease in lattice parameter obtained 
on prolonged annealing is the same order of magnitude as the estimated 
experimental error and hence does not provide support for the evidence of a 
small degree of order in this alloy. 


(1) The Effect of the Addition of Aluminium on the Development of Order 

In a thorough and careful investigation of the ternary system Fe—Ni-Al 
Bradley and ‘Taylor (1938, 1940) reported that when a small amount of aluminium 
(at least 4%) is added to FeNis, superlattice lines appear on x-ray photographs. 
They suggested that the superlattice may be extended to pure FeNi, by suitable 
heat treatment below 600°c. 

In order to trace the development of the superlattice by the appearance of 
the additional lines after varying heat treatments, a series of alloys was prepared 
containing up to 6 atomic % of aluminium in pure FeNi,. With a 9cm 
diameter camera the superlattice lines were readily observed in the case of the 
6% Al alloy, cooled from 510°c at 7:5°c per hour. With a slower rate of 
cooling (0-8°c per hour) the superlattice was confirmed with alloys containing 
as little as 1-5 atomic % of aluminium. It has already been reported in the 
previous paragraph that the superlattice lines may be obtained with pure 
iron—nickel alloy provided the cooling rate is slow enough. It follows that the 
cooling rate of 10°c per hour used by Bradley and Taylor was too rapid to give 
the equilibrium conditions in the neighbourhood of FeNi, and the superlattice 
boundary suggested by them is incorrect. It should be extended for the majority 
of its length, to coincide with the binary Fe—Ni line. 


(i) An Estimate of the Degree of Order 


It can be shown that the degree of order of an alloy may be calculated from 
a knowledge of the relative intensities of main and superlattice lines. The 
measurement of these relative intensities using the photographic technique 
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was considered impracticable owing to the very great differences in intensities 
of the main and superlattice lines. In order to obtain a measurable intensity 
for a superlattice line the exposure required was so long that the blackening 
due to the main lattice lines was beyond the ‘linear’ range of the photographic 
emulsion. 

The technique using a Geiger counter spectrometer as described, for example, 
by Hall, Arndt and Smith (1949) was considerably more sensitive than the 
photographic method. Consequently complete scans of the x-ray diffraction 
lines of two FeNi,; specimens were made,* (a) an alloy quenched from 600°c 
and (5) an alloy cooled at 0-2°c per hour from 510°c. Cobalt K« radiation was 
used. No superlattice lines were observed with the quenched alloy. The areas 
of the diffraction lines were obtained by numerical methods using the experimental 
readings, suitably corrected for counting losses and secondary extinction. As 
the intensities of the superlattice lines obtained with the slowly cooled specimen 
were about 100 times less than those of the main lines, considerably longer 
counting times were employed for the superlattice lines. An accurate 
determination of the ratio of the intensities was, of course, impossible. 
However, from observations made it was concluded that the degree of order 
was in the range 55-80%. Without considerably improved x-ray technique 
this result represents the practically attainable limit of accuracy. ‘The contrast 
between the line contours of the main and superlattice lines is clearly shown in 


fig. 6. 
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Fig. 6. Main and superlattice line shapes. ‘The general background level for superlattice 
lines Dh?=2 and XA?=5 was 105+ 10 counts per min. 


§ 5. MacGnetic MEASUREMENTS 


(i) Effect of Ordering on Low Field Properties 

The magnetic properties of the iron—-nickel alloys have been the subject 
of considerable investigation (see, for example, Bozorth 1951). The high 
permeability of alloys in the neighbourhood of 78% nickel, in low magnetic 
fields, is of considerable commercial importance. ‘The existence of an order— 
disorder transformation at 75 atomic °% nickel has led to a belief that this 
transformation is closely connected with the exceptional magnetic properties. 
Commercial high permeability alloys are too complex to enable a simple relation 


* The authors are indebted to Dr. R. A. T. Smith, Metallurgy Department, University 
of Birmingham, for kindly undertaking this section of the work. 


230 R. J. Wakelin and E. L. Yates 


between the low field magnetic properties and the development of order to 
be readily obtained. Hence, in the investigations described in this paper, the 
low field properties of alloys of high purity were examined when in various degrees 
of order. 

Low field magnetic properties are notoriously inconsistent and difhcult 
to reproduce; hence, to reduce the possibility of obtaining spurious results, 
two rings of pure FeNi, were used for all room temperature measurements. 
In order to eliminate demagnetizing effects, all specimens were machined to 
the anchor ring form. After forging to a solid cylinder and homogenizing, 
the centre portion of the ingot was parted from the outside on a lathe. A 
specimen for (c, 7) measurements was turned from the centre and a ring 
approximately 2-9cm inside diameter, 3-6cm outside diameter and 1cm deep 
was turned from the outer portion. Ardron (1949) has investigated the effect 
of the dimensions of a ring on the low field magnetic properties and has found 
that if t/D<, where t is the width of the metal of the ring and D the ring 
diameter, then the error in the measurement of these properties is less than 1%. 
All the rings used conformed to this condition, and in order to obtain a large 
cross-sectional area of metal the rings were made as deep as possible. 

The conventional ballistic galvanometer method was used to measure the 
magnetic induction B produced by a field strength H in the specimen. ‘Tests 
were made to ensure the absence of interference from the earth’s and other 
stray magnetic fields. 

The heat treatment required to produce a high degree of order in the alloy 
was accurately known from the resistivity measurements, and this knowledge 
enabled the effect of ordering on the low field properties to be investigated. 

(B, H) measurements were made on the two rings of FeNi, after cooling 
at different rates. ‘The initial heat treatment for these rings was : (a) annealing 
at 1250°c for 24 hours and furnace cooling to room temperature, then (b) reheating 
to 625°c and baking at this temperature for 24 hours. ‘The specimens were 
first air-quenched from 625°c. ‘They were then wound with primary and 
secondary coils and, after demagnetizing the specimen by the rapid reversal 
of a steadily diminishing field, the virgin curve and complete hysteresis loop 
were plotted. From these curves values of the coercive force H, and the 
remanence B,,,, the initial permeability 4, and the maximum permeability 
max Were obtained in the usual manner. In order to ascertain that any changes 
produced were solely due to the formation of order, the rings were heated rapidly 
to 520°c and held at this temperature for 24 hours before being furnace cooled. 
The effect on the low field properties of this treatment, which is known to produce 
no appreciable order in the alloy, and of cooling at rates which produce different 
degrees of order are shown in a typical set of results given in table 4. 


Table 4. The Effect of Heat Treatment on the Low Field Magnetic 
Properties of FeNi, 


Heat treatment (1) (2) (3) (4) 

Ho 2270 1540 760 690 
flbivivsee 8810 6460 4250 3820 
H,, (oersted) 0-302 0-336 0-484 0-538 
Brem (gauss) 3570 3150 3150 3380 


Heat treatments: (1) quenched in air from 625°c, (2) 24 hrs at 520°c and furnace 
cooled, (3) cooled at 1:37°c per hour from 510°c, (4) cooled at 0:29°c per hour from 510°c. 
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Examination of the results shows that both initial and maximum 
permeabilities are considerably decreased by heat treatments which are conducive 
to the formation of order. The values obtained for the remanence are not 
conclusive. ‘lhe coercive force is definitely increased by the formation of order. 

The values of the permeability of the slowly cooled alloys are in good 
agreement with those of Elmen (1928) but, owing to the shape of specimen 
used, his exact heat treatments could not be repeated in the present work, and 
the values of permeability for the rapidly cooled alloys reported here are much 


’ smaller than those of Elmen. 


(ui) The Effect of Ordering on the Coercive Force at High Temperatures 
Bennett (1949), in a study of the effect of ordering on the magnetic properties 


of Fe, Al, found that, with low field measurements, the coercive force was the 


parameter most intimately connected with order—disorder changes. Measuremenis 
were therefore made on rings of FeNi, at elevated temperatures. High - 
temperature insulation was the chief problem of this investigation. A ring 
of FeNi, was fitted with alumina tube insulators, one inside and one outside 
the ring, on which were wound primary and secondary coils of asbestos-covered 
wire. Insulation difficulties encountered at high temperatures were overcome 
by previously heating the asbestos windings in air to burn off carbon compounds 
in the insulation. ‘The insulation was then very fragile and had to be handled 
with great care. The assembly was introduced into a large tubular vacuum 
furnace and cooled from 510°c to 400°c at 0-23°c per hour, a treatment known 
to produce an appreciable degree of order. 
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Fig. 7. Variation of coercive force with Fig. 8. Variation of saturation intensity of 
temperature, after cooling at magnetization o, with temperature for alloy 
0:23° c per hour for FeNi;. containing 75 atomic °4 nickel which had 


been cooled at (a) 0:23°c per hour and 
(b) 1:37° c per hour. 


The specimen was cooled to room temperature and measurements of the 
coercive force were made. Figure 7 shows the effect of heating the specimen 
up to the Curie temperature (600°C). Measurements were taken with the 
temperature increasing and decreasing, the temperature being held constant 
for about an hour before each reading in order that conditions should become 
steady. The curve for the ordered alloy may be seen to lie well above that for 
the disordered material. The fall in coercive force above 500°c, due to the 
destruction of the superlattice, is well marked, the value of H, being zero at the 
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Curie point (600°c). ‘To observe the effect of the formation of order on the 
coercive force, the ring was heated to about 490°c and maintained at this 
temperature for five days. The coercive force increased as expected. On 
quenching the same ring in water from above 600°c, a low value of the room 
temperature coercive force was obtained. On plotting this value in fig. 7 it 
appears that a certain amount of order was formed when the ring was cooled 
in the furnace. 
(iii) High Field Measurements 

The magnetic saturation intensity of a ferromagnetic alloy in the ordered 
state is different from that of the disordered alloy, and may be used, therefore, 
to examine the degree of order in such an alloy. Furthermore, the variation 
of the saturation intensity with temperature (the (o, 7) curve) will yield 
information on the state of order, will give a rough indication of the critical 
temperature, and will also enable the Curie temperature to be determined. 
Grabbe (1940) used single crystals of FeNi,; to examine the effect of order on 
the magnetic anisotropy and saturation intensity at room temperature. 
Smoluchowski (1951) has recently discussed the increase in saturation intensity 
on the formation of order from the statistical viewpoint. Sucksmith (1951) 
reported on work done in his laboratory in which (c, T) curves have been used 
to examine the degree of order in ferromagnetic alloys, viz. Fe; Al, Fe, Cr and 
FeNi,. 

Measurements of magnetic saturation intensity at high and low temperatures 
were made, using a ring balance of the type devised by Sucksmith (1939), who 
has described the principles of the method fully elsewhere. Measurements 
of saturation intensity o were made at various temperatures on an alloy 
containing 75 atomic % nickel, after the alloy had been subjected to heat treatments 
known, from resistivity measurements, to produce different degrees of order. 

Figure 8 shows the (c, T’) curves for this FeNi, alloy after previously cooling 
slowly from 510°c at (a) 0-23°c per hour and (6) 1:37°c per hour. The values 
of o for the alloy when cooled at the slower rate were greater than when cooled 
at 1:37°c per hour. ‘The destruction of the ordered state above 500°c is clearly 
exhibited by the rapid decrease ino. By heating above the Curie point (600°c) 
the alloy was disordered completely, and then by cooling at a rate too rapid for 
order to form, the disordered (co, T) curve was obtained. No matter what the 
previous history, the alloy always followed the same curve when cooled at this 
rate from the Curie temperature. That the alloy was in fact disordered by this 
treatment was confirmed by quenching a specimen in water from 700° c. 

Specimens of iron—nickel alloys containing from 45 to 85 atomic % nickel 
were annealed for 24 hours at 600°c to remove the effects of cold work, and 
then cooled slowly from 510°c to 400°c at 0-23°c per hour to produce an 
ordered structure. Complete (c, 7) curves were obtained for each of the alloys 
by the foregoing procedure. As all the alloys had identical heat treatments, 
the results were directly comparable. Measurements were made on the ordered 
alloys at temperatures from room temperature to above the Curie temperature, 
and then down to room temperature, the cooling rate being too rapid for an 
appreciable degree of order to form. Figure 9 is shown as an example of the 
curves obtained, the alloys containing 70 and 81 atomic % nickel respectively. 

The scatter of the individual points in all the (, T) curves was very small, 
indicating that the precision expected was attained. 
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It may be seen from figs. 8 and 9 that the difference in « between the ordered 
and disordered alloys increases as the temperature increases to about 500° Co, 
when disordering sets in. This is due solely to the fact that the ordered alloy 
has a higher Curie temperature than the disordered alloy and in no way implies 
that the degree of order is greater at these temperatures. When this difference 
in o at various temperatures is plotted against the composition the maximum 
difference occurs close to 75 atomic % nickel, the difference being zero for all 
alloys at 600°c, indicating that disordering is complete at this temperature. 


© Temperature Increasing 
@ Temperature Decreasing 


-200 0 200 400 600 
Temperature (°C) 


Fig. 9. Variation of saturation intensity of magnetization with temperature for alloys 
containing (a) 70 and (6) 81 atomic °% nickel, after previous cooling at 0-23°c per hour. 


The saturation intensity oj at the absolute zero and the Curie temperature 
are inherent fundamental properties of magnetic materials and are structure- 
sensitive on a macroscopic scale. In order to obtain a more accurate measure 
of o, for both the ordered and disordered states, o was plotted against T? and 
extrapolated to absolute zero. ‘The values obtained for ordered and disordered 
a, are listed in table 5. ‘The wide range over which order forms may be seen, 
the maximum effect occurring at 75 atomic °% nickel. It may be noted that even 
at 50% nickel there is a sign of order. This confirms the conclusions reached 
in the resistivity measurements. 

(iv) Calculation of Curie Temperature for Disordered and Ordered Alloys 


The Curie temperature may be defined as the temperature at which the 
intrinsic magnetization becomes zero. [or disordered alloys the Curie 
temperature was found by plotting o* against 7 and extrapolating to o?=0. 
The extrapolation was short and the value of 7 for which o? was zero gave the 
Curie temperature to within +2°c. 

The determination of the Curie temperature for the ordered state was not 
so simple since, with the iron—nickel alloys studied, disorder commences at 
about 500°c, one hundred degrees below the disordered Curie point. 
Extrapolation of the (o, T) curve was extremely inaccurate. In order to make 
the ordered and disordered curves more comparable a graph of the reduced 
magnetization o/c, was plotted against the absolute temperature. ‘l’he curve 
for the disordered alloy was plotted to the Curie point, whereas the ordered points 
could only be plotted to about 500°c. The extrapolation to o/o)=0 was still 
rather long and hence subject to considerable error. ‘The method finally 
adopted was to plot (c/o9)” against T°, the extrapolation in this case being much 
smaller, giving the ordered Curie temperature to within +5°c. 
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The Curie temperatures obtained in this manner are listed in table 5. | 
When plotted, the curve for the disordered alloy is in good agreement _ 
_ with previously published work. ‘There was, as expected, more scatter among 
the ordered points. However, the graph shows a definite maximum, indicating 
that the magnetic energy is considerably increased on the formation of the 
superlattice. The increase in the Curie temperature with ordering is to be 
expected on theoretical grounds. Bethe (1933) and Slater (1930) have related 
theoretically the energy of magnetization to the interatomic distance, assuming 
a constant diameter for the 3d shell in all ferromagnetics. A decrease in the 
atomic separation of FeNi,, again assuming a constant diameter for the 3d 
shell, implies a resultant increase in the energy of magnetization. ‘This energy 
is intimately connected with the Curie point of the alloy; hence by this reasoning 
the Curie point of ordered FeNi, should be at a higher temperature than that 
of the disordered alloy. 


Table 5. High Field Magnetic Properties of Iron—Nickel Alloys 


Saturation intensity op at 0°K Curie temperature (°c) 
Alloy composition Rapidly cooled Slowly cooled Rapidly cooled Slowly cooled 
(atomic °4 Ni) (disordered) (ordered) (disordered) (ordered) 
45 168-6 170-3 468 + 2 494+ 5 
50 160°5 162-1 520 543 
55 152-4 154-0 558 580 
60 143-6 144-7 592 616 
65 133-4 135-9 613 636 
68 128-6 131-7 616 668 
70 124-0 128-0 614 680 
TD, 120-0 124-6 608 696 
74 115°8 121-0 600 691 
75 113-4 118-8 598 681 
76 nS 116-0 589 654 - 
78 106-4 TO7E7 585 624 
80 101-9 102-9 577 599 
81 98-8 100-6 571 584 
85 90-2 91-0 543 543 


§ 6. EFFECT OF THE ADDITION OF FOREIGN ATOMS 
(1) Experimental 

The addition of a small percentage of a third element to iron—nickel alloys 
is known to influence considerably the physical properties of the alloy. The 
maximum effect of the order—disorder transformation occurs at FeNis, hence 
this composition was used as the base to which small percentages of other metals 
were added, i.e. the ratio of the number of nickel atoms to the number of iron 
atoms in the ternary alloy was maintained at 3:1. ‘The amount of the third 
element added was calculated in atomic %, to simplify any theoretical 
implications. ‘The measurement of (oc, 7) curves proved to be the most 
informative and also the most rapid method of examining the order—disorder 
phenomenon, and so was used to study the ternary alloys. 

The addition of up to 6 atomic % of aluminium has been shown (by X-ray 
technique) to assist the formation of the superlattice (Bradley and Taylor 1940). 
Molybdenum and copper have been added extensively in industry to iron—nickel 
alloys to form the molybdenum-permalloys, Mu-metal, etc. Manganese 
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is often added to commercial alloys as a deoxidizer and is of considerable scientific 
interest as it is the element which is responsible for the ferromagnetism of the 
Heusler alloys. 

After removal of the effects of cold work (by annealing for 24 hours at 
650°c) the alloys were obtained in the ordered state by cooling slowly from 
510°c to 400°c at 0-23°c per hour. The saturation intensity was measured 
at temperatures from room temperature to 650°c, a temperature at which the 
alloys were fully disordered. Measurements were then made as the temperature 
was reduced to room temperature and the (c, T) curve plotted for each alloy. 
From the (c, 7) curves of the aluminium additions it became apparent that the 
6% alloy was forming an ordered structure while being cooled in the balance 
furnace ; quenching from 650°c confirmed this. The values of ordered and 
disordered saturation intensity at room temperatures were plotted against the 
concentration of the added element (fig. 10). The curves for the aluminium 
additions show conclusively that this element assists the formation of order. 
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Fig. 10. Effect on o (at 17°c) of the addition of various elements to FeNi, for 
ordered and disordered alloys. 


Molybdenum and copper affect neither the rate of formation of order, as the 
values for the quenched alloys coincide with those for the alloys when cooled 
in the balance furnace, nor do they affect the degree of order obtained by a given 
heat treatment, since the difference in o between the ordered and disordered 
states is the same for all compositions. Molybdenum and copper both decreased 
the saturation intensity in the ordered and disordered states in a regular manner. 
With manganese, however, the effect was more complex. For the disordered 
alloy the addition of manganese had practically no effect on the value of o at 
room temperature, whereas, for the ordered alloy, a was increased. 

The values of the disordered Curie temperatures were calculated from the 
(c, T) curves and are plotted against the concentration of foreign atoms in figs lly 
together with the effect of adding iron and nickel to FeNis. 

The outstanding feature of this graph is that the addition of copper has 
practically no effect on the Curie temperature of FeNi;. Molybdenum and 
aluminium decrease the Curie temperature, molybdenum more than aluminium. 

Q-2 
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The aluminium alloy containing 6 atomic % aluminium was impossible to obtain 
in the disordered state by cooling in the furnace, hence the value obtained was 
greater than if it were completely disordered. ‘The behaviour of manganese 
is anomalous in that the addition of up to } atomic % increases the Curie 
temperature, whereas for additions greater than this the Curie temperature 
is decreased. 
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ordered FeNis. 


(ii) Electron Considerations 


The increase in the magnetic moment per atom on ordering, as shown by 
an increase in the saturation magnetic intensity, is indicative of an increase 
in the number of vacancies in the 3d shells, in the language of atomic structure, 
and thus possibly an increase in the number of free electrons available for 
conduction. ‘This latter effect is in keeping with the observed decrease in 
resistivity. 

An interesting theoretical point arises when the effect of the addition of 
copper, molybdenum, aluminium and manganese to the alloy FeNi, is 
considered. In certain schools of thought it is now accepted that ferromagnetism 
is due to an excess number of electron spins in a given direction in the 3d shell. 
There is, therefore, a number of vacant sites or ‘positive holes’ in this shell. 
These vacancies have been identified with the saturation magnetic moment 
in Bohr magnetons, 1.e. 0-6 per atom for nickel. 

Stoner (1933) and Mott (1935) have shown a strikingly simple correlation 
between experiment and theory when copper is added to nickel. Copper—nickel 
alloys form face-centred cubic structures for all compositions. The copper 
atom (atomic number 29) contains one more electron per atom than nickel 
(atomic number 28). Therefore, to a first approximation, if a nickel atom is 
replaced by a copper atom the lattice may be supposed to remain unaltered 
except that an extra electron is added. If it is assumed that these extra electrons 
enter the 3d nickel shell, the saturation moment per atom should be decreased 
until, with an alloy containing 60% copper, the 3d shell is full; then the saturation 
moment should be zero. Figure 12 shows thac this is confirmed experimentally. 
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The effect on the magnetic moment of the addition of other metals to nickel 
is included in the figure. 

It may be seen from the figure that, for alloys in the region FeNi;, the 
contribution of iron to the atomic moment may be taken as 2-62 Bohr magnetons 
(the atomic moment of pure iron is 2:2). 

If we assume that the iron and nickel atoms act as a single unit, then the 
atomic moment of FeNi; may be calculated from the moments of iron (2-62) 
and of nickel (0-6) thus: magnetic moment of FeNi, =) =+ [3 x 0-6 + 2-62] =1-11. 
‘This result is confirmed by the value of o, determined by the experiments described 
earlier in this paper. 

Now, treating FeNi, as a single unit and considering the addition of copper 
in the same way as in the case of the addition of copper to nickel referred to above, 
the expected reduction in the saturation intensity does not agree with that obtained 
experimentally. 

The work of Sadron (1932a, 1932b) and Fallot (1938) on the addition of 
various elements to iron shows that the effect of such additions is one of pure 
dilution for small percentages of the solute. The magnetic moment of the 
nickel atom, however, decreases immediately a foreign atom is added to it. 
Having shown, therefore, that when a foreign atom is added to the alloy FeNis, 
the effect is not one of simple dilution—it is tentatively suggested that the iron 
and nickel atoms act independently. ‘That is, the spare electrons of the added 
atoms enter the 0-6 vacancies of the 3d shell in the nickel atoms only, the effect 
with the iron atoms being simple dilution. Thus, consider an alloy of 
FeNi,+100x atomic % copper. If the total number of atoms present is 1, 
then nx will be copper (each with 1 spare electron), 3(1—«)/4 will be nickel 
(each with 0-6 vacancies) and n(1—.x)/4 will be iron (each with 2-62 vacancies). 

If } is the saturation moment per atom in Bohr magnetons, then, assuming 
the spare copper electrons enter the nickel atoms only : 


for the nickel atoms 6y;=[0-6 x 3m (1—x)/4—nx]/3n (1—x)/4,_ ...... (1) 
forthe iron atoms 6b, =2-62 (effectively), 


for the copper atoms dq, =0. 
Hence for disordered FeNi, + 100x atomic % copper 
b=[3n (1—x) by, +n(1—2) bp, + 4n x bgyl/4n, 
which in our case reduces to 
D=(3n (l— x) Ome nda) 20240. otis e (2) 
From eqns. (1) and (2) it is possible to calculate the saturation intensity for the 
alloys of pure FeNi, containing increasing amounts of copper. 

In the case of pure FeNi, the saturation intensity at room temperature is 
increased by a factor 1-055 on ordering by cooling at 0-23°c per hour (see 
fig. 8). Hence, to a first approximation, the theoretical values of 6’ for the ordered 
ternary alloys may be obtained from the corresponding values of 6 for the 
disordered alloys by multiplying by this factor. 

The theoretical curves for ordered and disordered material, drawn in 
fig. 10(a), together with the experimental points, indicate that the assumptions 
made were fully justified. Theoretically o9, the value at absolute zero, should 
have been used for this calculation, but the room temperature value differs only 
slightly from o, and can be more accurately measured. 
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It has been suggested that the six outermost electrons of molybdenum enter 
the 3d sub-shell of nickel when molybdenum is added to pure nickel (Wohlfarth 
1949). Thus molybdenum is six times more effective than copper in reducing 
the saturation intensity of nickel. By a similar calculation good agreement with 
experiment was again obtained (fig. 10 (c)). 

The aluminium atom has three spare electrons per atom. The theoretical 
curves for these additions (fig. 10 (d)) agree with experiment only for very dilute 
solutions of aluminium. With the addition of aluminium to pure nickel (fig. 12) 
the experimental curve deviates from the theoretical in a similar manner. ‘This, 
it is suggested, is due to the formation of an ordered structure of the type Ni,Al as, 
from the work described in this paper, the formation of order increases o. 

The behaviour of manganese is not so simple. Néel (1940) has shown that 
the algebraic increase in the number of Bohr magnetons, when one atom of nickel 
is replaced by one atom of manganese, is +2-4 for small concentrations of the 
solute. ‘Thus the addition of manganese to FeNig should theoretically increase o 
as shown in fig. 10 (6). The agreement with the ordered alloys is reasonable, _ 
but for the disordered alloys the saturation intensity is unchanged by the addition 
of manganese in contradiction to theory. The strange behaviour of manganese, 
which has such a complex structure, has caused considerable interest in the past 


(e.g. Guillaud 1944). 


§ 7. GENERAL CONCLUSIONS 

From the evidence presented there can now be little doubt that an ordered 
state exists for a wide range of iron—nickel alloys. It has been shown that, from 
measurements of the resistivity, lattice parameter, saturation intensity of 
magnetization and Curie temperature, on alloys ranging from 45-85 atomic % 
nickel the largest difference in the value of these properties for different heat 
treatments occurs at 75 atomic °% nickel. ‘The occurrence of this maximum 
effect in such simple stoichiometric proportions is in agreement with the atomic 
ratio at which other superlattices are found. 

The theory of order—disorder phenomena (Bragg and Williams 1934, 1935 a, 
1935 b, Nix and Shockley 1938, etc.) for face-centred cubic superlattices with 
a 3:1 atomic ratio has been based mainly on experimental data obtained from a 
large number of investigations of alloys of the type AuCu, in which a superlattice 
readily forms. For example, theory predicts, for an alloy of this type, a sudden 
decrease in the resistivity just below the critical temperature, a phenomenon 
well exhibited by AuCu,. For FeNi,, however, a similar face-centred cubic 
superlattice is produced, but such a sudden decrease below the critical temperature 
is not observed. ‘This, it may be argued, is not necessarily indicative of the theory 
being inadequate, but rather that, the transformation being extremely sluggish, 
the times necessary to note this decrease become impractically long. 

It is surprising that the range of composition over which the order—disorder 
transformation appears to take place is so wide. Definite’evidence has been 
obtained that the ordered structure extends over a range from 65 to 81 atomic %, 
with the tentative suggestion that it may extend even to compositions as low as 
45% nickel. As far as is known at present no alloy system has such a wide range 
of composition, presumably with the same structure, over which order may 
exist. If there is indeed an ordered structure at 50% nickel it is difficult to see 
how it can still take the face-centred cubic form, but no evidence has yet been 
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advanced of any other structure at that composition in the single phase. The 
change in lattice parameter with composition does not indicate a mixed phase 
region. On the other hand, Owen and Liu (1949) have produced evidence to 
support the claim that the mixed (« +) phase extends to about 60 atomic °% nickel. 
It has been suggested in §3 that the resistivity curve indicated the possibility of 
the development of another phase. _ If this is so it would account for the decrease 
in the lattice parameter on prolonged annealing, but it would not explain the 
decrease over the range of composition obtained in this work. An attempt is 
being made to investigate this region further. 

Hoselitz (1944) has produced evidence to suggest an ordered structure at 
25 atomic % nickel, but any confirmatory investigation must be difficult because 
of the presence of the «-phase. 

The X-ray (or neutron) diffraction technique is the only positive method of 
proving the existence of a superlattice. In the case of the iron—nickel alloys, 
however, the method is considerably handicapped by the similarity in scattering 
factors of the constituent atoms. This is true also of neutron beam scattering. 
The change in cell dimensions resulting from the development of order is small, 
and thus the x-ray technique is severely limited when applied to an examination 
of the order—disorder transformation in these alloys. ‘The measurement of 
electrical resistivity and the examination of the magnetic properties are more 
satisfactory parameters with which to follow the transformation. 

The initial permeability 4, and coercive force H, are structure sensitive 
properties of magnetic materials, i.e. they may change in value by large amounts 
as a result of small changes in the heat treatment. On the basis of the modern 
theory of magnetic domains an increase in the internal stress of a metal causes 
an increase in H, and a decrease in p49. One would expect that, on the formation 
of order, internal stresses on an atomic scale would decrease, which suggests 
that H, would also decrease on ordering. ‘This, however, is contrary to 
experimental evidence. Sucksmith has suggested that the reason for this may 
lie in the formation of antiphase nuclei, i.e. small islands of ordered material 
in a matrix of disordered material. ‘The boundaries between ordered and 
disordered material will be regions ‘of relatively high energy and sources of 
internal strain. Experimental evidence of these antiphase nuclei has been 
suggested by the diffuse nature of the x-ray diffraction lines of the superlattice, 
even after extremely slow cooling. 

It has been shown that the order-disorder transformation does not bring 
about an increase in the permeability of iron—nickel alloys, and it is unlikely that 
any appreciable degree of order will be formed in commercial alloys when given 
the usual heat treatments, as has frequently been suggested in the literature. 
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Abstract. ‘The paper gives an account of some experiments in which water was. 
supercooled and frozen in glass. Elaborate precautions, which were taken to 
eliminate possible effects due to the colloidal matter of the atmosphere, permitted 
the study of freezing in an unusually simple environment. Comparison with 
the behaviour of water frozen in contact with the atmosphere allows some 
assessment of the significance of airborne contamination. The results, including 
those of some incidental experiments on the nucleating abilities of graphite, dust 
and the abrasion of glass on glass, are considered in relation to theory. It is 
found that the use of glass for the retaining surface precludes the study of 
spontaneous nucleation in the bulk of the water. 


$1. INTRODUCTION 


N the great majority of cases, when the independent variables of a thermo- 
dynamic system are varied so that a boundary line in the phase diagram is 
crossed, no new phase at first appears but a metastable state results. The 

metastable state can be destroyed by certain nucleation processes which, except 
perhaps in the case of condensation of a pure vapour, are not well understood. 
The supercooling of water provides an important example which has largely 
resisted the efforts of both theoretical and experimental investigators for more 
than half a century. Reliable data concerning the nucleation of ice in super- 
cooled water may be expected to have considerable significance for meteorology 
as well as for our knowledge of the structure of matter which must be intimately 
involved in the theoretical interpretation. 


§ 2. Previous EXPERIMENTAL WORK 


The literature on the properties of supercooled water is extensive, having 
expanded considerably both during and since the war. However, the various 
conclusions which have been put forward are by no means unequivocal and do 
not admit of being paraphrased in a few words. For present purposes attention 
may be confined to experiments in which glass vessels were used, except to 
remark that the threshold temperature below which self-nucleation in the body 
of the liquid would become easily observable can hardly lie above —40°c (Sander 
and Damkohler 1943, Fournier d’Albe 1948). An extensive bibliography has 
been given by Dorsey (1948). 

The freezing of supercooled water in glass has been ably investigated by 
Tammann and Buchner (1935) and Meyer and Pfaff (1935). ‘Tammann and 
Buchner found that freezing temperatures were frequently characteristic of the 
specimen and that freezing often began from the same region of the tube. From 
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the different behaviour of different specimens they inferred the presence of 
foreign nucleating matter. 

Meyer and Pfaff focused their attention on the freezing nuclei. They found 
that considerably lower temperatures could be produced by filtering, the lowest 
obtained being —33°c. By repeated vacuum distillation without ebullition, in 
glass apparatus which had been ‘steamed out and carefully cleaned’, they 
obtained samples of successively higher purity which froze in different ways. 
They attributed the freezing in their best samples to rough crystalline places on 
the glass surface. Among numerous other investigations the extensive work of 
Dorsey (1948) may be mentioned. 

The results obtained by these workers include no quantitative data of general 
significance, which epitomizes the character of the literature generally. ‘The 
outstanding need is for reproducible data, even if these are fundamentally 
statistical or relate to secondary effects. Record low freezing temperatures are 
interesting but of little value unless reproducible. 

With the exception of various expansion chamber experiments not explicitly 
mentioned above, all the freezing experiments hitherto reported have allowed 
contamination by the suspended matter of the atmosphere. This is less obviously 
true of experiments such as those of Meyer and Pfaff, who made use of repeated 
vacuum distillation; but, however well puritied the water may be, if the wall of 
the vessel in which it is contained has been exposed to the atmosphere then the 
contamination is present. As is easily demonstrated with a simple expansion 
chamber, the atmosphere commonly contains thousands of condensation nuclei 
per cubic centimetre, and under laboratory conditions sometimes much larger 
numbers. he nature of these, and their number, depends on the environment. 
Even allowing that many of them are soluble, the possibility cannot be ignored 
that a considerable number may be capable of nucleating the freezing process, 

at least at some temperature before self-nucleation sets in. Chemical cleaning of 

the apparatus following conventional technique will not suffice, for, as the 
chemicals are poured out, the atmosphere again enters, and its entrained particles 
diffuse to the walls, where they adhere. The principal object of the experiments 
described below was to determine whether this atmospheric contamination was 
the limiting factor in supercooling water in glass. 


§3. "THEORETICAL 

The formation of crystal embryos in a supercooled melt is essentially a 
temperature activated rate process. In the formation of a crystal by the chance 
aggregation of molecules the free energy of the system passes through a maximum. 
If the liquid remains homogeneous this corresponds to that size of crystal embryo 
which is in unstable equilibrium with the melt. If the equilibrium embryo is 
treated as a sphere, then, assuming that the molecular Helmholtz free energy 
and the molecular volume are the same inside the embryo as in a macroscopic 
crystal and with no further assumption, it is easily shown, by minimizing the 
thermodynamic potential, that the condition for equilibrium is 


2VV x 
bp—ba= = + P(o.—%p) Mien: 


where wg and +, are respectively the molecular Helmholtz free energies of water 
and ice, vg and wv, are the respective molecular volumes, 7 is the radius of the 
embryo, y is the interfacial free energy and P is the pressure in the liquid. 
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‘The term in (1) which represents the work done by the pressure is quite 
negligible for ordinary pressures. When this is dropped and the difference of 
the free energies is replaced by its expansion in terms of 57' at constant pressure, 
oT being the deviation of the temperature from the macroscopic melting point, 
the result is 

Ean 1 (Cg, m— On m) 2YVq 
Ee pe eaed Tae RL) es en (2) 

where L,, is the latent heat, Cg , and C,,, are respectively the specific heats of 
water and ice and where the subscript m denotes the melting point. This equation 
differs from the well-known result of J. J. Thomson (1888) in possessing the 
term in (67). For water the latter term is 13° of the first-order term when 
5T=—40°c. A close numerical agreement between experimental results and 
Thomson’s equation, as obtained by Lafargue (1950), thus appears to be fortuitous, 
the effect of omitting the second-order term presumably being cancelled by 
errors in the estimated values of y and r. 

The remarkable agreement between the Becker—Déring theory of vapour 
nucleation (1935) and the experimental results of Volmer and Flood (1934) 
has shown that it is not seriously incorrect to use the macroscopic surface tension 
of water for a droplet containing only about 80 molecules. However, in the theory 
of freezing somewhat smaller aggregates are in question and some reservation 
must be made on this point. Nevertheless the theory must not be discarded 
simply on account of this doubt, which has been greatly laboured in the literature. 

No complete kinetic calculation has been given for the crystallization process 
on the basis of any model. A theory has been given by Frenkel (1932) which is 
based on the quasi-thermodynamic treatment of vapour condensation due to 
Volmer and Weber (1926). ‘The latter workers argued, on the basis of Einstein’s 
fluctuation theory (1910), that the probability per cm? per second that a droplet 
will form in a supersaturated vapour is given by 


Src exp (Aled) ) a ay Se eee (3) 


where AF, is the work of formation of the droplet of equilibrium size, R is 
Boltzmann’s constant, 7 is the absolute temperature and c is a constant. ‘The 
use of this equation for the crystallization process is vitiated by the existence 
of considerable viscous resistance to the free supply of molecules at the surface 
of the embryo, a complication which presents a formidable obstacle to the 
production of a true kinetic theory. Frenkel, noting that the pre-exponential 
constant in (3) contained as a factor the number of molecules available at the 
interface for addition to the crystal, suggested that the viscosity effect was taken 
into account if only molecules in an activated state were counted. He accordingly 
replaced C by C’exp(— U/kT), where U is the activation energy for viscous 
flow and C’ is a new constant. His theory is thus summarized by the equation 
FaC exp —(OF4arryisyh aaa (4) 
where AF, has been replaced by the value 47r*y/3 which, by means of a very 
general argument, it is easily shown to possess. 

The interfacial free energy y is beyond present experimental techniques to 
measure, and for present purposes may be estimated following Volmer’s 
suggestion (1939, p. 181), the assumption being that it bears the same ratio to 
the surface tension of water as the latent heat of fusion does to the latent heat 
of vaporization of water, A value of 10-5 erg/cm? is obtained in this way. 
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A curve of log J/C’ plotted against 5T for water, with y = 10, is given in fig. 1. 
A theory put forward by Turnbull and Fisher (1949), which is based on the usual 
method of calculating absolute reaction rates, gives for C’ a value of roughly 10°°. 
With the value of y adopted here, this figure would preclude the possibility of 
supercooling water more than a few degrees, so that either the factor obtained 
from their theory is much too large or the adopted value of y is substantially 
too low. The other curves in the figure arise from the following considerations. 

The nucleation of a supercooled liquid by foreign crystals is highly specific; 
ice nucleates water at a temperature very close to 0°c but no other substance is 
known which causes nucleation at a temperature higher than —5°c. Silver 
iodide, which is pseudomorphic with ice, is effective for temperatures below 
about —7°c. It is not a priori obvious that an ice crystal should nucleate super- 
cooled water easily; indeed if the crystal were perfect it almost certainly would not 
(Frank 1949). Thus imperfection of the crystal surface is involved. It is very 
reasonable to expect that when a foreign crystal, especially a pseudomorphic 
crystal, is introduced into a supercooled liquid and causes nucleation, its surface 
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imperfections play an analogous role. ‘Thinking in terms of a spherical model, 
it is easy to see that whereas ice must ‘wet’ ice, the specificity of nucleation 
catalysis implies that ice does not ‘wet’ foreign crystals, but rather that the 
angle of contact is in general large. It is easy to show that when the contact 
angle is }7 the free energies of formation of equilibrium embryos on a perfect 
plane at the rectangular intersection of two planes and in a rectangular corner 
are 3AM), ;AMy and {AF respectively. Corresponding curves of logJ//C’ have 
been given in fig. 1. ‘These sites represent typical defects of a crystal surface. 
When the equivalent contact angle is less than 54°48’ nucleation in a rectangular 
corner requires no supercooling unless a linear free energy of the boundary line 
is invoked. Likewise at the rectangular intersection of two planes no supercooling 
is required when the equivalent contact angle is less than }7. 


$4. EXPERIMENTAL 


The principal piece of apparatus used is shown diagrammatically in fig. 2. 
An oxygen stream, which was provided by evaporation of liquid oxygen from 
the Dewar vessel D, and which passed through triply distilled water W and 
then through a long sintered-glass filter F, flowed through the apparatus 
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throughout an experiment. This gas stream was tested for condensation nuclei 
using a small expansion chamber, and found to contain none. 

After being filtered, the gas passed over triply distilled water in the glass 
unit M, which was termed the ‘maze’. No bubbling or gas bubble formation 
was allowed to occur in this. At the appropriate time the temperature of the 
maze could be raised slowly to 70-80°c to increase the water-vapour content of 
the gas stream so that liquid water could be condensed out from the gas in the 
reservoir R, which was temporarily provided with a cold jacket for the purpose. 
The glass tube bearing the oxygen and the reservoir had three appendages. ‘The 
first consisted of the tube G, the two-way tap T, which was lubricated only with 
distilled water, and the flask V, and was associated with acid and steam cleaning 
of the reservoir and of the tubes S and E. The latter tubes, which were the 
other two appendages, provided either alternative or simultaneous escapes to 
the outside atmosphere for the oxygen stream, and tube S was the actual sample 
tube in which water was condensed and cooled. The cleaning operations, which 
involved raising the sample tube to a temperature above its softening point 
while the oxygen flowed through it, were carried out as follows. 

Beginning with the glass tube G terminating in an open end at P, and with 
the branch 5 sealed off at P,, the reservoir was filled through G to the level of 
the dotted line with the desired cleaning acid; both pure nitric acid and chromic 
acid were tried. ‘The glass connection was made at P;. The oxygen then being 
allowed to flow, the glass between P, and P, was strongly fired while the gas 
was temporarily allowed to discharge through both H and E and the tap T was 
then closed. ‘The flask, containing doubly distilled water, was fitted at the 
cone-and-socket joint C which, with the tap I’, was sealed with distilled water. 
The acid was then heated with a hand torch, objectionable fumes being removed 
at P, by means of a water-pump aspirator. ‘The oxygen stream prevented any 
acid vapour passing back to or beyond the point P;. The water in the flask V 
having meanwhile been brought to the boiling point, the tube H was flushed out 
to the atmosphere with steam through the tap 'T and the stream then turned 
into the reservoir. A strong flow of steam was allowed to develop. ‘The seal 
at P; was broken with the aid of a glass knife and forceps and the hot acid allowed 
to discharge from a short distance into a large volume of cold water. ‘The steam 
was then allowed to issue for about half an hour from both (similar) jets P; and P,. 
At the end of this time it was diverted to the atmosphere by tap 'T. For convenience 
the glass tube G was usually drawn off between P, and P,, using no more heat than 
necessary. The oxygen was then discharging quietly from the jets P3 and P,. 

The next stage in the cleaning was to heat the glass tube to a temperature 
above its softening temperature, either with a small tubular furnace or with a 
hand torch. The tubular furnace was used when the tube 5 was straight as 
shown in fig. 2 and hand-torching when the S-shaped tube shown in fig. 3 was 
used. 

When the straight tube was used with the concentric tubular furnace, the 
gas issuing from P, was continuously sampled with a specially developed technique 
and tested with a small expansion chamber. Until heating was begun, the issuing 
gas always remained entirely free of condensation nuclei. Shortly after the 
commencement of heating, large numbers of nuclet were observed to form water 
drops in the expansion chamber. As the temperature reached about 400°c the 
number of nuclei had become so great that the fogs produced were much finer 
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than the finest which are capable of giving coloured rings of the type described 
by Wilson (1897). 

At 600°c the number of nuclei was decreasing very rapidly, and at 700°c 
was zero. Indeed, when the temperature had been held at 700°c for about 
half an hour not a single condensation nucleus could be detected in the issuing 
oxygen stream. Also it was found that if heating were carried to, say, 600°C 
and many nuclei were still being obtained, and if the temperature were then 
immediately lowered to 550°c, the number of nuclei in the oxygen dropped 
practically to zero. Further, once the tube had been maintained at 700°c for 
some minutes any further increase in temperature up to 770°C gave rise to very 
few condensation nuclei. At higher temperatures than 770°c the tube elongated 
appreciably under its own weight. 
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Just what it is that is removed from glass by this treatment it is very difficult 
to say. Presumably the condensation nuclei represent residual contamination 
not removed by the acid and steam treatments (perhaps traces of very insoluble 
oxides or salts), materials which are strongly adsorbed and perhaps even the more 
volatile constituents of the glass itself. However, the elimination of the effect 
at roughly 700°c (for several minutes heating) strongly suggests that the nuclei 
do arise from surface matter and not from the glass, and that this matter is properly 
removed, probably both by evaporation and by solution in the glass. If the 
contamination were regarded as having a whole ‘ continuous spectrum’ of vapour 
pressures then the solution theory would be very probable since the elimination 
of the effect coincides with the onset of obvious plasticity of the glass. The 
tube S was heated until condensation nuclei no longer occurred for each 
of three overlapping positions of the furnace. Only the length of glass covered 
in the central position was utilized in the preparation of samples. 

When the S-shaped tube was employed it was heated by hand-torching to 
as high a temperature as practicable, and with the above results in mind. In this 
case a still further cleaning operation was carried out. The tip at P, was sealed 
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by touching it with an oxy-gas flame (the glass would seal completely against 
the oxygen-flow pressure by surface tension contraction) and water was then 
condensed quietly into the U-section of the S-tube by raising the temperature 
of the maze and cooling the reservoir, the oxygen issuing at P,. Then, on breaking 
the tip at P, with forceps, as before, the water was blown out by the gas; the 
S-tube could be washed out with extremely clean water several times in this 
way. ‘The cleaning was then regarded as completed. 

The samples to be cooled were condensed into the straight tube after it had 
been sealed off at the point P, or into the U-section of the S-tube after its tip P, 
had been sealed by surface tension contraction as mentioned above. The 
condensation process was observable only by the gradual accumulation of water 
in the sample tube, no bubbles forming in the maze and actual condensation 
occurring in the reservoir in an invisible surface film. 

In the earlier experiments an additional branch tube joining the main tube 
at P, (not shown in fig. 1) was connected through a glass tap and a liquid-air trap 
to a rotary vacuum pump. ‘The tap was lubricated with: Apiezon grease L. 
Other differences of a purely geometrical character existed. The procedure 
involved the additional steps in the early stages of heating strongly a further 
sealing-off point and of flushing out the vacuum branch with clean gas. The 
general procedure was equivalent to that described above up to the stage where 
the water sample was obtained. Then, sealing off at P, and at a point equivalent 
to P,, the pump was used to exhaust the oxygen and a length of the tube S$ 
containing the sample could be drawn off. Successive condensations could then 
be performed and further lengths, containing samples, taken off the tube S. 

Cooling experiments were also performed with water distilled directly into 
open tubes, no attempt being made to exclude the atmosphere. Six tubes of 
Hysil glass about 1 cm in diameter and 10 cm long, with one end sealed test-tube 
fashion, were prepared. ‘These were cleaned with hot chromic acid and rinsed 
out several times with boiling doubly distilled water taken direct from a glass 
still. ‘They were then filled with cooler water directly from the still. 

All samples were cooled in the special Dewar vessel shown diagrammatically 
in fig. 4. Cooling was produced by the expansion of carbon dioxide gas from 
cylinder pressure to atmospheric pressure at a valve in the Dewar vessel, the 
expanded gas being allowed to pass through several turns of copper tube immersed 
in the alcohol medium. ‘The alcohol was stirred briskly by bubbling nitrogen 
through it. The temperature was indicated by two toluene thermometers the 
errors of which were determined at 0°c, appropriate corrections being applied 
throughout the observations. Standard rates of cooling of 1 and 2 centigrade 
degrees per minute were used. Any lag error, which must in any case have been 
small, was consequently of no significance for relevant temperature comparisons. 
Because of the rapidity with which the observations had to be taken, when the 
consistency of the thermometers had been established by experience only one 
was used. 

§5. RESULTS 


The results showed clearly that the freezing process was governed by the 
glass surface. The following observations, which have some interesting features, 
are representative. 

The freezing could occur successively for the same sample tube at a temperature 
which was almost constant or at temperatures which lay in a range and which were 
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apparently governed by a probability distribution curve. ‘These cases are 
illustrated by the behaviour of two samples which were drawn off after being 
evacuated of oxygen. The tubes were about 15 cm long and 1 cm in diameter and 
were almost half filled. One of these froze successively at the temperatures 
(taken to the nearest half degree) —12-4, —12-4, —11-9, —12-4, —11-4, —11-4 
and —11:9°c. It was then inverted and froze at — 7:9, —7-9 and —7-9°c to the 
nearest tenth of a degree. The other sample was frozen fifteen times and froze 
at temperatures ranging from —13-9 to —20-4°c in such a way as to suggest a 
probability distribution curve of the form shown in figure 5. ‘The lowest temper- 
ature reached in the experiments was —30+1°c, obtained twice with a sample 
produced in this way. The freezing temperature of this sample had lapsed on the 
following day to — 21-4 +0-5°c and again the next day to —13-4+0-5°c. — Lapse 
of freezing temperature in this direction was the rule, but the effect was generally 
much smaller than this. Heating an enclosed sample by immersion in boiling 
water did not lower its freezing temperature. 

Experiments with the S-shaped sample tubes showed that, when the sample of 
water was blown out by the oxygen and replaced by a further distillation, the 
freezing temperature and the site of nucleation were unaffected. ‘The means of 
determining the nucleation site is described below (nucleation sites could not be 
ascertained for the furnace-heated tubes because colloidal graphite and asbestos 
which had been used to prevent welding of the softened glass to the furnace tube 
imparted an etched appearance to the tube). The following history of an S-tube 
shows a remarkably reproducible performance and also suggests that quite strong 
heating of the emptied tube does not necessarily damage the nucleation centre. 

An S-shaped tube approximately 1 cm in diameter was cleaned as detailed above 
with acid, steam and firing, and when the tip had been sealed a few cubic centimetres 
of water were condensed into it from the oxygen stream. ‘The first day freezing 
occurred from an observed point, which may be designated X, at temperatures 
—10-:0+0-5°c and —10-5+0-5°c. The second day freezing occurred at 
— 11-0 +0-5°c from the point X, and on the fourth day a value — 11-5 +0-5°c was 
recorded, freezing again beginning at X. (A sample could be kept in an S-tube 
for any period without contamination simply by sealing the tip of E at P, and then 
opening the vessel W to the atmosphere at the nipple N. ‘The oxygen stream could 
be restarted by closing N and then opening P, when a sufficient pressure of oxygen 
had developed.) ‘This sample of water was then blown out with the oxygen and a 
further sample condensed as before. On the same day (fourth day) freezing 
temperatures — 8:8, —9-0, —8-7, —8-4and — 8-4°c were obtained for this sample, 
freezing beginning at the point X within a few millimetres. On the fifth day this 
same sample gave freezing temperatures — 8-5, — 8-5 and —8-5°c, again freezing 
from the point X each time. It was refilled the same day, freezing temperatures 
— 8-2, —8-4 and —8-4°c being obtained, the nucleation site being X. 

The water sample was blown out and the glass was heated to incandescence in a 
small region on the opposite limb of the U-section to that bearing the point X. 
The tube was refilled and freezing temperatures — 8-2, —8-2 and —8-0°c were 
recorded, freezing beginning from X. ‘The tube was again emptied and the 
neighbourhood of thh point X itself was heated to incandescence (probably about 
1000°c). It was refilled and freezing temperatures —9-7 and —10-2°c were 
obtained. However, freezing began at a point close to X, within the heated region, 
but not coincident with X. A further freeze gave a temperature of —11-0°c and 
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indicated the original point X. The following day (sixth), the same sample gave 
— 11-2°c, the site of nucleation not being very clear. The tube was emptied in the 
usual way. It was fired to a red heat generally, and particularly strongly in the 
neighbourhood of the active region. Freezing was then obtained at —8-5 and 
—9-5°c from an entirely new point on the opposite limb. 

Experiments performed with the open tubes showed similar phenomena 
with somewhat less reproducibility. The nucleation sites, however, were more 
clearly evident than with the S-tubes. The freezing temperatures for tubes 
which had been numbered I, III and V are given in table 1. The asterisk 


Table 1. Freezing Temperatures (in °c) obtained with Open Tubes I, III, V 


I —16:0 —15:5 —15:2 —15:2 —15-2* —15-2,24” —14-8*,24” —14-9*, 24” 
eee 14-2 — 13-8. —14-7 .—13-0 —14-0*, 12” —12-8,44” —13-8* 44” —12-7*, 147 
Vo—17°5 17-6 16°8 16-9 16-5*,3” —17-2*, top —17:2*,2” —16-6,2” 

* Before taking observations marked with an asterisk the tubes were rinsed several times 
and refilled. 

The distances, in inches, represent the positions of the observed nucleation sites relative 
to the bottoms of the tubes. 


indicates those observations immediately before which the tubes were rinsed 
out several times (from the still) and refilled. The dimensions, in inches, are the 
distances from the bottoms of the tubes of the points at which freezing began. 
These points could not be ascertained simply by watching the freezing occur, 
since the rate of propagation along the tube of the skeleton of crystals, dis- 
tinguishable by the opalescent appearance, was roughly 10 cm/sec. However, 
they were usually discernible from the texture of the skeleton of crystals. ‘This 
crystal mass consisted of a large number of needle-like dendritic crystals. In 
the neighbourhood of the nucleation site the crystals were directed radially away 
from a central point in a relatively conspicuous manner. Otherwise, where the 
crystals were dense, they appeared to be arranged in a more or less regular way. 
Where they were more sparse, such as in the neighbourhood which had corres- 
ponded to the level of the alcohol in the cooling vessel, they were observed to 
have formed by branching into beautiful fern-like sheets. ‘These ice ferns, or 
at least portions of them, were accurately plane, for a specular reflection could 
be obtained from the whole of a ‘fern leaf’ at the same sharply defined angle. 
The symmetry of the branching showed that the hexagonal axis was perpendicular 
to the plane of the ‘leaf’. The impression usually gained when the crystal mass 
spread suddenly and rapidly from the nucleation point was that of spiral or 
rather helical motion along the sample tube. A simple calculation shows that, 
for the freezing temperatures involved here, the immediate product is pre- 
dominantly water interspersed with a smaller quantity of ice. ‘The temperature 
in the tube rises immediately to 0°c and a solid layer of ice begins to grow slowly 
inward from the surface of the glass tube. When freezing was completed an 
obvious fissure usually remained along the tube axis, sometimes showing 
interference colours. The thawing of the ice was then accompanied by a 
considerable danger of cracking the tube. Consequently freezing was seldom 
allowed to go far beyond the initial stage of the ice skeleton. 

Advantage was taken of these six tubes to observe the nucleating ability of 
colloidal graphite, claimed by Smith-Johannsen (1948) to be effective at 
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approximately —7°c, and of other forms of carbon. The temperature limit _ 


below which freezing could be initiated by scratching the insides of the glass 
tubes with a clean (Hysil) glass rod was also determined. 

A little Aquadag was washed in distilled water by sedimentation and a 
suspension in distilled water, opaque at a thickness of one to two centimetres, 
was formed. When freezing temperatures had been recorded for clean water 
in the six tubes, one drop of suspension was added to each and the freezing 
temperatures again taken. The results are shown in table 2(a). In each case 


Table 2 
(a) The Effect of Aquadag 
Tube No. I II Ill IV Vv VI 
Clean water (°c) —146 —19:°0 —12:0 —201 —15:5 —20-1 
Clean water with Aquadag (°c) —12:°5 —11:9 —11-8 <—10 —11-4 —10-0 
(6) The Effect of Abrasion (Glass on Glass) 
Tube No. I II III IV Vv VI 
With abrasion (°c) —2°5 —2°5 —2-2 — —3-0 —2°5 
Without abrasion (°c) —12°5 —11-8 —12-2 — —9°-3 —9-1 
(c) The Effect of Dust 
Tube No. 1 2 
Clean water (° c) —10:2 —18-6 
Clean water with dust (°c) —5°5 —6:3 
4, a a —5-3 —5°5 
—5-3 —5-1 
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the freezing temperature was raised, the mean freezing temperatures being 
approximately —11-0°c. ‘The figure given by Smith-Johannsen, which might 
have been of some meteorological importance, is thus not of general significance. 
Experiments with soot taken from a naphthalene flame and with charcoal prepared 
by firing a small quantity of sugar to a red heat, which were performed in other 
tubes, showed that these forms of carbon were no more effective in nucleating 
freezing. ‘The glass tubes, still containing the water to which graphite had been 
added (this had settled at the bottom), were each cooled again, the interior surfaces 
being rubbed at intervals of a few tenths of a degree with a clean glass rod. 

The samples were then frozen again without rubbing. ‘The results, given 
in table 2(b), show that rubbing gave rise to nucleation at a temperature of 
approximately —2-5°c, and that after this treatment the initial freezing tem- 
peratures (i.e. the final temperatures of 2(a)) were approximately reproduced. 

‘Two tubes were cleaned and filled with distilled water as above and, when 
their freezing temperatures had been recorded, a little room dust, taken from 
the top of a cupboard and presumably representative of the colloidal matter of 
the atmosphere, was added to each. The subsequent freezing observations are 
shown in table 2(c), the mean freezing temperature being —5-4°c. 


§6. CONCLUSIONS 


When contamination by the colloidal matter of the atmosphere was prevented, 
the freezing occurréd for a particular glass tube in a remarkably reproducible 
manner, often as regards both the location of the site at which nucleation occurs 
and the temperature. It is natural to enquire at what kind of singularity 
initiation occurs. 


———— ee ee 
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It is known that the surface of a glass can be profoundly modified by the 
action of water, acids and alkalis. Further, in borosilicate glasses such as Hysil 
prolonged heating at temperatures of 800° to 1000°c can cause visible crystals 
of tridymite to form on the surface. This being so, the cleaning and heating of 
the container S might well have resulted in the formation of occasional minute 
crystals on the glass surface. It would not be surprising if such crystals. were 
capable of nucleating the freezing of water at —10°Cc or so. 

This view is supported by the facts that the nucleation sites were unaffected 
by boiling water and not always affected by treatment with acid or by quite 
strong heating. The technique of freezing water in cleaned glass vessels is not 
likely to lead very far, for there is little prospect that glasses other than that used 
would behave very differently. It might be worth while to perform similar 
experiments in pure silica glass when the only possible devitrification products 
could be tridymite and cristobalite (and hypothetically quartz, which has, however, 
never been observed as a devitrification product of any glass), and when much 
higher temperatures could be used in cleaning. The possibility exists that, in this 
case, not only the behaviour of an individual tube would be reproducible, but that 
a large measure of similarity of behaviour would be observed for different tubes. 

An outstanding feature is apparent when the close reproducibility of freezing 
temperature in the above results is considered in relation to Frenkel’s theory as 
represented by fig. 1. It is seen from the figure that, unless the shape of the curves 
departs greatly from the true shape, even for a nucleation process in which the 
free energy of activation is only a small fraction of that corresponding to 
nucleation in the bulk of the liquid, the freezing temperature, often reproducible 
within limits as close as +0-2°c, must lie on the steep part of the appropriate 
curve and between about —5 and —15°c. ‘This means that if the curves of 
fig. 1 were re-drawn with the ordinate on a linear scale, the freezing temperature 
would fall between the melting point and the apparent toe of the appropriate 
curve. In other words, for the size of sample used, the probability barrier 
which still lies ahead at the instant of freezing is so great that an entirely negligible 
chance exists that the temperature could be lowered to the region of low freezing 
probability without freezing occurring at an intermediate stage. 

On the question of whether atmospheric contamination was a significant 
factor in the experiments carried out in open tubes, the considerable difference 
in consistency between the results for open and closed tubes strongly suggests 
that it was. Further, the ability of room dust to cause nucleation at about —5°c 
shows that freezing at this temperature due to airborne matter could be expected 
occasionally, but it is not known with what probability. All that can be stated 
categorically is that under the conditions of the experiments the atmosphere did 
not affect the behaviour of the exposed water with high probability for temperatures 
above about —16°c. Consideration of all results obtained showed that the 
a priori probability of fréezing temperatures for the glass tubes was negligible 
for temperatures above about —6°c, a maximum at —10 to —12°c, dropping 
off rapidly between — 18 and—20°c and becoming negligible at about —30°c. 

The tests using forms of carbon require little comment. Particular interest 
attaches to carbon as a nucleating material since it is known to be present in the 
atmosphere. However, the nucleating ability observed in the above experiments 
is no’ greater than has been claimed for several other substances, although the 
Aquadag clearly had a positive effect. 
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The effect of friction between two glass surfaces is reminiscent of the effect 
of mechanical violence in inducing other phase changes such as crystallization 
from solution. The experiments showed that no permanent nucleating ability 
was bestowed on the abraded glass surface. Friction, or at least mechanical 
action, provides the only means at present known (other than seeding by ice) 
of causing freezing in supercooled water at temperatures above about —5°c. 
Young and Van Sicklen (1913) found that water could be induced to freeze by 
the very violent impact of a hard steel point on a steel surface. These workers, 
by forcing the freezing temperature well above —5°c, were able to find a well- 
defined relationship between the violence of the impact and the highest temperature 
at which it was effective in producing freezing. ‘Their most violent impacts 
initiated freezing at temperatures above —0-1°c. 

Freezing produced by mechanical means has usually been explained in rather 
loose terms by reference to ‘shock’ and to the disturbance of oriented surface 
layers. However, following up the suggestion of the Earl of Berkeley (1912) that 
nucleation is caused by the pressure waves produced, it is not a difficult matter 
to show that the effects of friction or impact can be explained as being due to large 
local changes in pressure. Here we may first estimate the change in pressure 
necessary to produce the observed effects and then show how the requisite large 
extensive pressures can occur. Since the result can, in any case, be correct only 
in order of magnitude, the Clausius—Clapeyron equation will be sufficiently 
accurate even though the increments of temperature and pressure are large. In 
other words, the dependence of the mutual latent heat and the molecular volumes 
of water and ice on temperature and on pressure will be disregarded. The change 
in melting point 67° due to a change in pressure 5P is then given by 
5T/5P = T(v,—vz)/L with the same notation as before, L being positive. Now, 
assuming that a supercooling of the order of 50°c will ordinarily cause true self- 
nucleation with a very high probability (cf. fig. 1), it is logical to expect that a 
pressure change which alters the melting point from 0 to +50°c will cause the 
onset of freezing with high probability at, say, —1°c. The pressure change 
which will do this is a large decrease in pressure, so that negative or extensive 
pressures are involved. The Clausius—Clapeyron equation gives a value for 5P 
of approximately —5000 atmospheres when 57=50°c. The question is, then, 
can extensive pressures of the order of 5000 atmospheres develop during friction 
or impact in water? 

In this connection it 1s desirable first to determine what is the maximum 
extensive pressure that water can withstand without self-cavitation. Following 
Frenkel (1946) and using the simplest theory, which assumes that the required 
extensive pressure is that which will equilibrate a bubble whose diameter is equal 
to the intermolecular distance in water, a figure of 10000 atmospheres is 
obtained. Attainment of the pressures required by the above theory is thus not 
precluded by self-cavitation, at least at constant temperature. The estimation 
of the local pressure changes which result when the rubbing together or impact 
of solids occurs in a liquid is not easy, especially when only negative pressures 
are of interest. Large extensive pressures can presumably arise in two ways, 
namely from the rapid separation of solid surfaces and from the elastic rebound 
which must follow a localized compression, particularly a compression due to 
the collapse of a cavity. 
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When two glass surfaces are abraded together, local welding followed by 
tearing is to be expected, the damage to the surfaces being evidenced in the form 
of scratches. Very large local accelerations must be involved in the disruptive 
process, and it seems probable that cavitation will occur, even if it begins at the 
solid surfaces, for a negative pressure considerably smaller than that required for 
self-cavitation in the liquid. If a cavity of any magnitude is formed its collapse 
will probably be associated with an elastic oscillation involving very large pressure 
changes. ‘The determination of the maximum pressure reached, which is of 
importance also in the study of underwater explosions, is not a simple matter. 
The collapse of a spherical cavity filled with a permanent gas at low pressure 
gives rise to enormous pressures; in fact, if the initial pressure in the cavity 
is Py and the external pressure is P then, neglecting viscosity and the compressibility 
of the liquid, the energy equation for isothermal collapse gives for the maximum 
pressure p=p,exp(P/p)). When P is one atmosphere any reasonable value of 
Po gives an enormous value for p. For example, py) =20 mm Hg corresponds to- 
p~10- atmosphere. In practice the cavity is filled with vapour, the condensation 
of which is impeded by the liberation of latent heat. The effect is to damp the 
motion. On collapse, the cavity will probably disappear altogether, leaving a 
radial pressure distribution which will cause the liquid to move outward elastically ; 
an extensive pressure will develop at the centre. ‘The actual pressures are not 
likely to be as large as the value estimated for a gas-filled cavity, but it is not at 
present possible to say what is their actual magnitude In a recent theoretical 
treatment of cavitation, Neppiras and Noltingk (1951) arrived at values of 
the order of 10° atmospheres for the maximum collapse pressures of vapour 
cavities. 

The result obtained by Maurin and Médard (1947) for the freezing of super- 
cooled water clouds subjected to shock waves suggests that much smaller pressures 
were effective in their circumstances, but the possibility exists that some dynamical 
process associated with the droplets gave rise to localized amplified pressure 
effects and, of course, solid particles were very probably present in the cloud 
drops. 

Cavities which form in practice will not in general be spherical, on which 
account they will be considerably less effective in producing large pressure 
changes. On the other hand they may collapse on to the glass surface, on which 
account their effectiveness in causing nucleation is probably enhanced. 

In the light of these considerations, whilst it has not been possible to determine 
conclusively the order of magnitude of the pressure fluctuations which accompany 
the mutual impact and abrasion of solids, it seems very probable that large 
instantaneous negative pressures are responsible for the ability of violent 
mechanical processes to nucleate freezing in supercooled water. 
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LEPTERS: TO- THEY EDITOR 


The Saturation Magnetization of Nickel at High Pressure 


Observations of changes in ferromagnetic behaviour under pressure have 
been made by various authors, including Ewing (1900), employing linear 
compression, and Chi-Sun Yeh (1925) and Ebert and Kussmann (1937), 
employing hydrostatic compression, though only the latter authors have used 
sufficiently high fields to reach saturation. ‘The changes in the saturation 
magnetization J,,, observed by them were so small as to amount to negative 
results for most of the ferromagnetics used (including nickel) but it seems to us 
that at high fields their apparatus must have acted to keep the flux constant in 
such a way that small changes in the susceptibilities of specimens would not 
have been detected. 

We have applied the method developed by Bridgman (1950) for the 
generation of the highest pressures in thin specimens to the measurement of 
magnetic properties under high pressures in high fields. Essentially our 
apparatus consists of an electromagnet in which truncated conical pole-pieces 
are used both to transmit the force applied by a hydraulic press to thin specimens 
held between them and to concentrate the magnetic flux into the specimen. 
Where /,,; for the specimen is not too large the use of very thin specimens enables 
high fields to be applied. ‘The stress in the specimen is not purely hydrostatic, 
being intermediate between hydrostatic and linear pressure. ‘The values of 
pressure quoted below are, strictly, values of the force applied per unit area of 
specimen. 

By measuring separately the flux through the specimen and through the 
air between the pole-pieces for several thicknesses of non-magnetic specimen, 
effects due to changes in other parts of the magnetic circuit are eliminated, and 
(1, H) curves can subsequently be obtained for the material of any other specimen. 
Pressures up to 80000 atm can be applied, using existing materials, although 
the magnetic hardness of the strongest materials (such as cobalt steel) greatly 
reduces the sensitivity of measurement at such pressures. Using mild steel 
pole-piece tips, pressures up to 10000 atm and fields up to 20000 oersteds can be 
applied. 

We have determined (J, H) curves for nickel up to 10000 atm, at which 
pressure the internuclear distance is decreased by about 0:5%. At all fields 
magnetization increases with pressure, as found by Ewing and by Chi-Sun Yeh. 
We have, however, been able to extend measurements to complete saturation, using 
fields up to 12000 oersteds, and these results are summarized in the figure. ‘The 
curve represents the reversible behaviour of work-hardened nickel. ‘The 
values of J,,, obtained, though consistently high by about 2%, are believed to 
be accurate relatively to about 0-3 %. 

Changes in J,., directly reflect changes in the electronic band structure, and 
these results imply, for nickel, an increase by 11% at the highest pressures in 
the number of unoccupied 3d states (normally 0-6 per atom) and the number 
of occupied 4s states. It is to be expected that both the 3d and 4s bands will be 
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broadened by compression. However, in order to predict the influence of 
pressure upon J,., it would have been necessary to know with some precision the 
form of the curve of density of states against energy for both bands as a function 
of atomic spacing. It is not possible, conversely, to make more than a plausible 
guess at this by considering the implications of our results. 

We have also carried out tests up to 10000 atm on the following non- 
ferromagnetic metals which might conceivably be expected to become 
ferromagnetic at high positive or negative pressures: Pd, Pt, Mo, W, Cu, Ag, Au- 
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In each case the volume susceptibility was shown not to exceed 0-0003 at high 
fields and 0-0006 at low fields. _Of interest in itself, this negative result is a 
useful check on the accuracy of the method. 

A full account of this work will be published later. We gratefully 
acknowledge valuable suggestions and help given by Dr. J. R. Barker of this 
Department and Mr. F. F. Roberts of the Post Office Engineering Department, 
and support given by the Department of Scientific and Industrial Research and 
the Central Research Fund of the University of London. 
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The ‘Corona Pressure’ and Negative Joshi Effect 


Joshi postulated (1943, 1946, 1947) that the sharp reversible decrease in 
current —Az in a gas under discharge when exposed to external light of any 
frequency, from extreme red (Joshi 1945) to x-rays (Joshi 1944) results from a 
space charge effect leading to a lowering of the effective mobility k. A new way 
of testing this postulate appears to be by measuring the corona pressure, i.e. the 
almost instantaneous reversible pressure rise Ap due to a discharge, under 
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conditions when the Joshi effect is simultaneously observed. For wire-cylinder 
coronae, Tyndall and Searle (1918) showed that 
AD UAT Se Ng eo ean term (1) 

where ¢ is the discharge current per unit electrode length and k the ionic mobility. 
p, i and k would be expected to be similarly related in other discharges, and 
hence measurements of corona pressure in the dark App and under illumination 
Apy may be expected to reveal if — Az is associated with a decrease in k. Such 
measurements have been made for air, oxygen, nitrogen and hydrogen in 
different types of discharges over a wide range of operating conditions (Arnikar 
1949). The table shows a typical set of results: for pure dry hydrogen in a 
low-frequency ozonizer discharge irradiated by light from a 200 watt glass 
incandescent lamp. A filter of alum solution was used to minimize the heating 
effect of the lamp. Ap was measured with a mercury manometer read by a 


. telescope with an eye-piece scale graduated in units of 5 mm. 


Potential Corona pressure* Current} 
kv (r.m.s.) App Ap, Ip Zt, 
(i) p=242 mm Hg 
1-05 2 Z 65 39 
1-40 Js 25 85 47 
1-74 4 4 110 TP 
2:08 5 5 135 88 
(11) P=302 mm Hg 
1-05 3 — 62 Sy 
1-40 5 5 80 51 
1-74 6 8 115 80 
2:08 9 10 140 102 
(11) p=370 mm Hg 
1-05 3 4 60 47 
1-40 6 6 80 D7 
1-74 7 ‘) 120 104 
* In units of + mm Hg. } In arbitrary units of galvanometer deflection. 


Errors in Ap might arise from (a) temperature changes of the gas due to heat 
from the light source, (6) variation in applied potential, and (c) errors in reading 
the telescope. The results can be regarded as sensibly free from these errors, 
because (a) no pressure change could be observed before about 2 minutes with 
the unexcited tube exposed to light, whereas measurements of Ap were completed 
within 30 seconds, (6) series of observations showed that fluctuations of potential 
were unappreciable in the observation interval of 30 seconds, (c) pressure 
changes of £ mm could be estimated. 

The results show that Ap is the same with illumination as in the dark, or 
increases slightly. No other pressure effect in gases like hydrogen due to 
irradiation by visible light is known. Hence, since the current decreases on 
illumination, it is suggested on the basis of eqn. (1) that the fact that Ap does not 
decrease lends support to Joshi’s view that — Az is associated with a decrease of k. 

Agashe (1952) has recently reported similar results. He assumes that 
metastable molecules are present which dissociate on irradiation, and that the 
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increase in Ap which he found is due to this increase in the number of particles. 
At least in the case of hydrogen, which does not have metastable states (Loeb 
1939), such an assumption is unwarranted, nor is it necessary on Joshi’s theory. 

Grateful thanks are due to Professor Joshi for suggesting the problem, and 
for valuable advice and guidance. 


Chemical Laboratories, H. J. ARNIKAR. 
Benares University, 
Benares, India. 


27th November 1952 
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Sensitive Bubble Jets 


During a study of bubble formation by rapid air flow (40-730 cm/sec) through 
rectangular slots submerged in water (Spells and Bakowski 1950), a few 
experiments were carried out to determine whether the bubbling process was 
affected by sound. 

A 22-mm bore copper tube, 1 mm wall thickness, was set up vertically with 
its open lower end dipping into a trough of water. ‘The bubbling was from a 
vertical slot, 3 mm wide x 25 mm, cut in the end of the tube; depths of immersion, 
to the top of the slot, were 3 cmor3-5cm. ‘The tube, whose effective length could 
be varied from 24 cm to 41 cm by means of a telescopic joint, projected down 
from the horizontal floor of an airtight vessel of about 35 litres capacity connected 
to the air supply. Rigidly mounted in the vessel was a ‘ Vitavox’ 20 w loudspeaker 
having a 12 in. diaphragm. ‘The loudspeaker faced vertically downwards, being 
set coaxially with the slotted bubbling tube, with the diaphragm rim about 6 in. 
above the vessel floor, and was driven by a Dawe Wide Range Oscillator (20 c/s 
to 20000 c/s), Type 400A, and ampliter. The air, then, flowed from the 
vessel containing the loudspeaker down through the tube, whence it bubbled 
into the water from the slot at the bottom. 

Visual observation sufficed to show that the bubbling was affected at 
frequencies corresponding to first order resonance in the air column of the 
slotted tube. Obvious effects were also obtained at a higher frequency 
(1070 c/s), independent of the tube length; this frequency was probably 
associated with some other part of the apparatus. 

Instantaneous flash photographs were taken using a Siemens ‘ Sieflash’ 
tube. Figures 1 (slot edge-on) and 2 (slot facing camera) (Plate) show the effects 
of frequencies of 295 c/s (resonance in tube) and 1070 c/s respectively. 
Figures 1 and 2 should be compared with fig. 3 which, from previous work using 
high-speed cinematography (Spells and Bakowski 1950), is known to be typical 
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of the appearance of the unserenaded bubbles. A high-speed ciné camera was 
not available when satisfactory conditions had been established for demonstrating 
the effect of sound, but evidently the bubbles are appreciably altered both in 
general shape and superficial roughness. 

These experiments were inspired by the account by Smith (1935) of the 
resonant bubble, in which it was found that gas bubbles in water have 
characteristic frequencies depending on bubble volume and gas and liquid 
properties. Since, however, the present conditions, in which the bubble 
volumes change rapidly, are very different from Smith’s, it is doubtful whether 
the effects observed are due to bubble resonance. Notwithstanding complications 
due to there being both a gas and a liquid phase, it is therefore suggested 
tentatively that these effects may belong to the well-known group of phenomena, 
embracing the sensitivity to sound of various gas-into-gas or liquid-into-liquid 
jets, described collectively by the term ‘sensitive flame’. The shape of the 
air—water interface in fig. 2, suggestive of the alternate vortex formation observed 
by Brown (1935) and by Andrade (1941), in sensitive flame experiments, gives 
some support for this view; but confirmation must await more thorough 
investigation by cinematography. 

The arrangement used, being dictated largely by the requirements of another 
investigation, is probably not the most effective for demonstrating the phenomenon. 
It is hoped that these rather inconclusive experiments may lead to further 
investigations being carried out elsewhere. 

I am indebted to Dr. S. Bakowski and Miss M. Warburton of this Laboratory 
for taking the photographs from which figs. 2 and 3 were prepared. 


Imperial Chemical Industries Ltd., Ky Ee SPELis. 
General Chemicals Division, Research Department, 
Widnes, Lancs. 
6th November 1952. 


* Now at R.A.F. Institute of Aviation Medicine, Farnborough, Hants. 
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Noise in Semiconductors at Very Low Frequencies 


It is well known that excess noise is observed when current is flowing in a 
semiconductor and the mean square noise voltage per unit bandwidth is approxi- 
mately inversely proportional to frequency over a considerable range of frequencies 
(Montgomery 1952). From consideration of the mechanisms which might be 
responsible for the noise, it seems improbable that the 1/f law is valid at very low 
or very high frequencies. The theories which have been proposed (Macfarlane 
1950, Richardson 1950, van der Ziel 1950, du Pré 1950, Surdin 1951, Petritz 
1952) lead to different results for the frequency dependence at very low 
frequencies. In previous measurements (Kronenberger 1951) it has been found 
that the 1/f law is obeyed down to frequencies of the order of 0:2 c/s. 
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We have recently developed a method by which measurements can be made 
at much lower frequencies and have obtained preliminary results for the noise in 
pyrolytic carbon resistors. ‘The principal feature of the method is that the noise 
is recorded on magnetic tape running at a very slow speed and the frequency 
analysis is then made by running the tape through the pick-up head at the normal 
speed. In this way all frequencies in the original record are multiplied by a 
known factor and the spectrum can be analysed with a standard type of audio- 
frequency wave analyser. | Bb 

The record occupied a length of tape of about 18 in. which was joined into a 
closed loop. With a single recording a frequency range of more than two 
decades could be investigated. By varying the recording speed, measurements 
were made over a range of about five decades. 
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Considerable amplification of the noise was required in order to obtain a 
level suitable for recording. 'The difficulties associated with amplification at 
very low frequencies were avoided by obtaining the noise as a modulation on an 
audio-frequency carrier. ‘The resistors were incorporated in a bridge circuit 
operated at a frequency of about 1 kc/s. Fluctuations in the output from the 
bridge, due to fluctuations of the resistors, were amplified by a tuned amplifier 
and rectified by a phase sensitive linear detector. ‘To avoid spurious effects due 
to temperature variations, the temperature of the bridge circuit was thermo- 
statically controlled. A check was made to ensure that there was no appreciable 
distortion of the noise spectrum due to non-linearity of the recording system. 

The results obtained from the analysis of two different records are shown in 
fig. 1. ‘The ordinate is proportional to the power output from the pick-up head 
for a constant bandwidth of 4 c/s. In this figure no correction has been made for 
the playback characteristic of the system which, for a constant level recording, 
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would give a voltage output proportional to frequency at low frequencies with a 
drop at high frequencies due to the finite width of the gap in the head. For noise 
proportional to df/f, recordings made at different speeds should be indistinguish- 
able and should give the same output. It will be seen that this is indeed the case 
for the two recordings shown. For comparison, recordings made with wire 
wound resistors in place of carbon resistors are included in the figure to show the 
magnitude of effects due to spurious causes. ) 

After the recording speed and playback characteristics have been taken into 
account, the results are as shown in fig. 2. It will be seen that the two recordings 
overlap satisfactorily and that, even at the lowest frequency, the 1/f law is still 
fairly closely obeyed. 

We hope to continue this work with measurements of the noise in single 
crystals of silicon and germanium and in rectifying contacts at different 
temperatures and a full account will be given at a later date. 


The Clarendon Laboratory, B. V. ROLLIN. 
Oxford. I. M. TEMPLETON. 
13th December 1952. 
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REVIEWS OF BOOKS 


Colour in Theory and Practice, edited by H. D. Murray. Pp. xiii+360. 
(London: Chapman and Hall, 1952.) 70s. 


Boyle, Newton, Young, Dalton, Goethe, Maxwell, Rayleigh, Schroedinger; 
it is curious how many men, whose chief claims to fame lie in other realms, have 
included colour amongst their researches. Perhaps its fascination springs largely 
from the fact that colour is an everyday phenomenon which can only properly 
be understood when several normally separate disciplines are brought together. 
Every time we see a colour, a physical stimulus, perhaps modified by chemical 
absorption, excites a physiological organ, to produce a psychological sensation. It 
is not, therefore, surprising to find that no fewer than eight authors have contri- 
buted to Colour in Theory and Practice which, although in one sense a new 
edition of the volume by Murray and Spencer published under the same title in 
1939, is really substantially a new work. Four physicists, two chemists, one 
physiologist, and one electrical engineer form the present team, and the result 
is a volume containing a great deal of very useful information, many valuable 
diagrams and tables (including a good selection of those which have appeared to 
such good advantage in recent volumes of the Journal of the Optical Society of 
America), and the whole very well printed and produced. 
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The book is in four main sections the first of which deals with physical and 
chemical aspects of colour and serves to introduce the physicist to the appropriate 
chemistry and the chemist to the appropriate physics. The treatment, from this 
point of view, strikes an excellent balance, being intelligible, concise, and in- 
cluding fundamentals of emission and absorption processes. 

In the second section, physiological and psychophysical aspects are described, 
and here, quite rightly, the field narrows and the treatment deepens. On the 
physiological side, the processes of normal and defective colour vision are 
explained in so far as they are known, and the psychophysics of colour matching, 
measuring, and specification complete the section. ‘The explanation given for 
the tendency of red colours to appear to stand out in front of their actual location 
seems doubtful since some observers insist that, to them, red colours recede, and 
the text and figure 10.12 do not seem to tell quite the same story, but these are 
small blemishes on a well-balanced treatment. The chapter on colour measure- 
ment is admirably clear and concise and makes good use of geometrical arguments, 
although the experimental facts upon which they ultimately rest are not always 
too well emphasized. Thus the validity of the process of integration described 
on page 134, which is so widely used in colorimetry, is dependent on the validity 
of the Law of Additive Mixture, but this is not stated. The C.1.E. primaries, 
X, Y, and Z are described as imaginary, but they can, nevertheless, be used in a 
visual tricolorimeter. 

The treatment of colour systems and tolerances handles two difficult subjects 
extremely well, but it is a great pity that one of the colour plates could not have 
been an approximate rendering of a page from, for example, the Munsell Colour 
Atlas. In this connection also, one would have liked to have seen an example of a 
Colour Confusion Chart as another colour plate, while the plates bearing figures 
10.9-10.11, and figure 16.7 could certainly be dispensed with, if necessary. 

The title of the third section is Light Sources and Colorimetry. Consider- 
able development has taken place in the production of new types of electric lamp 
during the last two decades, and it is well summarized in this section, which is 
copiously illustrated. The principles of spectrophotometry and colorimetry, 
together with descriptions of the more important types of instrument used in 
these fields are, on the whole, well described. It is particularly valuable to have 
the table of selected ordinates reprinted from Hardy’s Handbook of Colorimetry, 
and the worked examples of both the weighted, and the selected, ordinate methods 
are an excellent feature. 

A brief final section, Miscellaneous Aspects, describing some of the work done 
on the recognition of ‘warm’ and ‘cool’ colours, colour preference, and colour 
in nature, rounds the book off in a very acceptable manner. 

The three appendices provide a short catalogue of important colouring 
substances, eighteen pages of very valuable colorimetric tables, and a substantial 
extract from the very useful Report on Colour Terminology of the Physical Society 
Colour Group. Good bibliographies are given at the end of each chapter, and an 
adequate index is included. 

It is unfortunate that, having praised many of the excellent features of this book, 
it has to be added that there is a curious lack of polish in the work. For instance, 
on page 25, Planck’s formula is incorrect ; in figure 3.7 the wavelength scale is 
out ; in figure 10.6, a and b should be interchanged in order to agree with the 
text; in figure 11.7(a) R. G. B. should be X, Y, Z; in chapter 14 two figures have 
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been omitted altogether and meaningless reference is made to figures 14.2 and 3 
instead ; on page 202 the figure referred to is 3.11 and not 3.12; on page 249 
figure 4 should read figure 18.3; the description on page 284 of figure 20.7 
is so brief as to be quite unintelligible, no reference being made to any of the 
22 letters upon it; and figure 21.3 contains 3 types of dot, but only two are 
described. On page 312 the formula of cobalt yellow should be K,Co(NO,),. 

Although photometry may be regarded as outside the scope of a book on 
colour it seems a pity that in a volume, otherwise so complete, no definition of 
luminance is given except in an appendix, and that ‘ stilbs’ and ‘ foot-candles ’ 
are used without any explanation. 

Any book on colour will be judged by some readers largely on the way in 
which the C.I.E. system of colour measurement is explained. Admiration will be 
felt for the effort made in chapter 11 to make things clear, but it is unfortunate 
that a notation officially deprecated by the C.I.E. has been used; and in chapter 
18 equations of the type X + Y + Z=E have been used in a sense entirely different 
from that commonly found in American literature; and on page 272 another type 
of colour equation altogether is used. Incidentally, on page 135 it is rather 
disconcerting to read that a colorimeter employing more than three matching 
stimuli would not be worth while, when the many advantages of the Donaldson 
6-primary instrument are very properly enumerated on page 259. 

Colour in Theory and Practice is a book, however, to be welcomed, because it 
treats the subject very comprehensively, and includes much information hitherto 
only available from widely scattered sources. If its blemishes occasionally 
irritate the reader, let him regard them as the price which, it seems, has to be paid 
for a work contributed to by no fewer than eight writers, without whose partici- 
pation the broad authoritative nature of the book could not have been achieved. 

R. W. G. HUNT. 


Instruments and Accessories for Radio-Isotope Applications. Pp. 17. (London: 
The Scientific Instrument Manufacturers’ Association, 1952.) Copies free 
on application to the Association. 


Séries de Fourier régularité, séries divergentes et formulation expérimentale, by 
PIERRE VERNOTTE. Pp. xvi+105. (Paris: Publications Scientifiques et 
Techniques du Ministére de l’Air, 1952.) 800 fr. 


264 


CONTENTS OF SECTION A 


Mr. J. F. Nicuo.as. Effect of the Fermi Energy on the Stability of Superlattices . 


Dr. L. H. Surciirre and Dr. A. D. WatsH. The Ultra-Violet Absorption 
Spectrum of Nitric Oxide . ; , 3 , : ; é 


Dr. B. B. Goopman. The Thermal pay os of it cig Tin below 
1°K , ‘ . 


Dr. R. W. Hit and Mr. P. L. Smirn. The Anomalous Specific Heat of Ferrous 
Ammonium Sulphate ; : : : s ‘ : : 


Mr. G. R. Attcocx. Damping Corrections in the Photo-Meson Process 
Mr. P. Swan. The Elastic Scattering of Neutrons by Tritons at 14 Mev 


Dreger: Hour and Mr. T. N. Marsuam. An pathic of (d, P) Bien 
Reactions—I : Apparatus and Results for Aluminium . 


Dr. J. R. Horr and Mr. T. N. Marsuam. An Investigation of (d, P) Stripping 
Reactions—II : Results for the Isotopes of Magnesium : 


Dr. B. H. BranspEN and Dr. A. DaLcarNno. The Application of Variational 
Methods to Scattering ei Ions—I: The Elastic Scattering of Electrons by 
Helium Ions : : : : 3 : : ‘ 


Dr. B. N. Srivastava and Mr. M. P. Mapan. Thermal Diffusion of Gas Mixtures 
and Forces between Unlike Molecules P 3 é : : f 


Dr. I. ABDELNABI and Prof. H. S. W. Massey. Inelastic Collisions of Electrons in 
Helium and Townsend’s Ionization Coefficient . 


Mr. A. J. Satmon and Mr. E. K. Inari. The Angular Correlation of the 
Protons and y-Radiation from the Reaction ®Li(d, p)*Li*y7Li : 
Research Note : 
Dr. J. TUNsTEAD. Photoelectric Absorption in Lithium Vapour . 


Letters to the Editor : 


Mr. J. M. Baker, Dr. B. BLEANEY, Mr. K. D. Bowers, Dr. P. F. D. SHaw and 
Mr. R. S. TrENAM. Nuclear Spin and Vee Moment of Radioactive 
Cobalt 57 . : 


Mr. D. West. Measurements of tis ect ree Distribution for Waninaa 
Ionizing Electrons in a Proportional Counter . 


Dr. L. Stncu. On the Effect of a Strong Electrostatic Field on iSeomeaees 


Mr. R..G; oe and Dr. D. Roar. The D-*H and D-*He Reactions below 
45 kev : ‘ ‘ ; : ; : : 


Reviews of Books 


Contents of Section B . 


PAGE 
201 


209 


247 


228 
233 
238 


249 


258 


PROC. PHYS. SOC. VOL. 66, PT. 3 —B (K. E. SPELLS) 


Fig. 1. 200 cm/sec (295 c/s) (side view). 


Fig. 2. 84 cm*/sec (1070 c/s). Fig. 3. 84 cm?/sec (silent). 
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An Interpretation of the Magnetic Properties of some Iron-Oxide 
Powders : II 


By W. P. OSMOND 
Magnetic Tapes Division, Minnesota Mining and Manufacturing Co., Ltd., Slough, Bucks. 


MS. received 9th January 1953 


Abstract. An earlier study of the magnetic properties of fine dispersed powders of 
acicular grains of magnetite and of y-ferric oxide, derived by reduction and 
re-oxidation of dehydrated pigment oxides, has been revised, taking account of the 
probable cavities in the powder particles caused by the loss of oxygen during the 
chemical and structural transformations. Excellent quantitative agreement is 
now found between theoretical and measured values of coercivity, shape anisotropy 
alone seeming to be involved. Moreover, the qualitative agreement between 
theoretical values of intrinsic induction and remanence and those derived from 
actual powder dispersions is much better than with the earlier treatment. 


$1. INTRODUCTION 


N an earlier paper (Osmond 1952, to be referred to as I), a tentative explanation 

was offered of the observed magnetic properties of the fine powders of 

magnetite and y-ferric oxide which are often dispersed in a non-magnetic 
medium to form the active coatings of sound-recording tapes. It was found 
that, while the ratios of the measured coercivities of y-ferric oxide powders of 
quasi-spherical grains to those of markedly acicular powders were qualitatively 
in agreement with theoretical values based on shape anisotropy of the particles 
(Stoner and Wohlfarth 1947, 1948, Néel 1947), the actual and relative values of 
the coercivities of the acicular y-ferric oxide powders and of the similar magnetite 
powders from which they were produced by oxidation were considerably lower 
than these theories would predict. It was therefore concluded that magneto- 
crystalline anisotropy played an important part, particularly in the case of 
y-ferric oxide. 

The vagueness of this last concept was unsatisfactory, and subsequent study 
of a recent review (Ervin 1952) of the transformations taking place in the 
dehydration of z-AlO.OH to «-Al,O3, which must equally apply to the isomorphous 
iron oxides (the synthetic forms of which are the origins of the acicular magnetic 
oxide powders studied here), has revealed a fundamental weakness of the 
previous treatment. It was tacitly assumed in I that each particle, of proved 
single ferromagnetic domain dimensions, behaved like a homogeneous single 
crystal, whereas it now appears that the structure probably becomes quasi-porous 
during dehydration and subsequent reduction, on account of the loss of oxygen. 

The study of the properties of the acicular powders has therefore been 
undertaken again from this new point of view, with much improved results. 
As in I, the term ‘coercivity’ is used throughout this paper to denote the intrinsic 
coercive force (;H,) when the previously applied magnetizing field has been three 

PROC. PHYS. SOC. LXVI, 4—B S 


266 W. P. Osmond 


or more times as large as this amount; all values of field and coercivity are 
measured in oersteds and those of magnetic intensity and intrinsic induction in 
gauss. 


§2. FORMATION OF CAVITIES 


(i) Changes of Structure 


Ervin (1952) has carried out a new detailed study by x-ray and optical 
analysis of the transformation by dehydration of diaspore («-AlO.OH) to 
corundum («-Al,O3), reaching the same conclusions as those found earlier by 
Deflandre (1932). It is well known (cf. Wells 1945) that these oxides of aluminium 
are isomorphous with the corresponding oxides of iron; hence the same changes 
should occur in the dehydration to synthetic «-Fe,O, of the pigment oxides 
(synthetic «-FeO.OH) often used as the primary material for the production of 
acicular magnetic oxide powders. ‘The basic structure, consisting of layers of 
close-packed oxygen atoms in hexagonal stacking, is shown to remain unchanged, 
and Ervin attributes the fact that the dehydrated oxide particles are pseudomorphs 
of the original monohydrate grains, which was noted in I on the evidence of 
electron microphotographs, to the circumstance that the transformation takes 
place in situ, so that major structural changes become impossible. ‘Thus the 
a axis of diaspore, perpendicular to the basic oxygen layers (along which the 
synthetic monohydrate must initially have grown with the deposition of more 
oxygen layers), becomes the c axis of corundum, the axis of threefold symmetry. 
It must also follow, on the same reasoning, that the subsequent reduction to 
magnetite of the «-ferric oxide produced in the same way will lead to particles 
of similar close-packed layers of oxygen, but now in cubic stacking, the c axis 
of the rhombohedral structure becoming the [111] cubic solid diagonal, which 
is the direction of easy magnetization both in magnetite and in the y-ferric oxide 
produced from it by oxidation without change of basic structure. Hence from 
synthetic monohydrate crystals elongated along the axis at right angles to the 
close-packed oxygen layers there are eventually derived magnetic oxide particles 
elongated along the directions of easy magnetization, a circumstance which 
justifies the assumption in I that these single domain acicular particles should 
behave like prolate rather than oblate spheroids, and consequently should 
exhibit pronounced coercivities due to shape anisotropy (Stoner and Wohlfarth 
1948). 

However, Ervin also finds that, although under x-rays the dehydrated 
particles behave like single crystals of corundum, yet optically they behave like 
two sets of crystallites with their twofold axes directed in opposite senses. 
Now the twofold rhombohedral axes are at right angles to the threefold c¢ axis, 
so that this subdivision of the particle into smaller crystallites will not affect 
the uniformity of direction of the c axes which, as already stated, transform on 
reduction to the [111] cubic directions in magnetite. This subdivision is shown 
to be real from the mosaic pattern obtained with polarized light under the 
microscope with partially dehydrated diaspore, some crystallites being converted 
and some not. It follows that each acicular iron-oxide particle must be considered 
to consist of a collection of crystallites, all having their [111] cubic directions of 
easy magnetization aligned in the same sense, most probably parallel to the long 
dimension of the particle. Owing to the cohesion of the particle as a whole this 
collection of crystallites will behave magnetically like one single-domain 
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ferromagnetic body, but the subdivision most probably entails small spaces 
between individual crystallites, caused initially by the loss of oxygen during the 
chemical changes, and these spaces will act as ‘cavities’ in an otherwise solid 
ferromagnetic particle which is too small for the spaces to be Bloch boundaries. 


(11) Estimated Volume Concentration of Cavities 


An idea of the order of magnitude to be expected for the volume concentration 
of cavities in the various structures can be obtained by considering the sequence 
of chemical changes expressed by the following formulae: 

(1) Dehydration : 6«-FeO.OH > 3«-Fe,O, + 3H,O. 
(2) Reduction: 3-Fe,O; + H.—> 2Fe,0,+ H,0. 
(3) Re-oxidation: 2Fe,;0,+ O- 3y-Fe,O,. 

Neglecting the relatively small hydrogen atoms in the monohydrate, 
one-quarter of the oxygen volume is lost during dehydration and one-ninth 
(one-twelfth of the original) during reduction, the latter being recovered during 
re-oxidation. Considering oxygen atoms alone, the total loss of volume in the 
formation of magnetite would be one-third, which is reduced to one-quarter on 
re-oxidation to y-ferric oxide. However, it seems more accurate to take account 
of the volume of iron present in the structure which remains unchanged 
throughout the transformation. Since the ionic radius of Fe (whether divalent 
or trivalent) 1s approximately half that of the O? ion, the volume of the latter 
may be taken to be eight times that of an iron atom. Hence an initial volume 
equal to that of 12? oxygen atoms is reduced to 8? (a loss of 31:-4%) in the 
transformation to magnetite, but this is restored to 9? (a total reduction of 
23-5°%,) on re-oxidation to y-ferric oxide. 

Since the loss or gain of oxygen must take place at the surface as well as in 
the interior of the particle, it does not necessarily follow that the volume 
concentration of cavities in the structure is the same as the fractional volume lost 
during the transformations, but since the particles retain the same general shape 
throughout, the volume of cavities in the two magnetic oxides formed in the 
same cycle of changes may well be approximately the same fraction of the total 
loss of volume. Initially it will be assumed that this 1s so. 


$3. "THE EFFECT ON COERCIVITY 

Weil (1951) has shown, with particular reference to the porous particles of 
precipitated cobalt produced by McCartney and Anderson (1947), that it is 
the internal cavities in such structures that have the most effect upon coercivity, 
and that the ‘apparent density’ formula due to Néel (1947) should apply to these, 
rather than to the spaces between individual particles. It was the volume 
concentration of the latter in typical tape coatings that was studied in I, and 
evidence for their relative unimportance is provided by the fact that the measured. 
coercivities of powders of different tightnesses of packing in tubes are so little 
different from each other and from those of similar powders dispersed in tape 
coatings. 

When the coercivity depends entirely upon shape anisotropy, the theoretical 
formula for an assemblage of identical single-domain particles containing a 
volume fraction V of cavities can be written 


BEL ea VENT pte th aL PPR). oastsis’s <5 (1) 
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where J, is the saturation magnetization of the ferromagnetic substance excluding 
cavities, N, is the difference of the demagnetizing factors along the equatorial 
and polar axes of the prolate ellipsoid to which each particle may be considered 
to approximate, and p is a factor depending upon the orientation of each particle 
relative to the field which it experiences. A single homogeneous particle can be 
considered as one of an assemblage of infinite dilution, i.e. V=1 in the above 
formula. Hence the effect of the cavities is to cause an apparent reduction of 
the saturation intensity of the material to an effective value VJ). 

For random orientation p=0-48 (Néel 1947, Stoner and Wohlfarth 1948), 
while the values of J, for magnetite and y-ferric oxide, calculated in I, are 
respectively 480 and 400. Assuming that in both oxides produced during 
one cycle of transformations the same fraction m of the total reduction in volume 
appears as cavities, while the mean shape factor remains the same, we find for 
the two theoretical coercivities: 


Magnetite: -H,=0-48N, x (0-314. 480), 
y-ferric oxide: ,H,=0-48N, x (0-235 n. 400). 


The ratio of the latter to the former is 0-624, and this is precisely the average 
value found in I for actual oxides, after making allowance for departures from 
stoichiometric composition, whereas on the supposition of non-porous structure 
the ratio was expected to be 400/480=0-83. ‘The small variations found in 
many experimental examples, ranging from 0-61 to 0-64 and usually lying 
between 0-62 and 0-63, are well within probable slight differences in the value 
of the fraction n for the two oxides. 

Thus the new theory is entirely adequate to account for the observed ratio 
of coercivities of these two oxides. ‘To examine actual individual coercivities 
in the light of this theory we will consider a pair of values studied in 1. When 
corrected for non-stoichiometric composition these were 342-9 for magnetite 
and 214-4 for y-ferric oxide, the ratio being 0-625. 

Assuming first that n=1 (the total loss of volume appears as cavities), the 
values of Ng given by substituting these values in eqns. (2) are 4-741 for magnetite 
and 4-752 for y-ferric oxide. As expected, these are virtually identical, and from 
the tables given by Stoner (1945) they correspond to a shape factor of 
approximately 3-75, which is about half the observed mean value for the particles 
themselves. It is of course possible that the average shape factor of the 
crystallites is thus reduced, but it seems equally likely that »<1, which entails 
a larger value of Ng. For instance, if the latter were 5-75, corresponding to the 
mean shape factor observed for usual powders (approximately 8), we should find 
n =()-825, which seems a very reasonable value. On the other hand, for N4=2z, 
the limiting value for long thin particles, »=0-756, which must be the lower 
limiting value if the present theory holds. 

If the volume concentration of spaces between oxide particles in the tape 
coating had to be imposed upon that of the cavities in the particles, the resulting 
values of Na would exceed 27 even when n=1, using the values calculated in I, 
and they would be still larger using the new values of oxide density resulting 
from the porous structure. ‘This provides further evidence for the relative 
unimportance of the powder packing; in other words the demagnetizing effect 
of one particle upon another appears negligible. 

As a further illustration it was noted in I that the coercivities of tapes of the 
original German type, coated with almost spherical particles of y-ferric oxide 
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produced trom directly precipitated magnetite, are of the order of 90 compared 
with an average value of 225 for tapes coated with acicular particles. Assuming 
similar departures from stoichiometric composition, and that the directly precipi- 
tated particles are non-porous, so that VZ,=400, we find for the German oxide 
Na = 0-4 x 0-235 x 4-75 (or the equivalent 0-4 x 0-825 x 0-235 x 5-75), i.e. 0-446, 
which corresponds to a shape factor of rather less than 1-1. On the old assumption 
of equally non-porous acicular particles we found Ny=0-4 x 5-75 =2:30, for 
which the shape factor is approximately 1-65. The lower value seems much 
more likely. 

Hence the new theory fits both actual and relative coercivities much better 
than the old treatment, and from the point of view of shape anisotropy alone. 


$4. THE EFFECT ON MAGNETIZATION CURVES FOR COATED TAPES 


In I the theoretical values of intrinsic induction (B,=47/) at magnetizing 
fields of 1000 and at remanence (B,) were calculated for tapes, for comparison 
with those given by integrated cathode-ray tube traces showing the variation of 
dlI/dt with alternating fields for two particular tapes one of which was coated 
with magnetite (giving a known value of remanent flux) and the other with 
y-ferric oxide. It was assumed that the thickness of each tape coating was 
0-7 mil (1 mil= 10°? in.), a fairly usual value, and the resulting values of B, and B, 
were noticeably lower than the theoretical figures. For future comparison with 
theoretical values calculated by both old and new treatments these actual values 
are now repeated for three possible tape thicknesses. 


; ;. cst : 
Phicksess (ni) pene ae Le oxide Bn 
0-7 550 1092 565 125 
0-65 592 1176 608 1202 
0-6 642 1274 659 1313 
B,/B,=0:504 B,/Bi=0-502 


In the old treatment it was considered that account should be taken of the 
probable interactions between particles instead of adopting the simple random 
orientation approach to saturation given by Stoner and Wohlfarth (1948), while 
still retaining their theoretical value of 0-5 for the ratio of remanence to true 
saturation. For this purpose the law of approach to saturation (taking account 
of cavities) due to Néel (1948) was used with the following results. These are 
the values calculated in I extended to include stoichiometric and two cases of 
non-stoichiometric composition for each oxide. ‘The figures shown for B, are 
half the calculated saturation values. 


Magnetite tape y-ferric oxide tape 
FeO content (%) B, B, B,/B, FeO content (%) B, Ber TBs B; 
31 Pps Lol 586 0 CO7mene lS ORS OS 
PRB) 721 1247 0:578 1 6921 OLS 70 
ay) 704 1221 0-576 2 (fils) Wate} (50/8) 


On the new theory the interactions between particles will be as unimportant 
during the approach to saturation as they apparently are in their effect on 
coercivity. However, the volume concentration of oxide particles in the tape 
coating, now denoted by 1—U to distinguish it from the concentration 1— V 
of magnetic substance in each particle, must be used to estimate the intrinsic 
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induction of the tape after calculating that of a single particle. ‘This volume 
concentration of particles will of course change with every change of volume of 
cavities in each particle, owing to the resultant change in density. 

Néel’s formula was developed to describe the approach to saturation by 
rotational processes in polycrystalline materials, and good agreement with it was 
found in experiments on samples of sponge iron of different degrees of porosity. 
In the present study each oxide particle is considered to consist of a number of 
crystallites, and may thus be compared to a very small portion of such porous 
iron. The formula thus seems ideal for estimating the magnetization of an 
individual particle, more particularly at fields well above the coercivity value. 
In the form given by Stoner (1950) it is 


f= le a, 7. (3) 


where J,, is the saturation magnetization of the particle, ie (1—V)J), and 
a =H/4rI,. In what follows we will refer to the fractional magnetization J in 
this formula as the ‘ Néel’ magnetization, with the symbol /y, and will denote 
by Jp its value at the initial peak magnetizing field. We can now apply a modified 
form of Stoner and Wohlfarth’s treatment, the omission of which was a further 
weakness in I. As the field is reduced from its initial positive maximum value 
({H=1175 in I) the absolute value of the magnetization vector remains at Ip 
instead of J, until the reduced feld h=H/V Ngl, reaches a value close to — 0-48 
(the energy considerations giving the actual critical value in this case are beyond 
the scope of this present study). When the discontinuous jump in the resolved 
magnetization has taken place, the new value will no longer be proportional to [p 
put to the value of [y appropriate to the value of H at that instant, and this will 
increase as the magnitude of H increases. ‘The result will be to open the tip of 
the hysteresis loop from the coincidence shown for |h|>0-9 in Stoner and 
Wohlfarth’s curve, since Jy will be numerically less than Zp until | H| reaches 
its initial peak value. This is, of course, what is seen in practice, although much 
of the observed difference in ordinates is doubtless due to variations in shape 
factor, exact composition, etc., between individual particles. 

Having calculated Jp, and Jy at H=1000, the mean of these values, 
multiplied by the Stoner and Wohlfarth value of cos ¢ for the appropriate value 
of h and by 47(1—U), is the theoretical value of B; for the tape corresponding 
to those measured in I. Similarly B,=0-5(1—U)4aJIp. Since each change 
in V involves a change in U, calculation becomes somewhat tedious for a range 
of values of V combined with varying degrees of departure from stoichiometric 
composition. ‘lhe main details for one combination are given as an illustration, 
the results of six different calculations for each oxide being shown in the tables 
which follow. 

Example. Magnetite tape with 29-5% FeO content, V=0-259 (ie. 
n=()-825), weight ratio of oxide to binder=2, ;H,=325. 

In I we calculated 

I, =0-93 x 480 =447; hence /,,=(1— V)1, =0-741 x 447 =331; 477, =4158. 

At H=1175,«=0-:283; hence 1p =0-956 x 330-3165; 

At H=1000, «=0-241; hence Jy =0-950 x 331 =314-5. 

Also, since ;H,, = 325, for which h =0-48, it follows that at H = 1000, h = 1-477, 
for which the Stoner and Wohlfarth value of cos ¢ is 0-963. 
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Again, in I the density of magnetite was calculated as 5-206; hence the 
density of a particle in this case is 0-741 x 5-206 =3-858. Assuming a density 
of 0-9 for the binder materials, this leads to a volume concentration of particles 
in the tape of 1— U=0-3182. 


Hence at H=1000, B,=0-3182 x 0-963 x 4x x 315-5 =1214, 


and G,=0-5 x 0:3182 x 4a x 316-5 = 633; B./B,=0-521. 
Magnetite tape 

V=0-314 (n=1) V=0-259 (n=0-825) 
FeO content ee B, B; B,/B, Br B; B,/B, 
31 654 1255 0-5213 678 1301 0:5208 
2o-> 611 1170 052163 a 633 1214 0:5210 
29 Se )7/ 1145 0:5219 619 1187 05212 

y-ferric oxide tape 

V=0°235 @=1) V=0-194 (n=0-825) 
FeO content (%) Be B; B,/B; By Bj B,/B, 
0) 595 1164 0:5107 609 1193 0-5101 
1 615 1205 0:5109 630 1234 0:5102 
2 636 1246 0:5107 652 1276 0-5105 


Comparison of all these results shows that the values derived from the new 
theory of porous particles are much closer to those calculated from actual tapes 
than are the figures given by the older theory, in particular the relative values of 
B, and of the ratio B,/B;. For the measured tapes the remanence of the y-ferric 
oxide coating was 1-027 times that of the magnetite coating, and this ratio is 
given almost exactly by the new values for 2% FeO with n=1 and 29%, FeO 
with m =0-825, and also by those for 2°% FeO and 29-5 FeO, both with n =0-825, 
no other pairs of values being so good. From remanence values, therefore, the 
actual tapes examined fit into the new picture as consisting of slightly 
non-stoichiometric oxides in coating thicknesses lying between 0-6 and 0-65 mil. 

The measured values of B,/B,; remain a little lower than any obtained 
theoretically. This may be a measuring fault due to errors in integration or to 
a slight lack of balance between the compensating and search coils of the 
magnetizing assembly, leading to a small tilt in the cathode-ray oscilloscope 
trace. However, it may be a physical reality due to a slight degree of preferred 
orientation of the particles or to the presence of a small proportion of ultra-fine 
particles (Néel 1949 a,b). Such small particles, behaving as paramagnetics, 
will make no contribution to the remanence of the powder as a whole but a small 
contribution to the intrinsic induction at higher fields. Hence, compared with a 
completely ferromagnetic powder, the ratio B,/B, will be lowered, B, will be 
lowered by an amount roughly proportional to the volume fraction of fine 
particles, while ;H, will also be slightly reduced (Weil 1951). 


§5. CONCLUSION 


The new theory advanced in this paper, that the acicular powders of the 
magnetic oxides of iron produced from dehydrated synthetic goethite have a 
porous structure, containing cavities caused by the loss of oxygen during the 
various chemical processes, gives excellent quantitative agreement between 
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theoretical and measured values of coercivity. Particle shape now appears to 
be the only important form of anisotropy in this connection, and the mutual 
interactions between particles dispersed in tape coatings of normal concentration 
seem to be relatively unimportant. 

The agreement between values of remanence and of intrinsic induction at 
magnetizing fields of 1000 oersteds based on this new theory and those found for 
actual tapes coated with these oxides, although not so close as that between 
coercivities, is far better than that found on the older theory of solid particles 
with mutual interactions. 

The basic interpretation of the magnetic properties of these dispersed 
powders remains unaltered, namely that the latter provide examples of a material 
consisting of single domain ferromagnetic particles embedded in a non-magnetic 
matrix. The new viewpoint is that cavities in the particles are far more important 
than the interparticle spacing in the medium. 
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Abstract. ‘The variation of conductivity of cadmium oxide with temperature 
has been measured over the temperature range 100°-800°K. It is found that 
the variations observed in the specimens used can be accurately predicted if 
it is assumed that all the electrons which are effective in the conduction process 
have energies above the bottom of the conduction band exceeding the 
characteristic energy of the lattice hy. This appears to be the first test of the 
mean free path theory for such electrons in ionic lattices. The properties of 
these electrons are markedly different from those with energies less than hv 
which are usually met with in semiconductors. 


§1. INTRODUCTION 


HE values of the conductivity predicted by the Lorentz—Sommerfeld 

theory for electrons in ionic latticed materials depend upon the mean 

free path theory assumed for the electrons. It is therefore of importance 
to test the agreement between theoretical and experimental values of the 
conductivity because this is also a verification of the mean free path theory used. 
The mean free path theory which an electron in an ionic lattice obeys depends. 
upon whether the energy £, which it possesses above the bottom of the conduction 
band, is greater or less than Av. v is the characteristic frequency of the lattice. 
The first theory which assumes that E<hv was shown by Mott and Frohlich 
(1939) to be in good agreement with the experimental results obtained for Cu,O 
by Englehard (1933). ‘This theory is applicable to the majority of ionic latticed 
electronic conducting materials, since the density of free electrons is usually 
very small and therefore F is generally less than Av. However, so far as the 
author knows, no comparison has been made between the results of experiment 
and those predicted by the theory which assumes that E>hyv. Although it 
is obvious that HF cannot be greater than hy for all electrons, it is possible that 
this may be so for all the electrons which are effective in the conduction process. 
It will be shown that the electrons in cadmium oxide are such that if the second 
theory, where E> hyp, is assumed for all free electrons a variation of conductivity 
with temperature is predicted which is closely followed by the experimental 
results obtained. 

§2. ‘THEORY 


The mechanism of conduction in CdO in the form of sintered pressed powder 
is very sensitive to slight differences in the mode of preparation. Specimens 
prepared by various investigators appear to show a gradation of properties. 
Blakemore (1951), who used very little sintering, found that his specimens were 
fairly typical semiconductors with log o proportional to 1/7, but at high. 
temperatures there were slight indications that the conductivity failed to increase 
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with sufficient rapidity to obey this law. Hogarth (1951), who sintered his 
specimens more heavily, found that they behaved normally at low temperatures, 
but as the temperature increased the conductivity passed through a maximum. 
The author (1951), who was particularly concerned with very heavily sintered 
specimens, has found that in such specimens over a very wide temperature 
range (100°-800°K) the conductivity decreases with increasing temperature. 
This paper is concerned with such heavily sintered specimens and it is shown 
that the variation with temperature is in complete accordance with the second 
theory of mean free path of electrons in ionic lattices mentioned above. 

In these well sintered specimens, the author has shown from measurements 
of the Hall coefficient that the concentration of free electrons is constant over 
a range of temperatures 290°-800°k, and furthermore, from the values of the 
conductivity and thermoelectric power over the same range, the free electrons 
are extremely degenerate. The mechanism that has so far best explained these 
results is to consider that the impurity centres (excess Cd atoms) are packed so 
closely together in the lattice that the valency electrons are always free, so that 
the specimen is like an ‘impurity metal’. This mechanism is similar to the one 
proposed by Pearson and Bardeen (1949) for the more impure specimens of 
silicon. Cadmium oxide has an ionic lattice, which complicates further 
consideration of the properties beeause, as mentioned above, the mean free path 
theory depends upon whether the electron has an energy £& greater or less than 
hy. ‘The expressions for the mean free path of electrons in ionic lattices has 
been worked out for both cases by Mott and Frohlich (1939), and Davydov and 
Shmushkevitch (1940). By assuming that the vast majority of the electrons 
which effectively contribute to the electrical properties have energies E greater 
than hy, and using the appropriate mean free path formula in the Lorentz— 
Sommerfeld theory, the author has shown that, over a temperature range in 
which a certain approximation may be made, the resulting expressions for the 
electrical properties agree very well with those observed by experiment. Also 
if it is assumed that all the electrons have energies less than Av it is impossible 
to explain the experimental values obtained for the thermoelectric power since 
they are much lower than any of the values predicted by the theory. Thus, 
we may assume that not only is there a constant number of free electrons, but 
these electrons are very degenerately distributed in their energy band, with the 
level of the Fermi energy £* greater than hv. Now in a degenerate electron 
gas, only electrons with energies in the neighbourhood of E* are effective in 
determining the electrical properties, and here the effective electrons will have 
F'greater than hv. ‘This, however, will be more accurately true at low temperatures 
when the electrons are more highly degenerate. E 

The expression for the mean free path on the assumption that E> hy, is: 

KE) =tn(2T/O){1+2/[exp (@/T)—1]}-* —_... (1) 
where J, is a constant depending upon the lattice structure, 7=E/RT the 
‘reduced’ energy, and © = hy/kR a characteristic of the lattice. 

Assuming that the density of free electrons is constant and that they are 

very degenerate, the Lorentz-Sommerfeld theory leads to 


p=po@le+iexp (O/T)—1}1]=ppo@B ——...... (2) 
as an expression for the resistivity. When TS© this approximates to 
pr=Pyl dena we ied Gabel eee (3) 


-and even when T=©, p=1-082p)T. 
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Thus, for temperatures T greater than ©, the theory predicts that eqn. (3) is 
a good approximation. This was shown by the author (1951a) to be in 
reasonable accord with experiment over the temperature range 290°-800°x. It is 
the object of this paper to consider the more accurate expression (2) in 
relation to experimental results over a wider temperature range 100°-800°k, over 
parts of which eqn. (3) is not even a rough approximation. 


A further factor which must be taken into account is the presence of the 
impurity centres themselves. We may use the simple formula as used in the 
theory of alloys and assume that this impurity scattering will have a constant 
effect p* upon the resistivity, thus 


P= Pp pooh | fae 2 pene fee (4) 
This equation is quite consistent with the argument of Jones (1951) as it is a 
special case in which the energy of the effective electrons, and hence the mean 
free paths due to both lattice and impurity scattering are very nearly independent 
of temperature. To compare eqn. (4) with experiment, graphs of p against B 
are plotted for different values of 0. 


§3. EXPERIMENTAL RESULTS AND DIscussIONS 


The conductivity was measured in the usual manner, using potential probes. 
The specimens were heavily sintered and were therefore so coherent that they 
could be filed into exact shapes. 

Figure 1 shows experimental results for the variation with temperature of 
the resistivity of specimen I over the temperature range 100°-750°K compared 
with the thick line which represents the variation predicted by theory assuming 
the constants shown in the table. This was the only specimen investigated over 
the whole range, as the resistivity at temperatures above room temperature had 
been investigated previously (Wright 1951 a). It will be seen that at temperatures 
above room temperatures it is a fair approximation to say that the resistivity is 
proportional to the temperature, as predicted by eqn. (3). Figure 2 shows the 
variation of resistivity for Specimens I and II over the temperature range 
100°-300°k together with the variations predicted theoretically, assuming the 
values in the table. Figures 3 and 4 show the corresponding graphs of resistivity 
plotted against f for the data of the previous figures. ‘The value of © chosen is 
that which gives the best straight line for the results. It will be seen that eqn. (4) 
is followed very accurately. 

The values of the constants are shown in the table. 


Specimen (9) Po ps 

I (run a) 520 6°39 x 10-* ohm cm —3-52-< 10m 
I (run b) 520 6:39 x 10-§ ohm cm —3-42x10-* 
II (run a) 430 1:70 x 10-* ohm cm —0-80 x 10-4 


The values of p* are of interest in that they have negative values. In a 
previous letter (Wright 1951b) the author deduced positive values of p* using 
data obtained at temperatures above room temperature, assuming that T>0. 
It was not at the time realized that © was so large, and thus although the graphs 
are surprisingly linear, the value of © affects the intercept. The deduction of p* 
from the results is therefore not so simple as was indicated. The question of the 
origin of these negative values of p* is not very obvious. ‘There appear to be 
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three possibilities: (i) p* may not be a constant since it is assumed that the 
cross section of Rutherford scattering for electrons of constant energy is. 
independent of temperature; the impurity will have thermal energy and thus its. 
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Specimen I showing points derived from Specimens Ib and II showing points. 
experimental results. 


derived from experimental results. 


vi brations will be temperature dependent, which will affect its effective cross- 
se ctional area. (11) The mean free path theory used is possibly inaccurate at | 
te mperatures of the order of © and greater in this region, since it may predict _ 
v alues of the mean free path of the order of the interatomic distance, where the 
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approximations made in the deduction of the mean free path theory are no longer 
valid. (iti) The cause may be the presence of the impurity centres themselves, 
after the valency electrons have been liberated. It is usually considered that 
their presence will increase the resistivity due to the fact that they break up the 
perfect periodicity of the lattice. However, in the case of the specimens of CdO 
considered here, the quantity of ‘impurity’ or excess cadmium is very great, 
since (a) the free electrons are always free, (b) they are degenerate, and 
{c) E*>hyv. It is therefore possible that presence of such a large quantity of 
impurity centres may have other effects which would decrease the resistivity, 
such as increasing the density of energy levels available to the electrons, or 
altering the lattice structure, so that in some way it is possible that the negative 
value of p* may be explained. 

It will be noticed that one of the specimens has an extremely high 
conductivity, about 20000hmtcm™ at room temperature and increasing to 
about 3000ohm™'cm™ at 100°K. Specimens of CdO having conductivities 
nearly as high have been prepared by Preston (1950) by a sputtering process, and 
therefore these values are not abnormal or peculiar to the process of making. 
Preston’s specimens were thin transparent films of CdO but were, however, 
unstable when heated. Similar results have been obtained by Helwig (1952) 
who has investigated the irreversible sections of the heating. These results 
lead one to the conclusion that many of the intermediate compounds such as 
some of the CdO specimens, and possibly such materials as MnO,, PbOg, etc., 
will form a special type of semiconductor in which m,, the number of impurity 
centres, will vary with temperature as the lattice changes from one form of oxide 
to another. ‘This variation could be reversible or irreversible and would be 
dependent on the variation of the strength of the chemical bond with temperature 
which might thus be investigated electrically. 

From the results given here, the variation with temperature of the expression 
given in eqn. (1) for the mean free path derived by Mott and Frohlich and 
Davydoy and Shmushkevitch for electrons in ionic crystals with energies E greater 
than hv, may be considered in agreement with that observed experimentally. 


ACKNOWLEDGMENTS 
The major experimental portion of this work was carried out in the Physics 
laboratories of Queen Mary College, London, by kind permission of Professor 
H. R. Robinson, to whom I am greatly indebted for both facilities and encourage- 
ment. I would also like to thank Professor J. P. Andrews and Drs. Blakemore, 
_ Hogarth and Putley for very helpful discussions. 


REFERENCES 


BLaKkEmoreE, J., 1951, Thesis, University of London. - 

Davypov, B., and SHmusHKEvITCH, I., 1940, F. Phys., USSR, 3, 359. 

ENGELHARD, E., 1933, Ann. Phys., Lpz., 17, 501. 

| Hetwie, G., 1952, Z. Phys., 132, 621. 

Hocarty, C. A., 1951, Nature, Lond., 167, 521. 

| Jones, H., 1951, Phys. Rev., 81, 149. 
Mort, N. F., and Frouzicn, H., 1939, Proc. Roy. Soc. A, 171, 496. 
Pearson, G. L., and BaRDEEN, J., 1949, Phys. Rev., 75, 865. 

| Preston, J. S., 1950, Proc. Roy. Soc. A, 202, 449. 

| Wricut, R. W., 1951 a, Proc. Phys. Soc. A, 64, 350; 1951 b, Ibid., 64, 949. 


278 


The Origin of Secondary Emission Electrons 


By A. LEMPICKI 
Electronic Tubes Ltd., High Wycombe, Bucks. 


MS. received 4th December 1952 


Abstract. A secondary electron multiplier valve is used to determine the energy 
necessary to liberate secondary electrons from emitting surfaces. It is found that 
in the case of BaO and MgO secondary electrons originate from the valence band 
and not from impurity centres. 


HE great secondary emission yields obtained from insulators have been 
ascribed by Bruining and de Boer (1939) to a reduced interaction between 
the internal secondaries and the electrons in the conduction band. In good 
insulators the latter has a very small electronic population and the secondaries 
stand a better chance of escape before they lose energy. The rule laid down by 
these authors is that a substance will have a large secondary emission ratio 3 
if the long wavelength limit of the photoelectric effect coincides with the optical 
absorption limit. If, on the other hand, the absorption begins at longer wave- 
lengths than the photoelectric effect, the substance will have a low 6. 
The rule of Bruining and de Boer presupposes that the secondary electrons 
originate from the valence band of the substance and not from impurity centres. 
A simple experiment to test this hypothesis can be performed by using a 
secondary emission valve similar to that designed by Bull and Atherton (1950), 
and having a secondary emitting surface made of a mixture of BaO and MgO. 
The circuit is given in fig. 1. Keeping the potential difference between the 
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Fig. 1. Bigw2. 


secondary emitter and anode constant (100 v) the current flowing in the secondary 
emitter lead was observed while varying the primary electron energy, as determined 
by the voltage V,. We may expect a sudden rise in emission, i.e. in current igy 
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when the primary energy reaches a value equal to the energy necessary for the 
formation of secondaries. ‘The magnitude of this energy should indicate whether 
the secondaries originate from the valence bands or from the higher impurity 
levels or electron traps. We may also expect that the direction of the current 
iggy Will change when 6 becomes larger than unity. 

The results of these measurements are given in fig. 2. Consider first the 
curve marked 7,. As we increase V, the current igg slowly decreases from zero 
(electronic flow out of the secondary emitter) up to a point (in this case 38 v) 
when a sudden reversal in direction takes place and 5 becomes larger than unity. 


160 


120 


Fig. 3. 


In this, as in the other curves, the dotted portions correspond to regions of 
instability where no accurate measurements could be made. If the voltage V, is 
increased still further the current will rise, as indicated by the broken line. If, 
however, V, is decreased it will fall without changing its direction. ‘This indicates 
that 6 still remains larger than unity. ‘The kind of hysteresis loop which we 
obtain is an indication that V, does not, in fact, correspond to the energy of the 
primary electrons. ‘The charging of the surface of the secondary emitter is 
responsible for this effect. ‘This can be demonstrated further by warming it up 
on passing current through a heater fitted inside the secondary emitter electrode. 
Curves 7, and 7; were obtained in this manner. As the temperature is increased 
the voltage which the coating may withstand (before the reversal of the current) 
and the area of the loop, gradually decrease. By continuing this process the 
curves T,, T; and 7, of fig. 3 were obtained, each of them corresponding to a 
higher temperature. Finally a temperature* is reached (7%) when the loop 
disappears and the same curve can be retraced in both directions. We can assume 
that in this case V, corresponds to the energy of the primary electrons and that 
the resistance is low enough to prevent the formation of surface charges. ‘The 
sudden, but in this case reversible, rise in 7gg occurs at V,=10v and it 
represents the energy necessary to liberate secondaries from the target. 


* It is estimated that T, corresponds to a temperature of about 300°c. 
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There are several remarks which can be made about this experiment: 

(i) The use of small currents was deliberate in order to reduce, as far as 
possible, a variable heating of the target as 7gy changes with Vy. 

(ii) All the curves except 7, indicate that when the reversal point is reached 
a very large change in zgy occurs (note the change of scale of ign above and below 
the zero line). This means that 5 increases to values considerably larger than 
unity probably because of field enhanced secondary emission. 

(iii) The value of 10ev which we have obtained above should be corrected 
for both secondary electron emission energies and contact potential. The first 
are stated to be small for insulators (McKay 1948) of the order of a fraction of 
lev. The contact potential cannot easily be measured directly because of the 
presence of grids between the cathode and secondary emitter which will tend 
to intercept all the electrons from the cathode. Since, however, the electron 
affinities for the oxide cathode and the (BaMg)O secondary emitter are likely 
to be very nearly equal, we should not expect large contact potentials. 

(iv) Similar measurements were performed on tubes having the secondary 
emitter coated with a very thin film of MgO by evaporation in vacuum. The 
results were essentially the same but owing to the short life of these tubes were 
more difficult to reproduce. The onset of secondary emission appeared to occur 
in this case at about Il ev. 

The conclusions from this experiment may be summarized as follows: the 
bulk of the secondary electrons do come from energy levels which are situated 
at about 10 ev below the vacuum potential. ‘This value is probably larger than 
the optical depth of the top of the valence band below vacuum potential. If we 
assume that electron affinity of BaO and MgO is not larger than 0-5 ev (Wright 
1948) the top of the full band should be situated at about 6ev in MgO (Weber 
1951) and about 5 ev in BaO (Apker et al. 1951). The higher secondary emission 
threshold energy indicates that electrons are liberated from levels laying deeper 
than the top of the valence band. This may indicate the existence of some 
selection rules similar to those deduced by Wooldridge (1939) for metals. 
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Abstract. ‘The variation of electrical conductivity of MgO single crystals is 
measured as a function of temperature over the range from 300° to 1500°K. 
Heat pre-treatment is found necessary to stabilize the results at high temperatures. 
Assuming that the conductivity is electronic and intrinsic the energy gap between 
the full and conduction band is found to be 4-6ev. 


made of the electrical conductivity of MgO single crystals supplied to us 

by the courtesy of the Norton Company (Canada) in pieces ranging from 
6 to 10 cm’. The crystals were cleaved into small plates of a few millimetres 
square and about 0-5 mm thickness and coated with colloidal graphite on opposite 
faces. 


ih connection with work on secondary cathodes some measurements were 
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Fig. 1. Experimental arrangement used for measurement of MgO conductivity. 


_ Figure 1 represents the arrangement by means of which all the measurements 
reported below were made. ‘The crystal was held between two platinum plates 
inside a tantalum tube which was heated by eddy currents. The glass envelope 
was water cooled. The temperature was measured by means of a Pt, Pt-Rh 
thermocouple attached to one of the plates P (not shown on the drawing). ‘The 
temperature of the crystal could be adjusted by varying the h.f. current in the 
coil C. The maximum crystal temperature attainable was about 1500°k. The 
system had the great advantage that this temperature could be maintained for 
hours without any part of the system becoming overheated. Positive ion 
emission from the tantalum tube disappeared after heating for about a day, and 
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the electron emission, never very large, could be suppressed by maintaining a— 
sufficiently high pressure in the system, of the order of 2-3 x10-* mm Hg. 
A variable d.c. potential was applied to the plates and the current was measured 
by means of a Kipp galvanometer having a maximum sensitivity of 10° acm? 
The leakage currents were measured with the crystal removed over the whole 
temperature range. These proved to be substantially constant and mainly due 
to leakages outside the demountable system. On account of these leakages it 
was found inadvisable to use voltages across the crystal greater than 10 volts. 
Trials to check the linearity of current with voltage revealed that the crystals 
obey Ohm’s law, at least up to fields of the order of 8000 vcm™. This constitutes 
sufficient reason to assume that contact resistances were absent. 
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Fig. 2. Variation of conductivity with temperature. A, before heat treatment. B, after 
heat treatment. C, second specimen after heat treatment. 


In the course of preliminary experiments it became apparent that the variation 
of conductivity with temperature depends strongly upon the history of the 
specimen and the temperature range. We can distinguish two temperature 
ranges. ‘The first from about room temperature to 800°K where measurements 
are not very reliable and reproducible and the second from 1000°K to 1500°x 
where the converse is true. 

One of the difficulties of measuring conductivity in the lower temperature 
range was due to the somewhat poor stability of the h.f. oscillator generating the 
eddy currents at small power output. ‘The measurements were, therefore, 
carried out by bringing the crystal to a temperature of, say, 1000°K and then | 
letting it cool and observing the current at the same time. Curve A of fig. 2. 
represents a typical result of this procedure. When the experiment is repeated 
we usually obtain a different value of the slope. Assuming an expression of the 
form o =o, exp(—Q/RT) the values of Q fall between 0-15 and 0:25 ev. 

In the higher temperature range the measurements were carried out by | 
gradually increasing the temperature of the crystal from about 1000°K to 1400°x. 
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The results were, however, also very erratic. In view of this it was decided to 
subject the crystals to a heat treatment prior to the conductivity measurements. 
Thirty minutes of heating at approximately 1450°K seemed to stabilize the 
properties of the crystals to a very considerable extent. Curve B, fig. 2, was 
obtained after such heat treatment, using the same specimen as in the case A. 
The curve C gives results for a different crystal after similar heat treatment. 
The slopes of other curves all fall in the range 2:2—2-3 ev. 

The stabilization of results obtained by heat treatment indicates that the 
original crystals deviate to some extent from the equilibrium composition at 
higher temperatures. The heating produces a more perfect crystal. 

It is not possible to conclude from these experiments alone whether this 
high temperature conductivity is of ionic or electronic nature. If, however, we 
represent the conductivity of intrinsic semiconductors by the usual expression 
o=o,exp(—AE/2kT) where oy is a slowly varying function of temperature and 
AF the energy separation of the full and conduction band, we obtain AE~4-6ev. 
This value is, as we may expect, somewhat smaller than that deduced from 
optical measurements. Weber (1951), who investigated the optical absorption 
of MgO, found that bands due to excess of oxygen or magnesium are ‘bleached’ 
when the crystals are heated in vacuum at a temperature of 1500°K. One type 
of absorption which cannot be bleached has its long wavelength tail located 
between 5 and 4 ev and a steep rise commences at bev. It is tempting to interpret 
this as the fundamental absorption of MgO. Weber’s results indicate, however, 
that the absorption coefficient is 4 mm! at 6ev. ‘This value seems to be low for 
fundamental absorption and it would be interesting to see whether it rises to 
much greater values at slightly shorter wavelength. 

Our results described above indicate that the changes which occur in MgO 
crystals when subject to heat treatment may correspond to the bleaching observed 
by Weber. ‘The erratic results observed prior to this treatment may be due to 
departures from stoichiometric composition which are responsible for other 
bands observed by Weber. 
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Abstract. An experimental investigation of the low-energy electron immersion 
objective in the range 20—70v has revealed new features of interest in the study 
of beam distribution and characteristics. For example, the beam current shows 
a saturation effect over a considerable portion of the modulation range; further, 
beam-trimming electrodes absorb maximum and minimum fractions of the 


cathode current for particular values of the ratio « of anode to modulator voltage. — 


Using an arbitrary convention of measuring beam width, there appears to 
be a minimum beam radius at about 40v for all beam angles, and an indication 
of a second minimum at higher energies and smaller beam angles. ‘These and 
the marked change in distribution with voltage and with « are attributed to 
space charge repulsion effects. 

The simple space charge theory breaks down for the lowest energies ; the limit 
for production of an axial beam lying at about 20 volts. The trajectories in the 
presence of space charge indicate that even for the lowest emission densities, the 
‘crossover’ may be considerably displaced. 


§1. INTRODUCTION 


HE general behaviour of the electron immersion objective is now fairly 
| well understood. ‘This has followed a study of field patterns associated 
with the geometry of the system, together with an appreciation of their 
optical character as regards electron rays. ‘The results of such investigations 
have proved important in the industrial applications of all kinds of electron 
devices which depend for their proper functioning on the production of an 
electron stream with defined characteristics. The function of the objective may 
thus be said to be to provide a beam of a certain diameter, electron density, 
energy and shape, the degree to which each of these parameters is specified 
depending on the application in view. ‘This is achieved by the use of suitable, 
but variable, electrostatic fields produced between electrodes generally in the 
form of apertured discs, whose effect on the beam may control the extent of these 
factors to the desired amount. 
Such ‘guns’ for medium and high voltages (up to 10 kv) have been described 
by Maloff and Epstein (1934), Law (1937), Langmuir (1937), Pierce (1940, 1944) 
and Jacob (1950). ‘Their performance has been well summarized in review 
articles (Field 1946, Morton 1946). ‘The principles associated with their design 
are usually based on laws derived empirically, though approximate theories 
have been proposed to explain their performance. These, however, suffer in 
most cases through neglect of the effects of space charge whose variable magnitude 
complicates the exact solution to an inordinate extent. Such a complicating 
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feature when present at very low voltages (e.g. 20-70v) produces effects which 
completely alter the picture of beam formation, and introduce new patterns not 
encountered in the higher velocity regions. 

The present work is directed to a study of some of the characteristics of an 
objective producing low-energy beams; the rough form of trajectories of specially 
selected electrons have also been calculated by a step-by-step method in which 
the space charge factor has been approximately assessed at each stage of the motion. 


§2. THE EXPERIMENTAL SYSTEM 


This consisted of an indirectly heated oxide cathode Ca, coated with a 
BaO/SrO mixture, as the electron source, a modulating electrode M and three 
electrodes A, B, C close to each other as shown in fig. 1. The latter can act either 
as a composite anode or may be used to produce variations in electron density 
angle, etc., in the beam emerging from the aperture in A. The emission was 
stabilized on the pump and the gun aged after ‘ gettering’ and sealing off till the 
emission was again constant with time. A graphite coating on the walls of the 
tube consisting of three separate rings, each with its own connection, together 


Graphite Graphite Graphite 


| | 
B.. i] ee OSS ak om, ee My 


Ca 
0-2mm 


' 


Dr x 
30 
oOo 
x 5 
»~ tee 
[x= 


L.2mm 2mm _} 


' ' : t : 

[A B C 25mm 9mm 25mm Smm 25mm 2S mm 
ie * T= — ae win Clee © 7 7. 

[03mm 03mm 03mm Er : ; u ; \ 

05mm 


\ { 
02mm 


CX=44mm End Collectors 

Electron ? ake ee 
Gun Collecting System eee 

3 60» 30 » 

4127» 60 » 

5 200» I27 » 


Fig. 1. Immersion objective and collector system. 


with a series of concentric collecting discs at the end remote from C, all kept at 
the final accelerator voltage, served to collect the beam, while the return current 
to the cathode was separately recorded. ‘The purpose of the system of collectors 
was to follow through changes in beam distribution when the space charge was 
altered. 

To ensure that the stray field in the laboratory did not interfere with the 
beam formation in the objective, the axis of the gun system was carefully aligned 
along the resultant of the stray field and the earth’s magnetic field. Delicate 
tests involving the use of concentric collectors were applied to detect and correct 
any asymmetry in the final beam. ‘The adjustments were not considered 
satisfactory unless there was negligible deflection of the beam, and consequently 
negligible change in current to the collectors when the accelerator voltage was 
varied. Some idea of the effects of disturbing fields is given by the fact that a 
field of 0-03 oersted acting on a 20v beam over a length of 15 cm will deflect it 
through |] mm. 
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The field in the cathode/modulator/anode region was determined by using ~ 
enlarged models ( x 10) of the electrode assembly in a set of separate experiments 
carried out in the electrolytic tank. ‘This was subsequently used as the basis 
on which the trajectories were determined, both with and without the effect of 
space charge. 

In order to assess gun performance under the simplest operating conditions 
the electrodes A, B, C were all kept at the final accelerator potential while the 
modulator potential was varied in value through a range from close to the cut-off 
point up to that of the cathode potential. The current taken by these electrodes, 
as well as that to the graphite rings and concentric collectors, was separately 
measured. 


§3. THE GUN CHARACTERISTICS 


The modulation characteristics of the usual immersion objective indicate 
that in all cases the total emission from the cathode passes through the aperture 
in the accelerator at all modulations, to be made use of in the focusing system 
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Fig. 2 (a). Beam characteristics. Fig. 2 (6). Efficiency of gun. 


following the gun. ‘This no longer holds in the region of beam energies from 
30-70v. Here, while the cathode current J, is substantial, a decreasing fraction 
of it reaches the focusing system as the modulator potential is carried towards the 
cathode potential. Further, there is a definite falling away of current emerging 
from aperture C (subsequently called beam current Jy) in the region between 
Vy, = —10 and V,,;=0, and an actual reduction in axial flow. An example of this 
is shown in fig. 2 (a) for a 50v beam; the currents taken by the A, B, C electrodes 
which constitute the accelerator are also plotted. 

The normal effect of applying a negative bias to the modulator is to decrease 
the current in the beam, usually very rapidly over the first few volts of the 
modulation range and then more gradually, till a ‘tail’ develops towards the 
cut-off point. In the present case a negative bias of one-third the full modulation 
range, while suppressing the current to A, still allows considerable current to 
flow to B and C. ‘This means that the beam shows a high divergence over the 
short region of 2mm between A and B (and also between B and C) which does not 
disappear entirely till near the end of the modulation range. Though C appears 
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to take most current over the major part of the range, there is a ‘saturation’ 
effect from about Vyy~= —5 to Vy,=0 which is most interesting. ‘This effect, 
coupled with the nearly flat portion for the beam current Ip, indicates that the 
electron distribution in a 2mm diameter core of the beam is more or less stationary 
at these high values of modulation close to the cathode potential. The distribution 
outside this core must be considerably altered in this range, since both the 
A and B electrodes, and particularly the latter, show substantial increases in 
current. It is obvious that space charge repulsion effects have completely altered 
the character of the beam structure at these low energies. This peculiar 
behaviour is reflected in the curves (fig. 2 (b)), showing the efficiency 7 of the gun 
(the ratio of beam to cathode currents). The fact that there are small variations 
in 7 at Vy,=0 is not surprising, because of the ‘trimming’ effects in the field-free 
space between electrodes B and C which were kept at anode potential. For any 
ratio of the modulation to anode voltage it is found that 7 increases with increasing 
accelerator voltage; further, for any given accelerator voltage 7 increases with 
increase in modulation bias towards the cut-off, due presumably to a continuous 
narrowing of the beam angle as occurs in an ordinary gun. This is what would 
be expected if the space charge were responsible for the change in electron beam 
structure across the beam. 
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Fig. 3 (a). Fractional currents to B and C_ Fig. 3 (6). Fractional currents to B and C 
electrodes for various beam energies. electrodes for various values of «. 


The behaviour of the peripheral portion of the beam, 1.e. electrons collected 
by A, B and C, is important in view of the significance attached to the effects 
produced in the assumed virtual cathode. The currents to B and C are plotted 
in fig. 3 (a) as fractions of cathode current for various accelerating voltages for 
different values of the radio « of accelerator potential V, to modulator 
potential Vy,, both with respect to the cathode. ‘The values of Vy, thus range 
from zero to the full cut-off voltage Vo. The physical significance of « can be 
readily understood from the simple relationship A; = 9% {(% — C)/«} involving the 
angles 0, at Vx, and 6, at Vy,=0; Cis aconstant. In this case, as Vy increases 
the beam angle decreases, and it is well known that an approximately linear 
relation between these exists over about three-quarters of the modulation range 
beginning with V;,;=0. Hence over this range «(= V4/V3,) varies from about 
unity to infinity, though most of the experimental results of the present work 
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lie within the range «=1 to x«=6. For any fixed V, the beam angle is of course 
directly proportional to V9 — V,, and it would have been preferable to use this 
as a parameter in the measurements. This was, however, discarded owing to 
uncertainties in the value of Vo arising from the long current tail with this 
special geometry. Ifthe values of V, and Vj, be multiplied by the same constant 
factor k then it is simple to show that the trajectory, and hence the beam angle, 
is not affected unless the potential distribtion is disturbed by the presence of 
the space charge. In this case the effects of potential depression may cause 
marked changes in distribution in the beam. An important purpose of the 
experiments was therefore to investigate hov the electron distribution varied 
with electron: velocity for various constant values of the beam angle, 1.e. of the 
parameter «. 

In fig. 3(a) the tendency for the currents to B and C to decrease at the 
higher accelerator voltages is in accord with the view that the space charge 
repulsion effects are diminishing. Figure 3 (6), which examines the fractions 
of cathode current to B and C, expressed by K, and K¢ respectively in greater 
detail, reveals the existence of a maximum and minimum for particular values 
of « Whereas K,, becomes almost constant for values of « greater than 3, 
Kj increases almost linearly with «, i.e. with increase in beam angle. ‘This 
difference in the ‘trimming’ effect on the beam is interesting. It means that 
above values of « equal to 3 the proportion of current surrounding the core 
of the beam remains substantially constant, while in the extreme peripheral regions 
the rectilinearity of the envelope has disappeared, and the current to electrode B 
is increasing faster than the cathode current. The axial beam current passing 
through C is, however, found to be increasing correspondingly more slowly than 
the cathode current. 


§4. ELECTRON DISTRIBUTION IN THE BEAM 


The electron distribution in the beam emerging from the aperture C was 
determined from the current collected by three insulated graphite rings along the 
walls of the tube (each with its separate external connection) and that arriving 
at a series of nearly coplanar metal discs of increasing diameter insulated from 
each other and placed perpendicular to the tube axis and coaxial with the beam. 
The positions and dimensions of the collecting system are shown clearly in fig. 1. 
All the electrodes composing it were kept at the same potential as electrodes 
A, B and C, so that the beam traversed a field-free space before reaching the 
collectors. 

With the currents to the collectors and their areas known, the distribution 
in the beam at any one time could be determined. The effects produced by space 
charge changes in the beam could thus be quickly ascertained. For example, 
there was sufficient resolution in the axial region to enable effects on the 
distribution to be followed through as the beam parameters were varied. Such 
experiments were carried out for different voltages on the accelerating system 
(A, B, C) and for various values of the ratio V/V. The table shows the values 
of the space charge factor V*//I, for various values of «, i.e. for different beam 
angles at different accelerating voltages. It can be seen that this is reasonably 
constant in value, particularly for large beam angles. There are thus no anomalies. 
in the space charge law for the total current, even down to the lowest energies used. 

An interesting feature of the simple theory is that it assumes the electron 
trajectories do not cross, i.e. the current passing through the cross section 
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embracing a particular trajectory does not vary with longitudinal axial distance. 
It is easily seen that where the potential depression is small the beam will remain 
homocentric if the current density is uniform. In the case of parallel trajectories 
in diverging beams it can readily be shown, on applying Gauss’ theorem, that the 
force on the electron remains constant independent of radial height if the current 
density can be assumed to vary inversely with radius, a condition impossible to 
fulfil in practice. 

The conditions in the beam forming portion of the gun are all important in 
following through the subsequent spread of the beam in its passage to the 
collectors. It is likely that, for large beam angles, we are dealing with a diverging 
core whose waist lies somewhere between the modulator and the A electrode. 
On the simple space charge theory it is possible to trace back the beam to an 
origin in the C aperture which, for the maximum current of 25 a to the collectors 
(at 60v), corresponds to an area of radius 1 mm in the plane of C. As the beam 
angle is decreased this area contracts and the ‘waist’ of the beam will vary in 
both size and position, with a corresponding effect on the distribution. 


Values of Space Charge Factor V??/J,, for Various Energies and Beam Angles 


V\@% 1 225 15 2:0 3-0 4-0 5-0 6-0 

70 7k Side BOS 1-60 1-02 0:79 0-67 0-60 
60 17-6 By7/ 3:18 lions 1-01 0:78 0:68 0-60 
50 IES) 4-98 3-02 1-70 1-01 0-78 0-65 0:60 
40 = 4-78 3-01 1-70 1-05 0-76 0-64 0-60: 
30 —— 4-60 2:68 1:85 0:96 0:76 0-61 0-58. 
20 — — — — O94 0-74 0-65 0:56 


V is in volts, J is in pa. 


A complicating factor which is difficult to assess without further work 
involves the aberrations in the lens system, since the distributions will obviously 
be affected by the chromatic and spherical error, as well as by the distortion. 
Further, it is known that their extent is governed by the strength of the lens 
system, so that an alteration of field may give rise to a variation in distribution 
arising from this cause. However, in the interpretation of subsequent 
distributions the lens aberrations will for the most part be neglected and the 
variations in beam distribution considered as arising from changes associated 
with the space charge, particularly in the region between the ‘floodlit’ aperture C 
and the concentric ring collectors at the end of the tube. Such an assumption 
is justified for high energy beams, which show no marked changes in the form 
of the distributions as the beam angle is varied by altering the focal properties 
of the electron gun (Jacob 1939). 

A typical form obtained for the distribution curves at the collectors is shown 
in fig. 4 for varying accelerator voltages at «=2. ‘The curves closely resemble 
gaussian distributions. ‘The ordinates for any radial point roughly obey the 
3/2 power law; except for the lowest value of 30v, which shows a marked falling 
off of current density for all radial distances. This is shown more clearly in 
fig. 5 by plotting the current ratio for voltages of 70 and 30 to give a ‘ space charge 
line’ (S.C.) for the whole system of electrodes taking current, from the moment 
the beam passes the anode A, for each value of x. The deviation for the near-axial 
region, corresponding with the inner collectors, is particularly noticeable, and. 
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the unexpected behaviour for electrode E represents a kind of periodic variation 
in density across the beam at the lowest energy. 

Another feature of the curves is the very long tail associated with them even 
when the beam angle has been restricted by making « small, i.e. there is no sharp 
or clearly defined cut-off. This makes it impossible to assess the ‘ width’ of the 
beam without the use of some convention which allows for the concentration of 
charge. It is proposed to adopt a purely arbitrary value of one-fifth the peak 
height, and to express all beam widths in terms of the width of the curve at this 
point. The results are shown in fig. 6, where the curves refer to different voltages 
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Fig. 5. Space charge ratio at collectors. 


and beam angles. Under these conditions there appears to be a minimum beam 
radius at about 40v for all beam angles and an indication of a second minimum 
at higher voltages and small beam angles. Similar sets of curves with the same 
type of characteristic shape were also obtained by using conventions of $, 4, } and 
4 of the peak height when assessing the widths. ‘The very marked effect shown, 
corresponding to beam energies of about 30v, could be repeated from day to day; 
this was done on many occasions in order to confirm its presence. An apparent 


anomaly of this kind might be questionable on two grounds: (i) possible 
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scattering effects due to gas present in the tube, (ii) secondary emission from 
apertures causing a variation of distribution across the beam. As regards (i), 
the processing on the pump, gettering, and clean-up action of the discharge when 
running over several months reduced the pressure below 10-8 mm. ‘That such 
low pressures were attained was attested by the freedom from emission variations 
even for the smallest currents; further, at these pressures only about one out of 
2x 10° electrons leaving the cathode suffers a collision with a gas molecule; 
scattering effects must therefore be considered negligible. 

As regards (11), all electrodes were kept at anode potential. No variation in 
current to the end collectors could be detected when their potentials, individually 
and collectively, were varied by + 10° from the final anode potential. It was 
considered unlikely that any electrons except those striking the inner edge of the 
aperture in the forward direction should get into the beam. Of these, the number 
which get into the marginal regions of the beam will be limited by the trimming 
etfects of electrodes A, B and C, and at these low energies the secondary emission 
ratio for thoroughly degassed electrodes is exceedingly small. Other factors 
tending to suppress such effects arise from (a) the reverse field as between the 
edge of the aperture and points on and near the axis in the vicinity of the centre 
of the aperture, (b) the space charge of the beam itself, particularly the negative 
field set up in the region between electrode C and the collectors; an estimate 
of its value shows it to be of the order of some tens of volts for the energies 
used. The distribution in the core of the beam as recorded must therefore 
represent the state of affairs existing in electron beams produced under the 
conditions stated. 

The anomaly at about 30v is not surprising in view of later work which 
indicated the existence of oscillations in the plasma of the cathode region at about 
this energy. ‘The simple electron optical feature of the focusing would lead to 
the expectation that, for constant «, the effect of the variation in V should not 
produce any change in the distribution, provided the space charge does not 
affect the paths. The marked change with voltage must hence be attributed 
mainly to the effects of space charge, which affects the distribution in the peculiar 
way shown by the curves. If the set is replotted in terms of « as in fig. 7, the same 
kind of irregularity is apparent. Here, only when «=1 does the beam width 
remain independent of energy, as it would do for a high energy beam at all values 
of «. For any particular energy the beam appears to have a maximum width 
for x =2, although the behaviour at 30v is irregular below this value of «. It then 
usually decreases or tends to become constant as the beam angle increases. 

This behaviour must be the result of other important factors not previously 
considered, in combination with the space charge effect, e.g. the possible 
production of positive ions, both in the interelectrode space as well as in the 
“field-free space’, to the collectors. ‘The variations of current density per unit 
collector current with voltage, for each individual collector, bear out the evidence 
that the simple space charge theory breaks down for low energy beams—-the ratio 
for the central collector falls off at about three times the rate of that for the second 
concentric collector between 30 and 40v energy, and also shows a distinct minimum 
at about 65v energy. Below 20v the current to the central collector practically 
vanishes and the high values of beam radii at 30v indicate that this energy 
approaches the limit for the production of an axial beam with the gun under 


examination. 
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§5. THE FIELD IN THE OBJECTIVE 
Field plots of enlarged models of the system comprising the objective were 


obtained in the electrolytic tank by two methods of measurement: (i) straight- _ 
forward pick-up using a valve voltmeter as the measuring instrument, (11) an | 
improved method based on proportional measurement of the potentials, giving 


easier operation and greater accuracy in spite of fluctuations in the beat-frequency 
oscillator output voltage, i.e. potentials are measured in all cases as fractions of 
the supply voltage, which is placed across a potentiometer. An unbalance 
indicator, consisting of a long-tailed pair, rectifier and meter, was used in place 
of a galvanometer, since it has the great advantage of very high input impedance 
(~10!° ohms). The accuracy depends on the accuracy of calibration of the 
potentiometer and the sensitivity of the ‘long-tailed pair’ balance indicator. 
The anode loads were adjusted so that the gain of each triode was the same. Equal. 
signals placed on the grids then gave minimum reading on the microammeter. 
Compensation for the slight difference in slope of the valve characteristics was 
achieved by the use of a condenser in the bridge circuit, as well as by running the 
valves at slightly different mean anode potentials to establish the correct balance 
condition at all inputs. 

With an input of 20v from the oscillator the sensitivity is such that a change 
in setting of the potentiometer by 0-001 of its value corresponds to an overall 
accuracy of within about 1% in the worst case. ‘The axial potential distribution 
is shown in fig. 8(a). It conforms to an exponential law V=Ae™ over a 
considerable part of the cathode/modulator spacing. The variation of A and k 
with « is shown in fig. 8 (0). 
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§6. "TRAJECTORIES IN THE ABSENCE OF SPACE CHARGE 
The step-by-step method of Maloff and Epstein (1934) was used to trace: 
trajectories, since it was considered unnecessary to apply the more recent refined 
and elaborate numerical techniques owing to uncertainties introduced by 
unknown complicating factors. Families of trajectories were computed for the 
various values of «, taking V =50v in each case. The initial velocity was assumed 


to be 0-1v, or zero, for electrons directed parallel to the axis, while a value of 


0-1v was used for those leaving the centre of the cathode at 90° to the axis. The 


j 
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shapes of the paths in the focusing field are shown in fig. 9, in one case as far as 
its intersection with the axis, thus defining the plane of the ‘crossover’. The 
size of the latter is seen not to vary greatly as the beam angle is increased above 
% =2, i.e. as the curvature of the field in the vicinity of the cathode is made weaker, 
which is somewhat surprising. Its location also appears to shift away from the 
cathode with increase in x. The position of the cathode image will not be sharply 
defined since it is bound to be greatly affected by the chromatic aberration at 
these low energies; this also is partly responsible for a crossover size of about 
0-2mm, an unusually large value with immersion systems. 
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Fig. 9. Electron trajectories in the absence of space charge. 


§7. ‘TRAJECTORIES INVOLVING SPACE CHARGE 


An approximation to the type of trajectory taken by an electron when the 
space charge forces become appreciable in comparison with the focusing forces 
of the field may be obtained by using the step-by-step method and assuming 
(i) the space charge forces over cylindrical elements of the beam of length dz 
and radius 7 are given by simple application of Gauss’ theorem, and (ii) these 
are additive vectorially to the electrostatic forces produced by the field in the gun. 
The effects of potential depression and all space charge effects which are 
non-radial are of course neglected here. 

The outward force on an electron at radius 7 on the periphery of the envelope 
embracing a current J is thus derived from 


md*r/dt®=Ee=(2Q0e/r)dz, nee (1) 


where Q is the charge in a cylindrical element of length dz. If v is the velocity, 
d*r ena, 
=f ee a 
then BP oe ore oe (2) 
at any 7. 
: aT, ee 
For the static field ite V Ee act ge an Be (3) 


where p is the curvature of the equipotential at the point considered. ‘Thus 
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Now v=(z,—2o)/to; for the step 0 to 1, where fo, is the time taken to traverse 
the path between 0 and 1, so that 


Wht Lite ee SY ne 
dt? 7(z,—%))m pm 
The velocity at the end of step 1 is given in terms of the velocity at the 
beginning by v, =v) + (acceleration x time); then 


dr dy sl. st 504 roV" e 
at), \dt a, meee i heen eee 6 
ey ek ae M ro 314 —2o em (6) 
This can be transformed for use with practical units and a step of 0-01 cm to give 
dr dr ; 
Td ae or = Cig, <@ alee eee 7 
(Zi), (a), + At! Chop (7) 


where A =3-15 x 10° Z/r), with J in amps and 7) in cm, and C=8-765 x 104 7)V". 

A rough set of trajectories for the immersion system at 50v in the presence 
of space charge is shown in fig. 10. These were derived from the preceding 
analysis and assume (i) parallel emission, (ii) an initial energy of 0-1v, (ii) an 
initial height of 0-05cm above the axis of the emitting cathode. They were 
traced for average emission densities of 4.5macm™~ and with the modulator 
electrode at cathode potential. 
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Fig. 10. Electron trajectories in presence of space charge. 
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Fig. 11. ‘Trajectory plots for various values of a. 


The trajectories without space charge shown for comparison give some idea 
of the profound effects introduced by the space charge. Even for average total 
cathode current densities as low as 2macm” the plane of the crossover may be 
displaced considerably. For any constant current the repulsion effect is more 
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pronounced the closer the emitting point is to the centre of the cathode, as is to 
be expected, and if close enough can even result in a defocusing effect which may 
prevent part of the beam from passing through the aperture in the modulating 
electrode. Under certain conditions of current density the balance of forces 
may be such as to produce a parallel beam over small regions of the field; this 
soon gives way to divergence, weak or strong, depending on the extent of the 
modified curvature introduced by the space charge. 

The plots for various values of « with the same system are interesting. These 
are shown in fig. 11 for an originating height of 0-05cm. Here again there is a 
displacement of the crossover plane with current density; there is a further 
displacement with «. ‘The dominating effect of space charge repulsion in the 
region between the cathode and modulator is appreciable for small values of «, 
and there is a definite converging effect on the whole. As « increases, this effect 
does not appear so striking; average current densities of only some 10macm-2 
give place to a diverging effect which may prevent the peripheral portion of the 
beam from passing through the gun system. 

Generally, the electrons tend to remain at a fairly constant radius during the 
early stages of the motion for current densities corresponding with experimental 
values when the modulation ratio « is large. For the lower values of « there is 
the constant interplay between field and space charge forces which results in the 
formation of the ‘waist’, after which the beam diverges in its passage to the 
collecting electrodes. 
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Abstract. A miniature cascade helium liquefier-cryostat is described which 
will cool from room temperature to 4-2°K in half an hour and enables continuous 
experiments to be carried out at or near this temperature, or at intermediate 
temperatures, for as long as required. It consumes only liquid oxygen and 
hydrogen from high-pressure cylinders, is extremely economical in its con- 
sumption of these materials, and incorporates a number of new features which 
make its operation almost automatic after the starting-up period. 


§1. INTRODUCTION 
Te difficulties of carrying out complicated experiments at liquid helium 


temperatures are aggravated if the experimenter is dependent on others 

for the supply of liquid helium unless it can be kept available at all times. 
Such a service would be costly and has not yet been provided in any laboratory 
in this country. A complete solution is provided in principle if each experi- 
menter can make his own liquid helium using only materials always available. 
This approach is particularly promising if the liquefier and the experimental 
working space, or cryostat, can be combined in the same envelope, because 
transfer losses are then avoided and only a very small quantity of helium need 
usually be liquefied. ‘This miniature technique, developed by Ruhemann (1930) 
and Simon (1936), has been widely employed. In spite of its obvious potential 
advantages, the cascade principle, in which all stages of liquefaction are combined 
in one envelope, has seldom been applied with the miniature technique. The 
present paper describes a miniature cascade liquefier which differs from previous 
designs in that particular attention has been directed to reducing the starting- 
time and to simplicity and continuity of operation, in order that the need for each 
experimenter to run his own liquefier should not itself add to the difficulties of 
the experiment. Special attention has been paid also to the question of flexibility 
so that experiments of many different kinds can be performed with the minimum 
of adjustment. 


§2. PRINCIPLES OF THE DESIGN 


The miniature cascade liquefiers described by Rollin (1936) and Schallamach 
(1943) employ Joule—Kelvin expansion at the liquid hydrogen stage and the Simon 
expansion method at the liquid helium stage. We have employed the Joule— 
Kelvin method at both stages because its use in the helium liquefaction reduces 
the starting-time, permits the liquefaction of further quantities of helium at 
any time without warming to hydrogen temperatures, and makes for easy 
adaptability to a wide range of experimental applications. The greater 
difficulties in the Joule-Kelvin method arising from contamination have been 
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overcome by the use of a small oil-free gas-tight compressor of new type 
(Jones 1951) working in a closed helium circuit which includes a dry gas-holder 
in the form of a large rubber bellows. (We are indebted to Professor J. F. Allen 
for kindly supplying us with information about such gas-holders.) 

The design and circuits of the liquefier are shown schematically in fig. 1. 
There are four stages of cooling. The main vacuum chamber A is covered 
to a depth of several centimetres by liquid oxygen in an open Dewar vessel. 
The inner container B is maintained at 62°K by liquid oxygen boiling in it at 
a pressure of about one cm. High-pressure hydrogen, pre-cooled to 62°K, 
expands into vessel C, in which a pressure of about 20 cmabs. is maintained by 
a rotary pump at the outlet of the return exchanger. The liquid hydrogen 
in vessel C serves to cool the high-pressure helium to about 16-5°K before 
Joule—Kelvin expansion into vessel D. Vessel C also carries a radiation shield E 
for the protection of the helium stage. Constructional details will be found in 
the Appendix. 
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For reasons of economy it was decided to use liquid oxygen rather than liquid 
air for pre-cooling, in spite of the fact that lower temperatures can be reached 
with liquid air, and to make as full use as possible of the cylinders of hydrogen 
by continuing to use them down to, say, 35-40atm. ‘To obtain a reasonable 
yield of liquid hydrogen at the lower cylinder pressures a somewhat low pre- 
cooling temperature is required, and this is achieved, using liquid oxygen, by 
the introduction of the second pre-cooling stage B. Since this stage is well 
insulated and is used only to cool gas from 90° to 62°K, the required degree of 
vacuum can be maintained by quite a small pump. (We have found Aroclors 
1248 and tritolyl phosphate satisfactory as non-inflammable pump oils for use 
in pumping oxygen.) 

With the small flows of hydrogen necessary, it is possible to maintain the 
liquid hydrogen at a pressure of 20cmabs. or less, again using quite a small 
pump. The rate of flow of helium is adjusted so as to evaporate the liquid 
hydrogen at about the same rate as it is formed and, because al/ the returning 
hydrogen is heat-exchanged with the incoming hydrogen between 16-5°K and 
room temperature, maximum refrigeration at 16-5°K for a given flow of hydrogen 
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is achieved. It is interesting to compare the present design with that of its 
closest relative, the much larger Joule-Kelvin cascade liquefier at the Royal 
Society Mond Laboratory, Cambridge (Ashmead 1950), where one liquid air 
stage and two liquid hydrogen stages are employed as compared with our two 
(liquid oxygen) and one stages respectively. The reasons for our introduction 
of a second liquid oxygen stage have been explained. The use in the large 
Cambridge liquefier of a second liquid hydrogen stage was necessary to avoid 
the use of an impracticably large pump. 

The following special features are incorporated in the present design: 

(i) An automatic valve dispenses liquid oxygen (via a gauze filter) from 
above vessel A to vessel B as required to keep the level in B constant. ‘This 
valve is a simplified version of a type already described (Jones 1948) and is 
actuated by a single vapour pressure operated bellows connected to a bulb 
situated inside B at the desired level. In practice, stage B thus requires no 
attention from the operator. 

(ii) In order to achieve a short starting-time without wasteful consumption / 
of hydrogen, vessels C and D are cooled to 62°K by circulating helium in its 
own high-pressure line F, which is soldered to vessels B and C, through the 
expansion valve H and returning through an auxiliary line G which by-passes 
the return exchangers. Only after 62°K has been reached need the circulation 
of hydrogen be begun. The same helium by-pass line is used subsequently 
in the usual way to cool D to 16-5°K before the heat-exchangers are brought 
into operation. Since at this time the helium is not heat-exchanged between 
90° and 16-5°x, there is some thermodynamic inefficiency; the introduction 
of more than one by-pass line was not however thought worth while. 

(iii) Once started, the operation of the liquid hydrogen stage becomes entirely 
automatic, for the speed of the pump and tubing is such that if there is no 
flow of helium vessel C cools below 16:5°K, and as soon as it is full the 
incoming gas solidifies at the expansion valve and automatically stops the flow. 
Only if vessel C becomes empty or is warmed by the passage of helium gas does 
the ‘ freezing valve’ open and allow more hydrogen to pass. In practice it is found 
that this stage again can be left quite unattended for, say, a whole day. It will 
be noted that this innovation automatically restricts the production of liquid 
hydrogen to that quantity necessary for the liquefaction and protection of the 
helium required for the experiment. In conjunction with the feature mentioned 
in the preceding paragraph, it limits the consumption of hydrogen gas to the 
minimum quantity actually necessary. 

Once the desired quantity of helium has been liquefied the liquefier as a 
whole requires no attention except the addition (about twice an hour) of liquid 
oxygen to the (open) Dewar vessel. 

A number of other points may be noted briefly. With silica gel and charcoal 
traps in the hydrogen circuit it has been found possible to use a fixed (pre-set) 
expansion valve (after Ruhemann 1930), with consequent saving in trouble and 
complication in the design. The flow is adjusted by varying the pressure before 
the expansion valve, since a satisfactory liquefaction yield can be obtained over 
a wide range of pressures. ‘The situation is somewhat different in the helium 
circuit because there is a clear optimum pressure for the liquefaction of helium 
between 20 and 25 atmospheres at our starting-temperature, and the variations 
in pressure required to vary the flow between the desired limits during a run 
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may extend well outside this region. It is therefore necessary to have the 
helium valve under positive control, and a screw and screwdriver valve similar 
to that described by Schallamach (1943) is employed. Pressure gauges and 
vapour pressure thermometers are fitted at appropriate points in the liquefier, 
and a Rotameter in the low-pressure line indicates the rate of flow of helium. 
At present silica gel and charcoal traps are included in the helium circuit as a 
precautionary measure. 


§3. PERFORMANCE 
The following figures refer to a timed run conducted in order to obtain 
performance data. 
Time 
(min) 

0 Whole apparatus at room temperature. Filling with liquid oxygen 
started. Oxygen pump (250 litre/min) started, and helium circula- 
tion (40 litre/min) started by switching on compressor. 

6 Vessel B at 62°x. Cand D at 90°x. High vecuum pumps connected 
to A. Hydrogen circulation (30 litre/min) started. 

9 Vessel C at 62°K (helium flow temporarily stopped). 

14 Liquid hydrogen in C. Hydrogen pump (250 litre/min) started. 
Helium flow restarted. 
22 Helium by-pass closed. (Flow of helium now 16 litre/min, flow of 
hydrogen 10 litre/min) 

32, Liquid helium in D. 
The latter part of the starting-time (in this test over one half), which is taken 
up in cooling stage D to 4-2°x, depends of course on the thermal capacity at D. 
In this test the mass (of brass) at D totalled 160 grammes. With smaller masses 
the starting-time would be correspondingly shortened, while the addition of 
further apparatus to be cooled would lengthen it. ‘The subsequent rate of 
liquefaction of helium is about 2-5cm3/min, corresponding to a liquefaction 
_ coefficient of 0-11—about 85% of the theoretical yield. The rate of evaporation 
of liquid helium will normally vary between 2 and 5cm?*/hour, according to the 
type of experiment being carried out, so that the quantity of liquid produced 
in ten minutes’ additional running will usually suffice for 5 to 10 hours’ working. 
_When more is required it is necessary only to re-start the flow of helium gas for 

_a few minutes. 

| Approximately 400 litres of hydrogen (measured as free gas) are used in 
cooling the liquefier to 4-2°x, 35 litres for every 10 cm of liquid helium produced, 
and a further 40 to 50 litres per hour subsequently in making good evaporation 
losses. About 45 litres of liquid oxygen are used in pre-cooling the liquefier 
-and producing 50 to 100cm* of liquid helium, and about 0-4 litre per hour 
subsequently in making good evaporation losses. It will be noted that in the 
above timed run the flow of hydrogen was started earlier than necessary, thus 
reducing the starting-time but somewhat increasing the consumption of hydrogen. 
Under these conditions two full days’ work, each of up to 10 hours’ duration 
and requiring 50 to 100cm?* of liquid helium, may be carried out using 
one cylinder of hydrogen of standard size (165 ft?).. If, in starting up, vessels 
C and D are cooled to 62°k by the circulation of helium only, as described, the 


- . . *. Me ) 
starting-time is increased by about 10 minutes, but now three days’ work may 
U-2 
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be expected from one cylinder of hydrogen. The consumption of liquid 
oxygen is about 8 litres in a full day. The quantity of helium in the circuit 
need not exceed 200 litres. 
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APPENDIX 
By P. F. Chester, J. A. Hulbert, G. O. Jones and D. L. Martin 


CONSTRUCTIONAL DETAILS 


Three helium liquefiers of the type described are now in existence. ‘The 
performance data already given were obtained with the first model to be built, 
but a number of constructional improvements have been incorporated in the 
later models, which are described below and illustrated in fig. 2. The letters 
used in this figure are consistent with those already used in the main part of 
the text. 

The dimensions were chosen to allow the liquefiers to fit inside large glass 
Dewar vessels (50cm length, 10cm diameter) of a type now commercially 
available. For greater reliability and rapidity of cooling it was decided to use 
all-metal construction. ‘The outer vacuum case A and the inner vessels B, C, D 
are of brass and the wide vertical tubes of stainless steel. All joints or seals 
which are required to be gas-tight are hard-soldered, except that the expansion 
valves are soft-soldered into position, and the outer vacuum-case is joined to 
the top-plate by an easily demountable seal of Wood’s metal. The liquid 
oxygen control valve is soft-soldered into position from outside the vacuum 
chamber. Short tubes of stainless steel are made integral with the top-plate, 
so that small tubes passing into the vacuum space may easily be hard-soldered 
into position without heating the plate. An eccentric arrangement of vessels 
and tubes has been adopted. ‘This allows a tube of lin. diameter and several 
smaller tubes (including a number of ‘spare’ tubes added to increase the 
flexibility of the apparatus) to be passed straight down from outside the liquefier 
to its coldest parts. All such vertical tubes are reduced in wall-thickness over 
parts of their length. 

For simplicity in construction the heat-exchangers are made of pairs of 
cupro-nickel tubes (H.P. tubes: in. 0.d., 26s.w.g.; L.P. tubes: in. o.d.,, 
26s.w.g.; length 1-2m) hard-soldered together side by side. Cylindrical 
sleeves serve to connect the separated ends of the exchangers to other parts. 


Cooling coils for the high-pressure gases are soft-soldered to the outside of | 


| 
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vessels B and C. The by-pass return path for the low-pressure helium is 
provided by the fin. tube which sheaths the control rod of the expansion valve ; 
this tube can be used as a low-resistance pumping tube to lower the temperature 
of the helium below 4-2°x. The vessels containing liquid hydrogen and liquid 
helium are fitted with outlets (normally 
sealed) in their bases to which connec- 
tions to other vessels may be made if 
necessary. If such a vessel is attached 
to the 1 in. tube mentioned above, liquid 
can be decanted into it, and specimens. 
up to nearly 1 in. diameter cooled to 20-4° 
or 4-2°xK by inserting them vertically from 
outside the apparatus. A fraction of the 
helium gas circulated may be drawn off 
either before or after the expansion valve 
for the purpose of cooling a specimen 
in the vacuum space. All stages carry 
drilled copper stubs for the purpose of 
thermally ‘fixing’ suitable points along 
the length of small tubes or wires which 
may be passed down from room temper- 
ature for use in a particular experiment. 
The liquid hydrogen vessel is attached 
to a horizontal plate carrying a threaded 
flange upon which is screwed the radia- 
tion shield, thermal contact being made 
by a film of vacuum grease. This is 
not intended to form a vacuum-tight 
joint; as may be seen from the section 
YY, fig. 2, there are several openings in 
this plate which allow the passage of tubes: 
or wires into the space inside the shield. 
We have deliberately avoided a multi- 
plicity of vacuum joints by suspending 
all the inner vessels in a single vacuum 
space. 

In the figure a simple vessel is shown at D; alternative apparatus may be 
substituted by breaking and re-making a single soft-soldered seal at the expansion 
valve, thus permitting the use of a variety of experimental arrangements. We 
have used, for instance, the device of Daunt and Mendelssohn (1948) which 
renders the expansion valve remote from the liquid helium so as to reduce 
evaporation, and a charcoal adsorption cryostat suitable for work between 4° 


and 10°K. 


10cm 


Higa2: 
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The Effect of Strain in Objective Lenses used for Microscopical 
Examination of Metals under Polarized Light 
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Abstract. It is shown that the effect of strain in objective lenses used for 
microscopical examination of metals under polarized light is similar to that 
of rotation of the analyser from the cross position. A procedure is described for 
assessing the relative strain effects in different objectives, and a method is given 
for compensating for the various anomalies due to stray polarization effects in 
the microscope. 


$1. INTRODUCTION 


N an earlier paper (Woodrow, Mott and Haines 1952) expressions were 

derived for the intensity of the analysed light reflected from anisotropic 

absorbing crystals, (a) under crossed polarizing units and (6) with the 
analyser rotated through a small angle from the crossed position. For 
condition (a) it was shown that four intensity maxima per complete rotation of 
the specimen are obtained, but the number of maxima may be reduced to two 
as the analyser is rotated from the crossed position. The ettects were illustrated 
by experimental curves on various metal specimens and a section of stibnite. 
Mention was made of the undesirable effects which result from the presence of 
strain in the objective lens, and a procedure was described which reduces these 
effects to a minimum. 

The significance of the strain condition of an objective lens for the 
examination of metal surfaces by reflected polarized light was observed during 
the initial work on uranium at the Atomic Energy Research Establishment. For 
a specimen suitably polished for examination under polarized light the grain 
contrast varied considerably with the objective lens, even if the objectives were 
of the same numerical aperture. (When used under ordinary illumination all 
the lenses were satisfactory.) ‘The grain contrast also showed marked variations 
on rotation of a given objective, and this is illustrated in figs. 1 (@), (4) and (c) 
(Plate), which were taken on an electrolytically polished uranium specimen for 
three settings of an 8 mm objective, the photographic procedure being the same 
in each case. 

Berek (1937), Von Schwarz (1931) and Capdecomme and Orcel (1941) have 
drawn attention to the unsuitability of strained objectives for polarized light 
work but have not elaborated on the effects of the strain. Neuerberg (1948) 
has described the effects of strain on the isogyr figure seen in the back lens of an 
objective with the eyepiece removed. The isogyr marks the vibration directions 
of the polarizer and analyser units and, in a perfect system, should take the form 
of a dark cross. Due to stray polarization effects, however, the figure is rarely 
a cross, and usually consists of two hyperbolae which change their form as a 
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strained lens is rotated in its mount between crossed polarizers. Microscope 
manufacturers have now recognized the anomalies that can arise from strained 
objectives and will supply special objectives for polarized light work which are 
relatively strain-free. 

In the present paper the consequences of strained objectives are considered 
in detail and a method is described of comparing the relative magnitudes of the 
strain in different objectives. 


§2. EXPERIMENTAL PROCEDURE AND RESULTS 


In a strained glass system the refractive index depends on the stress in the 
plane of vibration, and a ray vibrating in a plane parallel to the direction of a 
compression stress travels more rapidly than a ray vibrating in the direction of a 
tensile stress. A beam of light is resolvable into two plane polarized components 
and, in the most simple case, we can assume two ‘principal’ directions at right 
angles which show the maximum difference of refractive index. <A plane 
polarized beam will become elliptically polarized after transmission through 
such a system, the ellipticity being dependent on the magnitude of the stress, 
the azimuth of the incident beam relative to the principal directions and the 
thickness of glass traversed. ‘Thus, if the objective is rotated between crossed 
polarizers, the intensity of the analysed light would be expected to show four 
maxima and minima per complete rotation in the same manner as a random section 
through a birefringent crystal. Since the stress system and the optical path 
through the lens vary over the lens aperture, the net interference to a plane polar- 
ized beam will also depend on the aperture of the field iris of the microscope. 


<r S=Source 

| F= Filter 
C, = Condenser 
A,= Lamp iris 


g A.= Field iris 
C,= Condenser 
| P= Polarizer 
FA, A2 p emp ST. VY R.=Vertical reflector 
| | | VR O= Objective (refracting or reflecting) 
adit} eens ws Vaan SP WN M = Metal specimen 
$ e | Cs S.T.=Sensitive tint 

ee) 0 A=Analyser 

| E=Eyepiece or photomultiplier tube 
| 
FESO. M 


Fig. 2. Schematic diagram of apparatus, 


The apparatus used was the same as that described previously (Woodrow, 
Mott and Haines 1952) and is shown schematically in fig. 2. The rotating stage 
and objectives were centred with respect to the optical axis of the microscope ; 
the analyser, eyepiece and objective were removed and the polarizer was rotated 
to give maximum intensity in the microphotometer unit inserted in the eyepiece 
tube when a highly polished, stainless steel specimen was placed on the stage. 
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In this position the plane of polarization was in the plane of incidence of the 
zinc sulphide coated glass slip used for the vertical reflector. The analyser was 
then inserted’ and crossed with the polarizer by rotating to give minimum 
intensity with the lamp iris A, and field iris A, closed to minimum aperture. 
A special objective mount was constructed such that the lens could be freely 
rotated about the optical axis without affecting the centring. If a strain-free 
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Fig. 3. Curves of intensity against lens rotation for various objectives. 


objective is now inserted, due to loss of light by absorption and reflection, the 
photometer reading should be slightly reduced. In general it was found to 
increase and to vary markedly on rotation of the objective, going through four 


maxima and minima per complete rotation, the maxima occurring at approximately 
90° intervals. 
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Typical curves obtained on rotation of six transmission objectives are shown 
in fig. 3. The lowest intensity change was given by a 4 mm focal length lens, 
specially supplied strain-free by the manufacturers, for which the photometer 
readings varied from 0-74 to 0-85. An 8 mm focal length objective which had been 
particularly troublesome for visual work gave a variation from 0-75 to 14-2. The 
variation for a Burch-type reflecting objective was 0-72 to 0-80, which is 
comparable with the special strain-free transmission lens. The range of intensity 
variation was found to increase with the setting of the field aperture A,, and the 
results for two objectives are given in fig. 4. 


i 


Intensity 


0 40 80 120 160 200 240 280 320 360 
Rotation of Objective (degrees) 
—4— 0.6. No.! Full Aperture ~-0-- 0.6.No2 Full Aperture 
— 0.6. No.l Minimum Aperture -~-+- 0.6.No.2 Minimum Aperture 


Fig. 4. Effect of aperture on curves of intensity against lens rotation 
for two 16 mm refracting objectives (0:28 N.A.). 


The procedure described affords a suitable qualitative test for assessing the 
relative effects of the strain in a series of objectives. ‘Two characteristics of lenses 
were noted in the course of the work: (i) As would be expected, the intensity 
variation increased as a lens was screwed tighter in the mount, and to keep the 
strain effects to a minimum it was necessary to control the degree of tightening. 
(11) There is a recovery effect for an objective with time as shown by the fact that 
the difference between the maxima and minima intensities on lens rotation 
decreases over a period of several hours after mounting and, in addition, the 
position of the maxima and minima change. ‘This can be attributed to the 
complex nature of an objective since, if part of the lens system recovers from 
strain to a greater degree than the rest, a shift may occur in the effective principal 
diameter. 


Intensity 
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The strain in the objective has an important effect on the shape of the 
intensity-azimuth curve for an anisotropic specimen. ‘This was shown by taking 
an electrolytically polished bismuth section and determining the intensity— 
azimuth curves for different settings of the objective in its mount. The results 
are shown in fig. 5, in which the numerals by the side of each curve represent an 
approximate angle of rotation of the lens from an arbitrary position with an 
accuracy to about +5°. The effect of the strained objective is to reduce the 
number of intensity maxima from four to two and to change the grain contrast 
as fer rotation of the analyser from the crossed position (Woodrow, Mott and 
Haines 1952). If the plane of vibration of the polarizer approximates to a 
principal direction of the objective, then there is minimum interference by the 
objective and four unequal maxima per specimen rotation will be obtained over 
a small range of settings for the lens. For the lens corresponding to the curves 
in fig. 5 the setting for four maxima is about 120° on the arbitrary scale chosen. 


908 — 


800 pb 
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Stage Setting (degrees) 


Fig. 5. Effect of rotation of the objective on intensity curve for bismuth. 


When the principal direction of the lens coincides with the plane of vibration 
of the polarizer there will be no interference to the incident beam due to strain 
in the lens, but there will be a slight effect on the reflected beam if rotation of the 
plane of polarization occurs on reflection at the specimen. ‘Thus the optimum 
setting of the lens is slightly offset from the above position, and such that its effect 
on the incident beam is corrected by its effect on the reflected beam. The 
position for correction will therefore depend on the angle of rotation and the 
ellipticity resulting at the specimen, and will vary both with the orientation of 
the grain and the anisotropic properties of the material. 


a 
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§3. REMARKS 


It has been shown that the effect of strain in objective lenses used for the 
microscopical examination of metals under polarized light is similar to that of 
rotation of the analyser from the crossed position. The number of intensity 
maxima for a complete rotation of the specimen may be reduced from four to two, 
and the grain contrast observed in a multigrained structure is markedly affected. 
It is possible, however, to set the objective in a position where four equal intensity 
maxima are obtained for a given grain, but this setting will vary with the grain 
orientation. Rotation of the lens from this position at first increases the grain 
contrast but, if the strain is sufficiently great, further rotation will decrease the 
contrast. These effects will be most marked for specimens which rotate the plane 
of polarization on reflection without producing marked ellipticity, i.e. for 
minerals and polished anisotropic metals, especially when the optical anisotropy 
is weak. In the case of metal specimens which have been treated to give etch 
pits or anisotropic surface films (Mott and Haines 1952) the effects of a strained 
objective may not be observed. This may explain the anomalous classification 
of anisotropic minerals into those which give four and two maxima respectively 
when rotated between crossed polarizers (Farnham 1931, Short 1940). 

It should be noted that the strain in the objective lens is not the only source of 
anomaly in quantitative microscopical work using polarized light. Rotation and 
ellipticity effects are introduced due to the vertical illuminator both on reflection 
of the incident beam and transmission of the reflected beam, and, in addition, 
the polarizing units are not 100% efficient. In setting the objective to give four 
equal intensity maxima_on a given grain the strain anomaly in the objective is 
used to compensate for all the sources of stray polarization effects in the apparatus, 
and this can only be achieved if the strain is sufficiently marked. 
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The Reflection of Radio Waves from an Ionized Layer having both 
Vertical and Horizontal Ionization Gradients 


By R. P. WALDO LEWIS 
Physics Department, University College of Swansea 


Communicated by W. #. G. Beynon; MS. received 2nd Fuly 1952 


Abstract. The approximation of ray optics is used to calculate the effects of 
simultaneous vertical and horizontal ionization gradients on the paths of radio 
waves in the ionosphere. Cases of practical importance are considered. 


$1. INTRODUCTION 


ionosphere assume that the ionization density varies only in the vertical 

direction. Methods for calculating such paths have been given by Appleton 
and Beynon (1940, 1947), Smith (1937). 

However, it is well known that large and persistent horizontal gradients 
sometimes exist, and under such conditions appreciable distortion of the 
transmission paths may be expected as has been shown by Rawer (1951). In this 
paper we consider short wave propagation in two simple cases involving both 
vertical and horizontal ionization gradients. We shall employ the method of 
ray optics, neglecting the effect of the earth’s magnetic field and of ionospheric 
absorption, and consider only the case in which the plane of incidence contains 
the direction of the horizontal gradient. Typical results will be illustrated in 
the diagrams. 


[: general, the methods of calculating radio wave transmission paths in the 


§2. HORIZONTAL AND VERTICAL IONIZATION GRADIENTS 
Type (a) : 

Type (a) is defined as a case in which the thickness of the ionized layer and 
the height of its lower edge are constant in the horizontal direction, and in which 
the electron density distribution is parabolic in every vertical section, and varies. 
linearly in the horizontal direction. 

Setting the origin of coordinates at the point where the ray enters the layer, 
we take the y axis vertical and the positive « axis along the direction in which 
the electron density (at a given y) increases. We denote the semi-thickness of 
the layer at x=0 by yo, and it will be convenient to write Y=) = hive: 
The type of ionization distribution considered will then be represented by the 
equation N=N,(2Y— Y)(1+AX) where N, is the maximum electron. density 
in the vertical plane at «=0, and A is a constant. The refractive index p for 
frequency f is then given by 


p2=1—k2Y — Y2)(1+AX) 


2 — @! 
where k® =e?N,/7mf? and e and m are the electronic charge and mass. 
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Type (6) 

For type (+) we assume that the maximum electron density is the same in all 
vertical sections, but the semi-thickness y,, varies linearly in the horizontal 
direction. We therefore write y,=Ymo(1+¢X), « being a constant. Assuming 
as before that N at a given x is parabolic in y, we have 

JG ae 
Boe eo Pye eee ee A ee 
bag bef {= cram 
Practical values of A and « may be estimated from published ionospheric data. 


§3. DIFFERENTIAL EQUATION OF THE Ray. GRAPHICAL SOLUTIONS 

The differential equation of the path of a ray in a medium in which the 
refractive index varies in two dimensions can be found by applying the calculus 
of variations to Fermat’s principle dfuds=0 (or alternatively by imagining the 
medium between each two successive surfaces of refractive index ~—du and 
pe+dp replaced by a medium of refractive index , and applying Snell’s law 
to the discontinuous medium thus formed). The differential equation obtained 
may be written in many ways. For graphical step-by-step tracing of a ray a 
convenient form is d#=—tan ¢d(log u) where @ is the angle between the 
vertical and the direction of the ray, and ¢ is the angle between the direction of 
the ray and the direction of grad. ‘This equation may also be written as 
dé = —sin ¢| grad (log »)|ds where ds is the element of path length. This 
latter form is convenient when ¢ approaches 7/2. 


§4. ANALYTICAL SOLUTIONS OF THE DIFFERENTIAL EQUATIONS 
In addition to the forms already given, the differential equation of the path 
may be written in either of the forms 


d ; On 
7s \# Staci = ay 


: 0 

“(2 sin? #) = a 
where @ is defined as before and is equal to sin-! dX/dS, where dS is the element 
of path length measured with y,,9 as unit. ‘The equation when written in the 
second form is seen to be immediately integrable for an ionosphere in which 
Op2/dX is independent of Y and Rawer (1951) has investigated an ionosphere of 
this type. Our types (a) and (4) do not have this property, and since it imposes 
an arbitrary relationship between the rate of horizontal variation of the central 
density and the rate of horizontal variation of the width, we have thought it 
better, in the present paper, to develop methods which, though exemplified by 
application to the types (a) and (4), are of general applicability. Denoting the 
angle of incidence by 7, we may integrate the equations along the path from the 
point of incidence, where .=1, thus obtaining 


: es Ou eet Ou? 
psin @-sini= | 5 dS= | 7a ay aX Taare (3 a) 
5 erty Op? 
2 sin? @—sint i= | Sd, Leite (3 d) 


These equations represent the path of the ray, but the integrals on the 
right-hand sides, being taken along the path, require a prior knowledge of it. 
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(i) Approximate Solutions for Gradient of Type (a) 

If \ is sufficiently small we may regard the effect of the horizontal gradient 
as that of a small perturbation; hence the right-hand sides of (3) can be regarded 
as small correction terms. The path of the ray will not differ greatly from the 
path obtained by putting A=0. Thus for a first approximate solution of either 
(3 a) or (3b) we have to evaluate (@u7/0X)dX along this path (for only a second 
order error will be introduced by putting » sin @=sin7 under the integral sign 
in (3a)). To evaluate this integral for gradient of type (a) we note that, from (1), 
Ou2/AX = —AR2(2Y — Y2) and that the equation of the path for A=0 is readily 


shown to be 


Y=1—(1—C?/k2)!? cosh (= ae p) at ae (4) 


where C=cosi, S=sinz, tanh 8=C/k. Evaluating the integral we find that, 
to the degree of accuracy considered, (3 a) and (36) are 


; DORE S(R2—C?) . RX CS 
sin 6—S=— x4 ( 5} ) x— SEO sinh 2 (= 8) - FY. 4) 


2 2 2. NS 
p2 sin? 6— S?= -\{(=5S) x- asin 2 (AE -8) es >}: (4b) 


Z 4k 


The simple relationship between these approximate forms of (3a) and (36) 
is due, of course, to w sin 0+ S being approximately 2S, and the equations (4a) 
and (46) will naturally give slightly different values for wsin@. ‘To obtain 
approximate expressions for the angle of emergence e, we have to insert for X 
the value 2 6 S/k, since this is the coordinate of the point of emergence of the 
ray, forA=0. Thus, since »=1 at emergence, these approximate expressions are 


sin e—sin?= —$AR{((1+C?/k?)B—C/k}  _—__......... (4c) 
sin? e—sin?z= —ARS{(1+C?/R2)B—C/k}. ss... (4d) 


(11) Approximate Solutions for Gradient of Type (b) 
Here we regard « as the small perturbing quantity, and we note that, from (2), 


Ou?/OX =2ek? Y(1— Y) to the first order in «. We then deduce the approximate 
expressions 


sin 0—S= ae {sce — C®)12 sinh (= = 8) 
S 2\ gj i RX 2 2 | 
= mg (RPC) sinh 2 (* -p) —(R?-—C?)X + ast ee (5 a) 
py? sin? 0@— S?=e {ase — C®)l2 sinh (= = p) 
Sip are en ee 
— 5p (et C*) sinh 2 |e (Oe CS ee (5 6) 


The expressions for the angle of emergence are, for gradients of this type, 
sin.¢—sin¢=ek\C/Ra (le Cpe) ee ee (5c) 
sin? ¢—sin? 7=2ekS{(C/R=(1—07/k*)ph SO (5d) 
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§5. HorizontaL RANGE IN THE IONIZED LAYER 
Consider first type (a). We will write py 2=1--k(2Y—Y2) and 
=R?X(2Y — Y?); thus up? =p)?—Ay. If, then, we write (4b) as p? sin? @ — S2= —AF 
we find (remembering that (dY/dX) is cot @) that this equation may be written 
| eS 
(ho? — S74 N Fug? — 7S SF 
It will be noted that equations (4a) and (46) yield the same expression for 
pe sin? 6— S? if terms in A? are neglected. 

The denominator is to be thought of as a function of Y (the expression 
Fuy?—yS? being given its value, as a function of Y, on the path for A=0). 
The greatest value of Y reached by the ray is that at which the slope is zero, 
i.e. at which the quantity under the root vanishes. Provided the end point of 
the integral is not in this turning region we may expand the integral in the form 

SdY Fy? — yS? 
oleae (a2 S32 - genes 2S uj? = SB 
If the end point is in the descending part of the ray, the path of integration goes 
through a region where the expansion is not valid; but by thinking of Y as 
extended to complex values, we may deform the path into one throughout which 
the expansion holds. Thus if A is the X displacement of the ray (relative to the 
ray with A=0) at a given Y, not near the top of the trajectory, we have, 
Pug? = yS* 
A=-a| eee 

For the actual evaluation of A it is convenient to use the variable dX so 

that we have to evaluate, along the case path, the expression 


— 2 


Si! 
The result is, for the X displacement A at the point of emergence, 
r p28 RS? 
nea as Des OG ee 
A aot Se eee fr Gt moo (6a) 


An exactly similar calculation can be carried out for a gradient of type (0), 
working to the first order in «. ‘The result is 


_e en BRS? 
=i{e-8-0) 5 +B - al. etre (6) 


§6. CRITICAL PENETRATION FREQUENCY AT OBLIQUE INCIDENCE 

For radio transmission calculations it is important to know the greatest 
frequency fax that can be reflected from an ionospheric layer at a given angle 
of incidence 7. When A (or «€) is zero fimax iS fo sec 7, where f, is the critical 
penetration frequency at normal incidence. ‘The existence of a horizontal 
gradient of ionization modifies this relation. 

For type (a), as the frequency approaches f,,,x the path of the ray becomes 
asymptotic to the line Y=1. Along this line, 0 is 7/2, and p? is 1—k°(1+AX). 
Hence if k has the value corresponding to frequency fax we have from 3 (6), 
on giving the upper limit a sufficiently large value, say L, 


“L 
(2B Sx) St — Ae? | Naa aay began nae (5) 
0 
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We may take the integral along what would be the critical path if r were zero, 
viz. the curve Y=1—exp(—X/T) where T=tanz. The equation (5) 1s thus 


C2—h2(1+AL) = —AR{L+4T exp (—2L/T)— 4T}. 
- Since L is to be given a very great value, the term in exp (—2L/ T) is negligible, 
and we have k=C/(1+ $AT)1? and hence 
Sf mae (LSAT eg SECA I Sete (7 a) 

For type (b) the ray becomes asymptotic to the line Y=1+eX. However, to 
the first order sin? @ is still unity, and we therefore have, if L is sufficiently great, 

L 

1 RB S8= 2h? | V(1—Y) aX. 

0 
We integrate the right-hand side as before, and obtain k=C/(1—«T)? so that 
in this case 


Sara eT UATASeCd.? tu | ces eee (7b) 
It will be noted that (7a) and (75) are identical if we replace « by 4/2. 


§7. APPLICATION OF THE ANALYSIS TO THE CASE OF A CURVED IONOSPHERE 


The above calculations have dealt with the case of a plane ionosphere. In 
considering transmission over long distances it is necessary to include the effect 
of the curvature of the earth and ionosphere. 

We use polar coordinates (7, @), r being measured from the centre of the 
earth, and a positive @ corresponding to a positive X in the plane case. We will 
write RK =radius of lower side of the ionized layer; y=r—R; V9 =Semi-thickness 
of the layer at 0=0; y/Yyo=Y; and R/yyo=p. 

The refractive index corresponding to type (a) is given by 


w2=1—R(2Y — Y?)(1+Ap8); wo? =1—Rk(2Y — Y?) 
and that corresponding to type (b) by 


ZY yA 
2c Be) ee eee 
i: : ‘a Tee 
Fermat's principle may be expressed in various forms, those analogous to 
(3 a) and (36) being 
: Ou r Op 
2/22) ee 
er sin s— RS ap ds Donkin vee dé 


wr? sin? 4 — R292 = [rd Ch ee (8d) 


Here s=tan1(r d0/dr) =the angle between the direction of the path and the 
local vertical. As before the solution will not be exact unless the integral is 
taken along the actual path. Whether we use (8 a) or (8d) the first approximation 
requires us to evaluate 7°(0u.2/00) dO along the path for A=0; (replacing pr sin 


by RS under the integral only introduces a second order error). This path is, 
by the definition of x, 


dO RS 
Or 7 (aT Rae ee 
We may write this approximately, remembering that Y/p is small, as 
kp dd=SdY/{Y?-2Y(1—o) + q2}12 
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where g=C/k and o=S?/pk?; the solution of this is 


Y=1-o-—{(1—0)?—q?}" cosh (*S a) ian oe (9) 


where tanh 8,=C/k(1—c). In evaluating Jr?(0y?/00) dé along this path we may 
replace r* by R°; and for the angle of emergency e we obtain, for type (a), 


sin e— S=— fAR{(1 + q2+20)8,—(1+30)C/R} ~-....- (10a) 
and for type (d) 
sin e— S=ek{C(1—30)/kR—B,(1—g?—-4c)}. sg. (10d) 
We may also perform a calculation similar to that of §5, to find the linear 
displacement of the point of emergence. If, for a gradient of type (a) we write 
(85) as ur? sin? y—R?S?= FR? we find that to obtain A we have to integrate 
the expression 
oe | Fig’ YS* ig 
~ 2S") py? — S41 —2/p) 
along the path (9). The result is 
k2 + C2 


is = [ 2 +e +2c)— C82 — B (3-20 aa) +k 


S? + 20(1 —2C2) 
Rk? — C2 


k? — C? —2ck? 


§8. LIMITATIONS OF ANALYSIS 


The graphical method outlined in §3 is theoretically capable of any desired 
accuracy, but it is laborious. The approximate analytical formulae are easy to 
use but again may be inaccurate when the horizontal gradient of ionization is 
very large. 

An examination of published ionospheric data indicates that in practice the 
magnitudes of the perturbation terms A and « are seldom likely to exceed 0-5 and 
0-05 respectively, and that typical average values would be 0-3 and 0-03 in 
winter, and 0-02 and 0-01 in summer. We now consider briefly the accuracy 
and limitations of the foregoing analysis. 


(1) Gradient Type (a) 


Formulae for angle of emergence e 
For large A it is possible to obtain a refined value of e by making an approximate 
graphical tracing of the path and applying eqn. (34), evaluating the right-hand 


‘side by numerical integration. This method shows that (4c) is a better 


approximation than (4d). Thus for A= +4, f=f,, (4c) yields values of e which 
are in error by less than a degree for ¢ greater than 35°; for A= jj this accuracy 
is maintained for 7 greater than about 20°. It is clear that as C/k approaches 
unity, the ray penetrates the ionized layer more deeply and encounters greater 
values of the horizontal gradient: the distortion of the path from its unperturbed 
shape is thus greater and the accuracy of the approximation diminishes. 

The distortion produced in the ray path is greater when A is negative than 
when A is positive, and the errors in using (4c) will be correspondingly greater. 
For the same accuracy, a positive \ of 4 corresponds to a negative A of 75. (Note 
that for f greater than about 2f,, the critical penetration formula gives a check 
point e=7/2.) 
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Formula for A 

The errors in using eqn. (6a) can be estimated roughly by tracing the ray 
paths graphically, and for positive appear to be of the order 100A%. However, 
for A negative and for angles near to the critical penetration angle, A becomes 
much larger than the values given by (64). 


Formula for fimnax 

It is difficult to estimate the accuracy of eqn. (7a), but the error in 
(fperturbea —Sunperturvea) Should not be more than 100A%, since we have only 
neglected terms of the second and higher order in A. 


(ii) Gradient Type (b) 
« is always so small that all the formulae derived should be accurate as regards 
deviations from the unperturbed state to within, at most, 5%. 


(iii) Magnitude of Ionospheric Curvature Effect 

Calculation shows that in all but extreme cases the effect of ionospheric 
curvature will be small and of less importance than other factors likely to be 
involved in a practical application of the analysis. For example, for gradient 
type (a), the values of e calculated for the curved ionosphere case are seldom likely 
to differ by more than 3% from those calculated for the plane ionosphere case. 
In view of other limitations affecting the practical application of an analysis of 
this kind, a detailed study of curvature effects is not considered justifiable. 


e 


§9. DIAGRAMS 


Figures 1 to 5 have been drawn to illustrate one or two typical cases of 
propagation in the presence of both horizontal and vertical ionization gradients. 
Figure 1 shows a ray path traced by means of the graphical method described 
in §3 for representative type (a) conditions. It will be noted that the ray is 
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Fig. 1. Typical ray path in a layer with Fig. 2. Angles of incidence and emergence 
horizontal and vertical gradients gradient type (a) A=+0°1. 


type (a) A=4, f=, 
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incident at an angle of about 22° and emerges in an approximately vertical 
direction. 

Figure 2 shows angle of incidence and angle of emergence for positive and 
negative gradients of type (a) for A= +0-1. It will be seen that for f=f, the 
ray incident at about 7° is returned in a direction parallel to itself. With T=, 
for both positive and negative values of A, the angles of emergence of rays incident 
nearly vertically become very large. 
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Fig. 3. Angles of incidence and emergence Fig. 4. Increase in horizontal range (— A). 
gradient type (6) «-=+0-05. Gradient type (a) A=0-1, 
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Fig. 5. Fractional change in maximum penetration frequency. 


Figure 3 shows similar curves of 7 against e for gradient type (4) with 
P= + 0-05: 

Figure 4 shows the increase in the horizontal range in the layer due to a 
horizontal gradient of ionization for types (a) and (4) (see §5). 

It will be noted that the effect of horizontal ionization gradient is most serious 
near the angles corresponding to penetration. 

Figure 5 shows the ratio of the penetration frequency with and without a 
horizontal gradient, i.e. finax/f, sect (see §6) for typical positive and negative 


values of A and e. 
xX 2 


316 R. P. Waldo Lewis 


ACKNOWLEDGMENTS 


I should like to express my thanks to Dr. W. J. G. Beynon for suggesting 
the problem and for advice, to Dr. P. M. Davidson for assistance in the 
mathematics, and to Professor F. Llewellyn Jones for his interest. 

This work was carried out as part of the programme of the Radio Research 
Board of the Department of Scientific and Industrial Research and this paper is 
published by permission of the Director of Radio Research. 


REFERENCES 


AppLeton, E. V., and Beynon, W. J. G., 1940, Proc. Phys. Soc., 52, 518; 1947, Ibid., 
59, 58. 

Rawer, K., 1951, Z. angew. Phys., 3, No. 6. 

Situ, N., 1937, #. Res. Nat. Bur. Stand., Wash., 19, 89. 


S17 


Ionic Current and Film Growth of Thin Oxide Layers on Aluminium 


By A. CHARLESBY 
Atomic Energy Research Establishment, Harwell, Didcot, Berks. 


MS. received 19th March 1952, and in final form 8th Fanuary 1953 


Abstract. ‘This paper describes part of a series of investigations into the electrical 
properties of thin insulating oxide layers formed electrolytically on aluminium, 
and is limited to a study of the ionic current and the resultant film growth. It is 
shown that at a given temperature the ion current 7 is a function of the average 
electrostatic field strength F across the film. 

Two forms of the function 7=f(F) previously proposed are considered. 
They have been investigated in three ways: (i) ion current as a function of applied 
voltage V; at constant film thickness 6, (ii) current decay with time during formation 
at constant formation voltage, (ili) change of film thickness or capacity with time at 
constant formation voltage. 

These results tend to favour the exponential relationship 7= A exp BF with 
A=10"'a/cm? and B=3x10-*cm/v at room temperature. The law of film 
growth derived is only approximately logarithmic, whilst during current decay 
i~6 x 10-°V,/t. At higher temperatures it is shown that the approximately 
logarithmic law is replaced by a cubic law over a short range of temperatures, and 
subsequently by a quadratic law. The application of these results to oxidation in 
air is discussed. 


$1. INTRODUCTION 


HE electrical properties of thin oxide films on aluminium have been studied 

| in relation to the film thickness, the electrostatic field across it, and the 

temperature. ‘lhe subject may conveniently be subdivided into the study 

of ionic currents, which build up the film, electronic currents, and the effects of 
radiation. Only the first of these is described in this paper. 

In air at room temperature aluminium becomes rapidly coated with a stable 
oxide film some 20-30 Ain thickness. The rate of growth follows an approximately 
logarithmic law, and after a few days the oxide thickness is almost constant. 
At higher temperatures the rate of growth is more rapid. In suitable electrolytes 
it is possible to form oxide films of considerably greater thickness than are 
obtainable in air at room temperature. ‘T'wo types of oxide film may be formed, 
depending on the type of electrolyte used: (a) A so-called amorphous film, 
produced, for example, when a solution of oxalic acid is used as electrolyte. 
Relatively thick films may be formed at moderate voltages (<100v), the 
thickness of oxide produced depending primarily on the total charge passed, 
and not on the applied voltage. (6) An insulating film, produced, for example, 
in dilute ammonium borate, where thickness depends on the applied voltage. 
It is rarely possible to exceed 400-600 v, or film thicknesses of a few thousand 
angstroms at room temperature. Evidence has been produced (Dekker and 
Van Geel 1947) to show that the difference between these two types of oxide 
is due to the presence of pores in the former. In this paper only the latter or 
insulating type of oxide layer will be considered. 


318 A, Charlesby 


In the literature reference is often made to the formation current (generally 
of the order of ma/em?) which flows during the initial process of formation, 
and to the leakage current (of the order of «A/em®*) which persists after formation 
is complete and whose cause has not yet been studied. In this paper we prefer 
to consider a current of fons ¢, (which builds up the film) and an electron current 1_ 
which flows through the film with no obvious permanent effect on the latter. 
‘These two currents are both assumed to occur simultaneously, but in widely 
differing proportions. The formation efficiency » may then be defined as 
7, /(¢.+8,). Provided ¢, is not too small (e.g. 1ma/cm? during formation) 7 is 
close to unity. Only the behaviour of the ionic current is considered in this paper. 

In the following sections the thickness of the insulating oxide is represented 
by 8 and the potential applied across it by V. When the current through the 
cell is low it is often sufficient to take Vas the potential applied externally across 
the cell. ‘The average electrostatic field F across the film equals V//8, although 
space charges may cause local variations. Suffix ‘f” is used to indicate the values 
of V, 7, and F during formation; g represents the charge per unit area of ions 
passed during film formation and equals » times the total charge passed per cm’. 
For a uniform film g is proportional to the film thickness 8, so that we may put 
qg=rs, where r is a constant at a given temperature. 


$2. MraSUREMENT OF Frum THICKNESS 


When aluminium or certain other metals (@.g. tantalum) are anodized in 
suitable electrolytes to form insulating oxide layers, a large capacity is formed 
between the metal and the electrolyte. This capacity is assumed to be due to 
the oxide layer, which acts as the dielectric of a condenser, the plates of which 
are the metal and the electrolyte. Measurement of the capacity will then give 
information on film thickness. 

In its simple form the oxide dielectric theory fails to account for a number 
of phenomena which are observed in electrolytic condensers. These include 
(a) the rectification properties of the film, (4) the very complex relationship 
between current through the film and the applied potential difference under 
various conditions of film formation, (¢) a number of time-dependent properties, 
such as film ageing, current hysteresis, stability or otherwise of the capacity, 
(d) the effect of ultra-violet radiation. A discussion of these phenomena must 
be deferred until the electronic current is studied. 

An enormous amount of experimental data on these matters is available in 
the literature, but the theoretical explanations are often inadequate. In addition 
to our own results we have drawn largely on the fund of detailed experimental data 
obtained by Guntherschulze and his school (Betz, Grunert and Keller) at Dresden. 

If an insulating oxide film is formed by anodizing aluminium at constant 
current, the formation voltage |; is found to increase uniformly with time 
(fig. 1, stage 1) up to about 500 v, when breakdown occurs. At the same time 
the total capacity C varies inversely with time, so that if we assume V;=0 for 
a clean metal surface, the product }}C remains constant, independent of film 
thickness over the range studied. ‘This is shown in fig. 2, where a logarithmic 
plot of Vy against C gives a linear curve of slope —1. Since C=e/478 in e.s.u. 
per unit area, where « is the dielectric constant, it follows that «V’;/8 is independent 
of film thickness 8. The linear growth of both V’; and 1/C with time implies 
that the surface oxide is uniform in structure, so that € is constant. Thus at a 
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given temperature the average formation field Fy (=V;/8) across the film 
corresponding to a given ion current, is independent of the film thickness. The 
dependence of V;/5 on temperature and formation current is not very marked 
and is often ignored. ‘This dependence probably explains the discrepancy 
between the results of Guntherschulze and Betz, and those of Burgers, Claassen 
and Zernike (1932), to which the latter have drawn attention. A number of 
attempts have been made to measure the ratio 5/V;, either by a determination 
of «, which is not necessarily the same as for the bulk material, or by direct 
weighing, assuming the film density to be that of corundum. The values obtained 
include 12-5 A/v (Dekker and Van Geel 1947), 10-6 to 13-4.A/v (Guntherschulze 
and Betz 1932a, b, c, 1934a, b) and 11-8 (Deryagin and Friedland 1948). Other 
metals having similar insulating oxide layers gave values for 5/V; of 9a/v 
(tantalum), 12-5 (zirconium) and 9-6 (tungsten). The ion charge g per unit area 
required to build a uniform film of thickness 5, formed at voltage V;, is found 
to be given approximately by the equation 

q~2x 1046 ~2 x 10°-°V_ coulombs/cm? 
at room temperature. 

The film thickness 6 can either be obtained by a measurement of the capacity 
per unit area, or of the formation voltage, or of the ion charge passed. Because 
of the uncertain values of the dielectric constant ¢, the density p and the surface 
area A none of these measurements is yery reliable. 
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Fig. 1. Aluminium oxide film formation. Fig. 2. Capacity and formation voltage. 
CV-=constant at constant current. 


§3. Lon CuRRENT AS A FUNCTION OF FIELD 

At constant formation current % the field /; is independent of film thickness 
over a wide range. If the formation voltage V¢ is maintained constant it has 
been shown by the writer that during the subsequent decay in formation current 
(due to increasing film thickness) 7 is a function of the ratio V;/d, i.e. of the 
field F;, and is independent of film thickness. Under conditions where the electron 
current is negligible compared with the formation current we may write 7. =/(F*) 
at a given temperature. Experiments show that a large change in 7, results from 
only aslight change in F;; the product CV sincreases only slightly if the formation 
current is increased tenfold. 
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Guntherschulze and Betz (1934 b) studied this relationship by measurements 
of capacity and formation rate. They found that the following formulae fit their 


experimental data equally well: 
Tet, = AexXD UE), A =3-623 x 10° a/cm?, B=4-246 x 10-*cm/v, 
II. 7,=AF*exp(—B/F); 4=6-614/v, B=4-324 x 10° v/cm. 


The values of F studied vary over a short range only, 9-3 x 10° to11-2 x 10° v/cm, 
so that the exponent is about +40. Formula I agrees with the theoretical formula 
deduced by Mott, while formula II is similar to the strong field emission formula 
due to Fowler and Nordheim (1928), and has been suggested experimentally by 
Van Geel (1931). With the method used by Guntherschulze and Betz it is not 
possible to distinguish between these formulae nor can the range be extended, 
owing to the very high current densities involved at higher fields and to the 
intrusion of very appreciable electron currents at the lower fields. Alternative 
methods have therefore been adopted in the present work. The various formulae 
derived may be of value in other connections. In the first method the variation 
of 2, with V; at constant 6 is determined in an indirect manner. In the second 
method the decay of formation current with time at constant Vs is studied, and 
in the third the growth of film thickness with time at constant V; is given. Errors 
may arise from uncertainty in the exact surface area of the specimen, and from 
the intrusion of the electron current at low current densities, but do not affect 
all these methods. 4 

In our experiments oxide films were formed on “spec-pure’ rods of aluminium 
(99-999 °%, purity) and on strips of lower purity (99-9). Before anodizing, great 
care was needed in cleaning, as minute traces of impurity affect the ‘leakage’ 
current very considerably. ‘The specimens were usually washed in caustic soda, 
dilute nitric acid, ammonia, citric acid and then given several soakings in 
redistilled water, or boric acid in distilled water. ‘The boric acid was purified 
by successive recrystallizations. Nevertheless it did not prove possible to obtain 
accurately reproducible ‘leakage’ currents on different specimens. With good 
specimens ‘leakage’ currents of a small fraction of 1 ua/cm? were obtained with 
fields of up to 10’v/cm, corresponding to a conductivity at room temperature 
of about 10°“ohm™tcm™!. The electrolyte consisted of boric acid saturated 
at 20°c and neutralized with ammonia. ‘The cathode consisted of a cleaned 
aluminium plate, or more usually of a platinum wire. To obtain a constant 
voltage supply for certain experiments a bank of accumulators kept at constant 
temperature and trickle-charged from the mains was used. Experiments were 
carried out at a temperature of 20° + 1°c. 

Two methods of anodizing the specimen may be adopted: (a) A constant 
voltage is applied directly between cathode and anode. ‘The current, initially 
very high, drops off rapidly until after a few hours a fairly constant value is 
reached. (b) A resistance in series with the cell is varied to maintain the current 
constant. During this process the potential across the cell increases (stage 1 of 
fig. 1). Once the resistance has been eliminated, the voltage becomes constant, 
and the current decreases (stage 2). ‘This method is illustrated in fig. 1, which 
gives the (V, t) and (7, t) curves for an aluminium sheet specimen. 

There appears to be little difference between films formed in these two ways, 
but method (4) gives information on the variation with film thickness of voltage 
necessary to pass a given current. 
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Method I: Relationship between Current and Voltage 
at Constant Film Thickness 


During the process of measurement the film thickness is constantly increasing 
owing to the flow of ion current. To circumvent this difficulty use is made of 
the fact that, at constant formation current, the formation voltage increases. 
uniformly with time. During the formation process the current is reduced 
(fig. 3) in a series of steps, each lasting 45 (or 60) seconds, to allow the current 
to steady and the voltage to resume its upward trend. When the lowest 
convenient formation current is reached the current is again increased in a 
similar fashion, the whole process being symmetrical about AA’ (corresponding 
to some film thickness 6,,). Formation current and voltage vary with time in 
the manner shown in the figure. 


Volts 


ra 
EEeaiia 220 230 240 


Ps vi 


lOma 


Ima 


Formation 
Current 
© 
£ 10A/cm? 10 2a/cm? ines 
S !0Qua 
8 Vie 
Formation 2 Current 
Voltage >lon Current 
Specimen HI 
( Aged Specimen) VA 
10uA 
85 90. 95 100 105 110 5 
Volts (HI) 
Fig. 3. Method adopted for determination Fig. 4. Relation between current and 
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voltage in growing film. 


It can be readily shown that the average value }(V,'+ V,")=V, is the voltage 
which would be required to pass current 7, through the film at the thickness 6,,. 
Similarly $(V,’+V.”")=V, would be required to pass a current 7, at thickness 
Sm- Plots of V,,=3(V,,/+V,,”) against logz, are shown in fig. 4. It is seen that 
the plot is linear except at the lowest current densities, where the electron current 
is no longer negligible. Over the range considered 7, = A exp (6V,,), where A, 6 
are constants for any given film. Values of 6 for different specimens are given 
in table 1. V_,; is the voltage corresponding to a current density of 10° a/cm?. 

A similar experiment was carried out with a well-aged film HI (held at a 
constant potential of 100v for several days). For this specimen there was no 
appreciable change in film thickness in the course of the measurements. On the 
other hand there was a considerable time lag between changes of voltage and of 
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current (of the order of minutes). Even with the very low currents involved 
(about one thousand times smaller than in the first four specimens) the same 
value of bV_, is found (V_; must be obtained by extrapolation). ‘T'wo sets of 
readings were taken, one after 5 days, the other after 8 days formation at 100 volts. 
A single experiment carried out at a higher temperature gave a smaller value 
of bV_; (as was to be expected from theoretical considerations). Owing to the 
variation of film thickness and the temperature range, no quantitative conclusions 
can be drawn from this specimen. 


Table 1. Relation between Formation Current and Voltage 
at Constant Film Thickness 


Specimen V_; b BV a6 ees TCC) Remarks 

Fi 6027 205515 Shi 7:5—375 20 During formation 

F3 224 0-143 32-0 3-7-375 20 During formation 

XII QELS O85 27°8 4-400 20 During formation 

XI 18 de 27-0 10-500 20 During formation 

gobo (112) 0-266 29:°8 0-05-0°5 20 5-8 days ageing after 
formation 

F1 95 O25 16-4 1:5-3-75 60-50 Temperature 
changing 

Elh1 44-1 0-657 29-0 20 Electrolytic condenser 


To estimate the film thickness use was made of the fact that at a given 
temperature a given ion current corresponds to a definite field. Guntherschulze 
and Betz (1932a) have shown that the field (V_;/5) required to pass a current 
of 10-°a/cm? is 9-45 x 10®v/cm. ‘The value of V_; can be obtained from the 
graphs of fig. 4 (extrapolated where necessary). In table 1, bV_; is constant 
for various specimens and is equal to 29-5, so that b equals 31 x 1077/8 at 20°c. 
The expression for the ion current can be written in the form 


i =A exppVie,™ ° at Wi Bee (2) 


which agrees with formula I obtained experimentally by Guntherschulze and 
Betz. ‘The values of A and B are however different. In these experiments 
A equals 10-18 to within a factor of 4, and B=31 x 10-°+5%, at 20°c. 

Over a small range of values of V close to V, formula II can be written 
Alogz,=nBésAV/V,?, where n varies by about 1° over the range of values 
of V studied. ‘Thus formulae I and II represent the observations of fig. 4 equally 
well. ‘The range of values of V cannot be extended since, at lower current 
densities, the electron current overshadows the ion current and _ hysteresis 
effects appear, while at much higher current densities considerable voltage 
losses occur, and the film growth is extremely rapid. 


Method II: Current Decay at Constant Voltage 


Once the maximum voltage of formation is reached, the ion current falls 
off, rapidly at first, and then more slowly (stage 2, fig. 1). If this decrease is 
ascribed to the increasing film thickness and resultant drop in field an 
expression may be derived for the rate of current decay in terms of various 
possible relationships between current and field. 
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Formula I. If t=Aexp(BF) and 5=rq, then eliminating 7 and integrating 
by parts gives an expression for f: 


yee BVrersel Zhe! 
Sasagss putz): sehen (3) 
where s= BF, provided s>1. Moreover 

OC] PA aati a 

= 2/1-245-...]. ates (4) 


Corresponding values of z, 7 and ¢ are given in table 2; the expansion converges 
satisfactorily provided z>1. The maximum error is about 1-5°% for z=10, 
0-3% for z=15, and less than 0-1% for s>20. The slope Alogz/Alogt for 
the decay curve is also given. 


Table 2. Calculated Relationship between Current, Time and Film 
Thickness at Constant Voltage 


z=BF=BV/8 10 15 20 25 30 35 40 45 50 
log i—log A 4:34 6:51 869 10:86 13:03 15-20 17:37 19°54 21-72 
logt+log Ar—log BV 7:58 9-08 12:67 14:32 17:99 19-69 21-41 23-13 26-87 
it|q x 102 SiGaes O10 AesGare 3718-13 gee 2-71, 2 39 0021 Sian 9G 
A log i/A log t —0-87 —0-90 —0-92 —0-93 —0-94 —0-947 —0-955 —0-962 


Formula II. Replacing B/F by g in the formula 7=AF*exp(—B/F) and 
eliminating z as before gives the following equations for ¢t and zt: 


V 2V 
ea Re (22 —22 + 2)e* — Fas Perek (5) 
, Zagee | 267% 
and t= 41-5 +5-). siclonallavs (6) 


If z >1, d(logz)/d(logt) = —1+2/z?— 4/3. 

At z=10 the slope of the decay curve is —0-984, at z=20 it is —0-995, 
and at z=30, —0-998. These values are closer to —1 than the corresponding 
calculated values for formula I, and may serve to distinguish between the two 
formulae. 

Experimental results. Plots of log? against log ¢t are shown for three specimens 
(figs. 5, 6). For low values of ¢ (of the order of several minutes) there is some 
ambiguity, as the origin of time is unknown. ‘The formulae assume that the 
measured voltage is applied across the oxide layer, whereas ohmic losses are 
only inappreciable at a more advanced state of formation. ‘The corrected plot 
should therefore be of logd against log(t+t)), where tf) is unknown but small. 
It is seen in fig. 6 that only one value of fy gives a linear plot, and that in any case 
errors in ty do not affect appreciably the slope for ¢>10 minutes. 

For these three specimens the slopes d(log7)/d(logt) of the decay current 
are —0-96 (U), —0-92 (H) and —0-96 to —0-98 (RA1). ‘These values are fairly 
close to the calculated slope for z~31 in formula I (ie. —0-94), but are 
appreciably different from that deduced from formula II (—0-998). ‘The results 
tend to favour formula I, but cannot be taken as conclusive. 

The value for zt/g in table 2 is seen to vary only very slowly with time. An 
increase in time by a factor of 100 only decreases it/g by some 10-20% when 
x~30. During current decay it ~ 3 x 10-q or 6x 10°° V; coulomb/cm?. The 
constancy of the product zt has been observed in previous experiments but has 
now been derived theoretically. 
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Method III: Change in Capacity with Time 


During stage 2 of the formation process, when the formation voltage remains: 
constant, the formation current decreases as the film becomes thicker. The rate: 
of increase of film thickness can be calculated in terms of the relationship between 
ion current and field, and can also be measured on a capacity bridge, so that the 
relationship can be verified. 

In table 2 (formula I) it is seen that there is an approximately linear relation. 
between logt and z: Alogt=—mAz= —mBVA(1/8) = —mBF6A(1/8), where m. 
can be deduced from table 2, and varies by about 1% for a hundredfold variation. 
in t, Writing 5, A(1/8) in terms of C, AC, we obtain the equation 


Alogt= —mBFAC|C. ; aa 


This result gives the increase in capacity and the value of BF independently of 
the true surface area (which is unknown) or the electron current and ion currents. 
flowing. If BF ~30, m=0-46. The variation of BF with time may be neglected 
after the first few minutes of formation. 
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log against log (t—to), where ty is a 
small constant. Al specimen RAI: 
Ve=50-4 v, 18°c, 15-9 cm? nominal. 


log 7 against log (t—t»), where ty is a smalh 
arbitrary constant. 


In the experiments films of low leakage current were formed at a constant 
voltage and temperature (20°c), and the capacity measured periodically on a 
Sauty a.c. bridge, fed from an a.c. source of 1-5 volts, in series with a d.c. polarizing 
voltage of 6 volts. ‘The capacity decay for one of these specimens is shown in 
fig. 7. The values of BF deduced for three specimens are given in table 3. They 
are in fair agreement with those obtained in Method I, although the ion currents 


Table 3. Capacity Decay 
=e ae! =AC 
Specimen Ve 
£(V) Rites (uF) C (uF) BF 
R2 49 0-1 ea 31 
H10 101°5 0:2 Sait 40 
RAI 50:5 0-115 109 36 
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differ by factors of up to 104. Figure 8 shows a similar plot for some experi- 
mental data given by Guntherschulze and Betz in the case of tantalum metal, 
for which B~3-5 x 10°. 

Electrolytic condensers using an aluminium oxide dielectric are known to 
suffer a decrease in capacity with time. Explanations given in the literature 
include the loss of electrolyte and clogging of the porous film by deposits of 
crystals or colloidal aluminium salts. These hypotheses appear unnecessary 
since the theory predicts such a drop without further assumptions. Some data 
for electrolytic condensers, obtained from Coursey and Ray (1939, fig. 17, p. 121), 
are given in table 4. As these values are taken from a graph and the points are 
scattered, the results are not very accurate. The values of BF deduced from 
them are nevertheless of the right magnitude, and indicate that film growth in 
accordance with the above formula would account for the observed decay in 
capacity. 


Table 4. Change in Capacity with Time (Electrolytic Condensers) 


Condenser Capacity (4F) ike BF 
type Nominal 50 days 500 days A log t 
Dry 18 22:8 20-3 2e5 18 
Dry 18 21-4 19-4 2-0 23 
Wet 16 15-4 14-8 0-6 53 


The average value of BF, 30, agrees well with that obtained above, differences 
between the specimens being possibly due to changes in applied potential in the 
course of a year, or of temperature. ‘The ion current required to produce this 
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small rate of growth is of the order of 3 x 10 ®macm ?, whereas in method I 
ion currents were of the order of l1macm~?. The agreement illustrates the wide 
range of validity of the formula for the ion current. 


$4, Morrt’s ‘THEORY OF OXIDATION 


Mott (1947) assumes that in the formation of an oxide film on aluminium, 
metal ions leave the metal under the influence of an electrostatic field F, due 
to an electronic charge on the air interface. ‘This field assists the ions to surmount 
the potential barrier (of half-width a and height U) at the metal—oxide interface. 
The formula for ion current flow is as follows: 


i,=Nvqexp(—U/kT)exp(aqF/RT) — cae eee (8) 
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provided that ag F>RT. gis the charge per ion, N the number of metal atoms/cm? 
suitably located for movement into the oxide layer, and vy is the frequency of 
atomic vibration. A similar type of formula has been deduced by Verwey 
(1935, b, c) on the assumption that the limiting factor is the rate at which ions 
move from one interstitial position to another, under the influence of the field F. 

The Mott formula is of the same type as that found experimentally 
(i, =AexpBF). With our values for A and B, and with the values of N 
(10!5/cm?), v (10!2/sec) and gi(3e) as chosen by Cabrera and Mott (1948), the 
dimensions of the barrier limiting ion flow are: U=1-55ev, a=2:5A. The 
values deduced from the results of Guntherschulze and Betz are higher: 
U=F8iev, a=3°5 A. 

These values for the barrier dimensions appear too high to substantiate the 
hypothesis suggested by Verwey. At least part of the oxide film consists of 
y Al,O3, in which there is one vacant lattice site per eight aluminium ions. Thus 
there is adequate interatomic distance for ion motion. Ag,HglI, has a similar 
open structure (3 metallic ions per 4 lattice points) and-shows a barrier height 
of 0:19ev. In NaCl the barrier height is believed to be 0-90ev. It would 
therefore appear that the potential barrier opposing ion flow is located at the 
metal surface. 


$5. ErrecT OF TEMPERATURE ON FILM ‘THICKNESS 


According to eqns. (2) and (7), the oxide layer continues to grow whenever 
a field is applied. Nevertheless it is possible to define a limiting field thickness 
6; corresponding to a given formation voltage and temperature, beyond which 
the rate of growth is less than some arbitrarily chosen rate (equivalent to an ion 
current 7) considered as negligible. Replacing F by V/8, in (8), gives 5, as a 
function of T, V and zy: 8,=Vaq,/(U—nkT) with n=log (Nvq;/io). 

Above a sufficiently high temperature T, (equal to U/nk) the ion current 
never sinks below ip, and the film continues to grow at a finite rate. This 
temperature depends on U and i, as shown in table 5. 


Table 5. ‘Temperature above which the Growth of Oxide remains Finite 


Assumed limiting Ion current é; Critical temperature J, (°K) 

rate of growth (a/cm?) . U=1°8 ev U=1°55 ev 
1 atomic layer per day 0:6 1058 39 530 460 
10 atomic layers per hour One 34 610 530 


To check this variation of limiting film thickness with temperature the 

capacity of oxide layers formed at increasing temperatures was measured. Since 

ee Weta eU i enkT 

478, 40Vaq, 4nV aq, 

a plot of C against T should give a straight line; and at T,, C=0. In practice 

it is necessary to extrapolate to C=0, since the formulae used are not valid for 
thick films, when z or BV /8, is less than about 5. , 

In the experiments an oxide film was formed by anodizing a specimen for 
two hours at 36v at each of a number of increasing temperatures. After each 
formation the capacity of the film was measured at 20°c. The graph of C against 
T'was linear, giving on extrapolation C =0 at a temperature 7, ~ 600°K. Grunert 


(n~ 34, 39) 
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(1934) carried out a similar set of measurements; his results also showed a linear 
decrease of C with 7, but the critical value of T, was lower (440°). Unfortunately 
Grunert does not state whether all the capacity meas urements were made at the 
same temperature. ‘T’his is essential since C varies with temperature even for 
an oxide film of constant thickness. However, it is to be expected that the value 
of T, deduced from Grunert’s results would be lower, since formation at each 
temperature lasted for twenty hours, resulting in a smaller final ion current and 
a larger value of n. 


$6. OXIDATION AT ROOM AND aT HIGHER TEMPERATURES 


The oxidation of aluminium in air at room temperature has been discussed 
by Cabrera and Mott (1948). The logarithmic law of growth observed and the 
limiting film thickness in air correspond to anodization in an electrolyte under 
a formation voltage of about 2v. Then if it~6x 10-5 V;, i~ 10 acm after 
one day. This value agrees approximately with the observed rate of growth. 

If the film thickness is increased to a marked extent, for example by raising 
the temperature of oxidation in air above 200°c, the approximate logarithmic 
relationship between z and ¢ (or 6 and f) given on page 323 fails since the 
integration methods used produce diverging results. This failure of the 
logarithmic oxidation law occurs for <5. It is therefore necessary to review 
the basic formula adopted, i.e. I. 

The formula 7, =Aexp(BF) based on Mott’s theory considers the flow of 
metallic ions from the metal into the oxide under the influence of the electrostatic 
field. When this field is small, the flow of ions in the opposite direction is no 
longer negligible. ‘The net flow is then 


i, =A {exp BF-exp(—BF)}=2Asinh BF. 


The relationship between the film thickness 6 and time ¢ derived from this 
amended formula is shown in fig. 9. Plots of z (= BV /6), 1/z (=6/BV) and 
logs are given as a function of logt; the variation of ¢ extends over a range of 
108° to 1. It is not feasible to cover a range of much more than 10%-10° on any 
one specimen, so that the particular law relating to ¢ will depend on the portion 
of the range studied, i.e. on the value of tdr/BV, or of zx. In most cases the 
parameter A, which varies most rapidly with temperature, is the deciding factor. 

The following ranges may be considered: (i) 726; then z xlogt and 
1/5 «<logt. Over a short range of values of 6 this is equivalent to the logarithmic 
law of growth, Ad x Alogt, although A(1/d)« Alogt is a better approximation. 


(ii) 6>z>2; no simple function relates x and ¢. (ili) s~2; a cubic law of 


growth holds approximately over a narrow range of values of t. (iv) s<1; a 
parabolic law of growth 6°?=4ABVrt if 6=0 at t=0. 

Gulbransen and Wysong (1947) studied the oxidation of aluminium in air 
at temperatures between 350°c and 550°c. At 400°c a film of thickness 265A 
is obtained in 100 minutes, and at 500°c a film of 1220A in the same time. 
Assuming as above an approximate value of 2v for the potential difference 
between the two surfaces of the oxide layer, this gives x values of the order of 
1-0-2. We should then expect a parabolic law. Gulbransen and Wysong do 
in fact find that a parabolic law fits their oxidation curves in the temperature 
range 350-450°c. Their results can be represented by the equation w*= Kz. 

K varies from one specimen to another by a factor of the order of 3. At 
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450°c, K~5 x 10-4 (gcm-2)2/sec. This experimental formula may be compared 
with the theoretical parabolic formula, written in the form w*=4ABVrp*t, where 
p is the density, so that K=4ABVrp”. The variation of K with temperature 
follows the same law as does A, namely Kx exp(—U/RT),but the value of U 
obtained by Gulbransen and Wysong from their experiments at about 400°c 
is lower than that calculated from A at room temperature, viz. lev as against 
1:55 or 1-S8ev. Whether this difference is real, or arises from errors in the 
experimental data, or in the numerical data required to deduce U from the 
observed value of A, has not been decided. 

To compare K with 44BVrp? the variation of A and B with temperature 
must be determined. In the case of B this presents no difficulty, since according 
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Fig. 9. ‘Theoretical variation of film thickness with time (6=BV/z). 


to the theory Boc1/T. Thus B~1-5 x 10-8 at 450°c. Since the value of U 
is uncertain it is preferable to calculate its value to obtain agreement between 
K and 4ABVrp*. Thus if A equals 10-18, as deduced above, U~ 1:2 ev, while 
if A equals 3-6 x 10-3, as given by Guntherschulze and Betz, U~1-7ev. 
These values are certainly of the right order. 

It follows that the formula relating ion current and electrostatic field in 
electrolytic oxidation at room temperatures under high potentials can also be 
used to explain oxidation in air from room temperatures up to about 450°c. 
Not only does the amended formula give the correct logarithmic formula at low 
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temperatures, and the parabolic at higher, but it predicts correctly the 
temperature at which the transition takes place, and very approximately the 
numerical constants involved. The range over which the equation has been 


tested extends from s=0-1 to s~30, corresponding to a range in time scale 
of 101”. 
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RESEARCH NOTES 


Radiative Transitions in Germanium 


By J. B. GUNN 
Elliott Brothers (London) Ltd., Research Laboratories, Borehamwood, Herts. 


Communicated by A. E. De Barr; MS, received 19th Fanuary 1953 


KNOWLEDGE of the mechanisms by which an electron in the conduction 

band of a semiconductor is able to recombine with a hole in the valence 

band is important in the technology of transistors and similar devices, 
since it is only with those materials in which recombination proceeds slowly 
that satisfactory results can be obtained. Two kinds of transition are possible: 
the non-radiative type, in which the energy & of the hole and electron is dissipated 
to the lattice vibrations in several stages, and the radiative type, in which 
recombination occurs in a single stage with the emission of a quantum of radiation 
of frequency v=E/h. E should be about equal to the width of the forbidden 
band, so that » should correspond to the frequency of the long-wave absorption 
edge of the lattice. Radiation attributed to the recombination of injected minority 
carriers in silicon and germanium has been detected by Haynes and Briggs 
(1952). As no complete account of their work has yet appeared, it is thought 
worth while to report now the independent discovery of the effect in germanium, 
even though refinement of the simple technique employed has been prevented 
by the pressure of other work. 

Two similar germanium filaments were used, one as the source of radiation 
and the other as a photoconductive detector. Each was prepared from n-type 
material of 6-7 ohm cm resistivity, and, after leads had been soldered to the 
ends, was etched in warm hydrogen peroxide. Holes were injected into the 
source filament by an emitter contact placed near one end, and were drawn along 
its length by an externally applied steady drift field. Since the emitter current 
was pulsed at 50 cs, the hole density was also modulated at this frequency. 
The signal from the detector filament, which was placed with its broad side 
parallel to, and about 1 mm from, that of the source, was fed to a battery-powered 
amplifier with a pass band of 30-200 c/s, and thence to an oscilloscope. The 
output from the oscilloscope amplifier was rectified by a phase-sensitive 
detector which was synchronized with the emitter current and had an output 
time constant of 0-5 second. Using an emitter current of 200 ma peak, and a 
drift current of 10 ma, a signal equal to about twice the noise level was obtained 
at the detector. The disappearance of this signal on reversing the drift current 
showed it to be associated with the presence of holes in the source filament, and 
not the result of thermal radiation from the emitter or other spurious effects. 
Since it disappeared also when a piece of opaque paper was interposed between 
source and detector, it must have been due to radiation of a wavelength to which 
the detector was sensitive, i.e. less than about 1-7 microns. 

The sensitivity of the detector was measured by calibrating it against a 
black body at 650°K and using the curve relating photoconductive response to 
wavelength given by Goucher (1950). On the assumption that the recombination 
radiation falls just to the short-wavelength side of the long-wave cut-off of this 
curve, the flux received by the detector was about 3x 10" quanta sec*!. From 


LOGY 


See 
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the geometry of the system, the number of quanta emitted by the source was 
therefore about 1-3 x 10! sec, which must also have been the number of radiative 
transitions. Since the emitted wavelength must necessarily be close to that of 
the long-wave photoconductive cut-off, a precise knowledge of the relative 
positions of the two spectra is necessary before these figures can be given more 
significance than that of lower limits, although they are unlikely to be in error 
by more than an order of magnitude. No correction has been applied for the 
internal absorption of the source, since the process in which a quantum is emitted 
and absorbed elsewhere in the crystal represents not a transition but the 
movement of a hole-electron pair from one place to another. The total number 
of transitions can be estimated from the change in the conductivity of the source 
on injection, its dimensions, and the hole lifetime, or from the drift current, the 
hole lifetime and the hole transit time. In the present case, for which the 
dimensions were 0-03 cm x 0-08 cm x 0-85 cm and the lifetime (measured by 
the method of Shockley et al. (1949)) was 65sec, both methods give about 
10'6 sect for this quantity. Hence a lower limit is found for the recombination 
constant for radiative transitions in this specimen of about 2 transitions sec} 
per added hole, compared with 1:5 x10*sec! for non-radiative transitions. 
The agreement of this figure with the theoretical estimate of 1 sec"! given by 
Shockley et al. (1949) must, however, be regarded as fortuitous in view of the 
errors inherent in the method employed. 

I am indebted to Mr. H. Wolfson of Standard Telephone and Cables Ltd., 
Ilminster, for the germanium used, and to the Directors of Elliott Brothers 
(London) Ltd. for permission to publish this note. 
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A Note on the Theory of Phase-Contrast Images 


Ofer OP Kis 
Physics Department, Imperial College, London S.W.7 


MS. received 16th December 1952 


the following four simplifying assumptions are made : 

(1) the illuminating wave is free from aberration, 

(II) the phase-perturbations 4(u, v) produced by the object are small enough 
to permit the approximation e’“” =1+7¢(u, v), 

(III) all the direct light, and none of the diffracted light, passes through the 
phase-changing region of the phase-plate, 

(IV) all the diffracted light falls within the aperture of the image-forming 
optical system. 
It is shown in what follows that the restrictive assumptions (1) and (II) are 
unnecessary, providing (III) and (IV) are made. This extension of the simple 
theory makes possible the study of images of objects showing large variations 
of optical thickness. 


it the simple theory of phase-contrast images (Zernike 1942, Frangon 1950) 
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Let (w, ©) be reduced rectangular coordinates in the object plane; that is 


u= ci (N sin «)&, v= = CA Sin, ti)- "seeks (1) 
where (, ») are geometrical lengths, .V is the refractive index of the object space, 
and x is the angular radius of the entrance pupil of the optical system. The 
coordinates (2, y) will refer to the entrance pupil, which is of radius («+ y)¥? = 1. 
These coordinate systems are so defined that u’ =u, v’ =v define the geometrical 
image of the point (wv, v), and the coordinates (x, y) denote both an incident ray 
and the corresponding ray in the image space. The object and image coordinate 
systems (wu, »), (w’, v’) have their positive axes in opposite directions, corresponding 
to the inversion of the image. The positive directions of (u, v) are opposite those 
of (x, y). The phase-plate is taken to be located at either the entrance or the 
exit pupil. 

If W(w, v) denotes the wave-aberration of the incident wave, and E(u, v) is 
a complex function which describes the structure of the object, the wave has a 
complex amplitude 

G(u,v)=8FO%E(u,c), = nc wwe (2) 

aiter passing through the object. The disturbance at the entrance pupil of the 
optical system is obtained by finding the inverse Fourier transform of G(u, v). 
That is, if S denotes the object plane, 


g(x,y) = as | | ef Fu, YE(u, v) e+e” du du, 
medi S 


which may be written 


BP BT . 
g(x,y) _ = | | et (u,v) en turse y) du av 
47 JJ § 
=m saa ef Flu, 4 E(u, v) oa 1} e ur+o) dy dv, neni. (3) 
ame S 


the first term of which represents the direct light, the second term representing the 
light diffracted by the structure of the object. According to assumptions (III) 
and (1V) above, all of the former passes through the phase-changing area, having 
complex transmission Ae*™, whereas all of the latter falls outside this but within the 
region of the pupil. Hence the first integral is zero except for points within the 
phase-changing area, and the second integral is zero except for points within the 
remainder of the pupil. 
The disturbance in the exit pupil is thus given by 
2'(x,y) = mis | | ef Btu, &) e-ilur+en) dy dy 
Ss 


a7 


Let iP (u vf VU p—i(urt-vy 
a a J. » E(u, v) — 1} e+e) dy dv, 
and the Fourier transform of this gives the complex amplitude at the point (w’, v’) 
of the image plane. This is 


Se a RAO PT Aen : 
G'(u' 9')= One ii |} exp {2'F(u, v)} exp [2{(u’ — u)x + (v' — v)y}] du dv dx dy 


l : a . a 
+ (5) Jf Jf, Bee Deww FF m2) 
x exp [#{(u’ —u)x + (v' — v)y}] du dv dx dy, 


, Sa ee 
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where o denotes the phase changing area, and » denotes the area of the pupil 
excluding o. 

If G(u, v) is understood to be zero outside S, the integrations over (u, v) may 
be given formally infinite limits. Moreover, in the integrations over (x,y) of (4) 
the integrands are zero outside o and & respectively. Hence these integrations. 
may also formally be given infinite limits. Equation (4) may then be evaluated 
by Fourier’s theorem to give 

Gu, 0) =exp {iF (w', v')}{Ae? + E(u’, o)—-Vy we (5) 
within S’, the image of S, and zero at points exterior to S’. The intensity in the 
image is given by the squared modulus of G’(u’, v’), that is, by 

Tiga =| Ae BGt 0) LP oenae Seas gdsar (6) 
and is therefore independent of the aberration of the incoming wave. 

The above formula (6) applies to the image of any type of object. If this 
latter is of uniform transparency, and shows only a phase structure, we may write 
E(u,v)=e**”. Expansion of (6) then gives 

I'(u', v') = A? + 2(A sin P) sin d(u’, v’) +2(1 — A cos P){1 —cos d(u’, v’)}, ... (7) 
which is exact, providing assumptions (III) and (IV) are valid. It will be seen 
that (7) reduces to the result of the simple theory if the approximations 
sin (u’, v')=(u', v’) and cos ¢(u’,v’)=1 are made. However, if the phase-plate 
is made absorbing, as is often the case, A is small and it may no longer be possible 
to neglect the third term of (7) in comparison with the others, even for moderate 
values of d(u’,7v’). 

A =O corresponds to the case of dark-ground observation, and 

AO p= 2A COSA SC Re 8 eine (3) 
from which it appears that the dark-ground image is independent of the sign of 
(u,v). 

It is possible to use the expression (6) even when the conditions (III) and (IV) 
are not satisfied. If the complex transmission of the object is Fourier analysed, 
those frequencies which diffract light within the phase-changing area may be 
regarded as part of the aberration of the illuminating wave, and are thus not seen 
in the image. Similarly those frequencies which diffract light outside the area of 
the pupil do not appear in the image, since that light is lost. | Hence (6) will give 
the intensity distribution in the image of an ‘effective’ object comprising those 
frequencies which diffract light within the pupil of the optical system, but outside 
the phase-changing area of the phase-plate. Of course this ‘effective’ object may 
show a variation of transparency, even though the actual object E(u, v) shows only 
differences of phase. When this occurs, phase structures will appear visible even 
in the focused images of phase objects and using no phase-plate in the system 

(Hopkins 1952). 
It may be noted that the double Fourier transform may be replaced by the 
Hankel transform of zero order if the object has radial symmetry, and consider- 
ations obtain which are exactly parallel to those given above. 
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LETTERS <LOvEHE«EDEGOR 
Contact Noise in Semiconductors 


In his analysis of noise in current-carrying semiconductors Macfarlane 
(1950) considered the fluctuations due to the surface diffusion of ions into and 
out of patches in which modulation of the current flow by the ions is produced. 
The patches were assumed to have the form either of a long thin strip or of a 
circle, and the modulation effect of an ion within the patch was assumed to be 
independent of its position therein. The problem considered was thus a special 
case of the much more general class of diffusional noise discussed by Richardson 
(1950). 

It is the purpose of the present letter to point out that the result for the strip 
can be expressed in a simple closed form and that the analysis for the circle is 
in error but, when corrected, it can also be expressed in a closed form. When 
so corrected, however, the spectrum due to a circular patch is found to behave 
quite differently from the approximate 1/f form derived from the erroneous 


analysis. 
a Patch 
oie 
Circular Patch : 


Relative Spectral Density 


10° 10? 10"! ! 
Frequency Parameter (a?w/2D) 
@=Width of Strip, or Radius of Circular Patch 


10 


Comparison of the forms of the spectral density due to ionic diffusion across a long thin 
patch and a circular patch. 


For a long thin patch the integral of Macfarlane’s equation (17) can be readily 
evaluated as 
F(p) 1 — exp {—(2p)""} {cos (2p)¥" + sin (2p)"?} 
i (2py 
in Macfarlane’s notation. 

In the case of the circular patch of radius a the probability P of the escape 
of an ion from the patch in time + is given by P=e~*[J,(x) +J1,(x)] where 
x=a?/2Dz7 with D as the surface diffusion constant; Macfarlane’s equations (5) 
and (6) give an incorrect value for the parameter x. The spectral density of the 
noise arising from a circular patch is then found to be of the form 


— (ber,z kei, + bei, z ker, z)/2? 
where x =(a’w/D)'?, At low frequencies the spectral density tends logarithmically 
to infinity although, of course, the integrated noise over all frequencies is 
convergent; at high frequencies the noise decreases as f-?2, There is no 
appreciable range of frequency over which the spectral density can be regarded 
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as approximating to a 1/f dependence and in fact, as the figure shows, the circular 
patch gives a spectrum less resembling the 1/f form than that for the long thin 
patch (a is the width of the strip or the radius of the circular patch). 
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Introduction to Concepts and Theories in Physical Science, by GERALD HOLTON. 
Pp. xviii+ 650. (Cambridge, Mass.: Addison Wesley Press, 1952.) $6.50. 


The standard university courses in physics as a main or an ancillary subject at 
British universities have frequently been criticized on the grounds that they lay 
too much emphasis on imparting a vast amount of factual material to the students 
instead of concentrating on the thorough teaching of fundamentals. Only at few 
places does the curriculum include special introductory courses on the fundamental 
aspects and their historic development, and on scieatific method and philosophy 
ofscience. "The need for such courses has been generally recognized in the U.S.A., 
and the author, who has great experience in teaching physics and general education 
in the physical sciences, has written this book as a guide to teachers and students 
of courses of this type. ‘I'o quote from his preface: ‘‘At the end of such a course 
the student will be in a position to know the principal laws and the evolution of key 
conceptual schemes, but it is then also hoped that he, as a responsible citizen, will 
understand the criteria of validity in scientific thought, the conditions that aid the 
fruitful growth of science—and perhaps even the exhilaration that binds his 
instructor to the scientific profession.” 

The book is most likely to achieve this aim, as it is written with great skill, care 
and originality. No previous knowledge of the subject and only the most elemen- 
tary knowledge of mathematics is required. It contains many interesting problems 
and at the end of each chapter a carefully selected list of books for further reading. 
The main emphasis is laid on the development of the fundamental ideas of the 
dynamics of particles including the laws of planetary motion, and the origins of the 
atomic theory of physics and chemistry, terminating in the concept of the nuclear 
atom and the fundaments of quantum theory. A whole section is devoted to a 
discourse on structure and method in physical science. 
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It is perhaps regrettable that the continuum aspect of physical phenomena has 
been pushed into the background, so much so that the classical physics of electricity 
and light is confined to the first two chapters of the section on quantum theory and 
the nuclear atom. After all, the discontinuum and the continuum aspects have 
vied with each other throughout the whole history of physics, and the current 
theories are made up of elements from both these concepts in about equal parts. It 
is also doubtful whether illustrations of the classical conservation principles 
drawn from atomic and nuclear physics at a stage where the reader has not yet been 
acquainted with the basic facts of atomic physics are serving a useful purpose unless 
it is supposed that the students attending the course know a great deal about 
electrons, protons and nuclear reactions from popular magazines, but practically 
nothing about Newton’s laws. The very casual introduction of the concept of 
probability and its role in the kinetic theory is also in sharp contrast to the great 
thoroughness with which the classical concepts of dynamics are discussed. 

Notwithstanding these shortcomings the book can be warmly recommended, 
and it is to be hoped that introductory courses on similar lines will soon be generally 
available to students in this country. R. FURTH. 


Sir Fames Feans—a Biography, by the late E. A. MILNE, with a. Memoir by 
S. C. Roperts. Pp. xvit+176. (Cambridge: University Press, 1952.) 
21s. 


To praise famous men is a pleasant thing, and the biography of James Jeans 
by the late E. A. Milne is a pleasant book to read. ‘The reviewer in his present 
capacity praises two great men, for Milne has written a book in spirited, at times 
sprightly, style, most readable and, as becomes a biography, both revealing and 
informative. 

No more suitable biographer than Professor Milne could have been chosen, 
for he was himself a great mathematical physicist and, like Jeans, was a reliable 
contributor to astronomy and astrophysics; moreover, the twain had on more than 
one occasion crossed swords and fought battles of moment in their time. 

Long before Jeans became the interpreter of the Universe to the masses he 
was, of course, a distinguished scientist, a leader in the first rank, and the manner 
of his entry—or was it enticement ?—into popular exposition is well outlined by 
Mr. S. C. Roberts of the Cambridge University Press, in a quite delightful 
‘ Memoir ’ which, in the nature of a preface, precedes chapter 1 of the book. 

This Memoir is packed with detail which reveals the man rather than the 
scientist in Jeans, and no one reading these all too few seven pages can doubt that 
Mr. Roberts was the only man to write then. Jeans was so shy and retiring that 
few knew him or could pass, or have wished to pass, the barriers which extreme 
shyness raises. Many will learn for the first time the circumstances of his second 
romance in later life which led to his second happy marriage to Susi Hoch, a 
young Viennese musician. A charming story well told. 

Professor Milne in twelve well-arranged chapters told the story of Jeans’ 
life: from the more personal angle in the first six chapters, and summarizing 
the contributions to knowledge in fascinating style in the second six. 

Jeans was a precocious child, we are told, and could tell the time at the age of 
three and could read at four; he got full encouragement from his journalist 
father. ‘The child factorized cab numbers, learned columns of mysterious 
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logarithms by heart, was exercised prodigiously by perpetual motion and wrote a 
book (bound prophetically in light blue) entitled Clocks, by 7. Jeans. It is 
interesting to learn that his contemporaries at Merchant 'T'aylors’ School were 
afterwards astonished at Jeans’ vogue as a popular writer in view of his school 
reputation that “he could never see that anything needed explaining ”’. 

The chapter on Cambridge will interest all lovers of that great place of 
learning, reminding the reader of the old days of the Senior Wrangler and the 
amount of daily work—in Jeans’ estimation—required to win the title ! 

He—with other distinguished names—took the first part of the Tripos in 
two years (1898), and after a further two years, interrupted by illness, took 
Part II. 

A Smith’s Prize came to him in 1901 for an essay entitled ‘ The Distribution of 
Molecular Energy’. Thus early did his genius proclaim itself and its trend. 

In 1904 his famous book Dynamical Theory of Gases appeared—written 
incidentally during enforced leisure at sanatoria. 

1905 saw publication of his definitive solution of the problem of the partition 
of energy between matter and radiation; his solution was in utter contradiction 
to experiment, and so led the way to the acceptance of Planck’s quantum theory. 
Jeans’ re-derivation of the Rayleigh formula revealed an error in the constant, so 
that the formula (87RTA~4dX) became known as the Rayleigh—Jeans formula. 

Few know how it came about that Jeans went to Princeton in 1905. The 
manner of his going, the works he published while there, and his marriage to a 
charming American woman have all been duly recounted in this very full 
biography. 

It was during his four years in the States that Jeans, at the early age of 28, 
was elected a Fellow of the Royal Society, to the pleasure of his friends and the 
delight of the students, who lightly sang : 


Here’s to Jimmy Hopwood Jeans, 
He tries to make us Math-Machines, 
A young and brilliant F.R.S., 

That’s going some, we all confess. 


Returning to England, Jeans stayed in Cambridge for a few years as Stokes 
Lecturer but retired in 1912, and at Guildford rapidly made Physical History. 

In 1914 appeared his famous Report on Radiation and the Quantum Theory 
(Physical Society) which, after the war, when people had time to read it, did much 
to establish the theory and help Bohr, in his unorthodoxy, to establish his epoch: 
making views. A number of pages are devoted to a quite fascinating summary of 
the Eddington—Jeans controversy—into which Milne himself entered—on the 
role of radiation pressure in star equilibrium. It is well worth reading. An 
important decade of Jeans’ life was his ten years tenure of the Secretaryship of the 
Royal Society, 1919-29, a most influential and time consuming post, but one 
which did not stop Jeans working and taking interest in atomicity and quanta 
(Rouse Bell Lecture 1925) and in general cosmogony (Adams Prize Essay : 
Problems of Cosmogony and Stellar Dynamics (1919) and Astronomy and 
Cosmogony (1928)). 

It is curious to reflect that this last work in 1928 was his last, or nearly his last, 
technical contribution, since its final chapter contained such striking sentences as. 
the following, which arrested instantly Mr. Roberts’ alert attention :—* Let us, 
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however, reflect that mankind is at the very beginning of its existence ; on the 
astronomical time-scale it has lived for only a few brief moments and has only 
just begun to notice the cosmos outside itself. It is perhaps hardly likely to 
interpret its surroundings aright in the first few moments its eyes are open.” 

An exciting ‘ popular book’ appeared in 1929, the famous The Universe 
Around Us, followed in 1930 by The Mysterious Universe, in the nature of a sequel 
—books which one hopes are still read! They are products of a great mind 
which was no longer concerned with technical detail but preferred to stand back 
and survey what “ he himself and others had accomplished and interpret it for 
the benefit of the intelligent non-specialist ”’. 

Some 50 pages of the biography are devoted, very suitably, to sketches in 
*“* as non-technical language as possible of the topics to which Jeans, as a mathe- 
matical physicist, had, in his earlier, productive years, devoted himself ”’. 

Suffice it to say that the biographer, with his special knowledge, has made a 
very good and entrancingly interesting job of it! It would be a mistake to do 
more than mention the chapter headings: Rotating fluid masses, Star clusters, 
The equilibrium of the stars, and the last chapter entitled Jeans and Philosophy. 

Professor Milne was never one to accept ex cathedra statements quiescently; 
his was a critical mind constantly in mesh so that it is not surprising that the 
gently critical vein of some of his earlier pages should mount to something like a 
crescendo in this last chapter on Jeans’ philosophy. There are few physicists and, 
[ imagine no theoretical or mathematical physicists who have never crossed that 
nebulous and exciting frontier between physics and philosophy. Most return 
as quickly as may be or say little of their thoughts or feelings. It was otherwise 
with Jeans, and also, in a different way, Milne. These are some of the things 
said in the last chapter of the biography: ‘“... Jeans’ use of philosophy is 
disappointing * ; “* He never brought his critical powers to bear on the theory of 
relativity ”; “ he wrote facilely of expanding space when it was the fashion... 
without enquiring what in the world this could mean ”’; ‘‘ he wrote of the nebulae 
as * straws showing which way the streams of space were following ’, a metaphor 
which, however poetical, is more calculated to darken counsel than to enlighten 
our minds”; “ his innate reverence for mathematics led him to consider the 
Creator of the Universe as in essence a mathematician ”’. 

There is a most excellent bibliography, including all Jeans’ published scientific 
papers, books and lectures and a very helpful index. 

No one reading this outstandingly well written biography can fail to have his 
attention gripped and his interests aroused. There is a good deal of criticism 
interspersed in its 166 pages, but it is nowhere so bitter as to call to the reader’s 
mind de mortuts nil nist bonum. R. WHIDDINGTON. 


Symposium on Radiobiology : the Basic Aspects of Radiation Effects on Living 
Systems, edited by JAMEs J. Nickson. Pp. xii+465. (New York : John 
Wiley; London: Chapman and Hall, 1952.) 60s. 


lhe biological effects of radiation are becoming increasingly important 
as a field of study of significance not only to the individual but also to the 
population as a whole. The present volume is accordingly a welcome review 


of the state of knowledge of the mechanism of the action of radiation on living 
systems. 


— 
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‘The book comprises the 23 scientific papers presented at a symposium, held 
at Oberlin College in June 1950, and sponsored primarily by the National Research 
Council of the U.S. National Academy of Sciences. The objective of the 
symposium was the presentation of a comprehensive analysis of the fundamental 
radiobiological concepts concerning the effects of radiation on living cells, 
by a group of acknowledged authorities, all specialists in their respective fields: 
the list of contributors included W. M. Dale, G. Hevesy and R. Latarjet from 
Europe. ‘The papers are essentially reviews of the position in a particular 
branch of the subject and the presentation of original data has been minimized. 

Of the 23 lectures, the first four concern the ionizing effects of different 
types of radiation including high energy beams and neutrons; these are followed 
by five lectures on the chemical effects of radiation in gaseous and aqueous 
systems and on elementary radiobiological chemistry. Consideration is then 
given to the effect on cell metabolism and biochemical substances in cells, to the 
physical and chemical factors affecting the sensitivity of cells to radiation and 
to molecular effects. The next group of lectures deals with chromosome 
aberrations and the factors affecting radio-sensitivity and is followed by a study 
of spontaneous and radiation-induced gene mutations and their effects on 
populations. We then have some penetrating speculations on the cellular action 
of radiation and a discussion of the target theory and intermediate action theory 
of the action of radiation on cells, in the light of evidence of the effects of 
irradiation, and particularly of specific ionization, on yeast cells. ‘The book 
concludes with a group of four lectures on the effects of irradiation on mammals 
covering the physiological factors in radiation injury and lethality, the biological 
cffects of quality and intensity of irradiation and the implications of the 
extensive work on the radiation genetics of mice populations. In most instances 
an interesting brief discussion of the paper is also included and most of the 
papers are furnished with extensive bibliographies. 

The objectives of the symposium appear to have been very amply attained 
in this series of lectures. ‘The book has both the advantages and disadvantages 
of a symposium: the divergency of viewpoints is stimulating, but there is 
necessarily considerable overlap in the papers. ‘There is also diversity in the 
depth of treatment, but several of the papers provide excellent and penetrating 
reviews which will be of considerable interest to those engaged in research on the 
biological effects of radiation. The book deals effectively with the complexity 
of this subject which involves so much radiation chemistry, cytology and genetics 
as wellas physics. lhe physicist will find the papers on the cognate fields absorbing 
and lucid but he will not find as much as the biologist or radiation chemist to 
provoke a research interest. It seems unfortunate that a volume which presents 
the state of knowledge on a rapidly expanding subject should take over two years 
to publish, but the present volume provides a valuable supplement to the existing 
standard works on radiobiology. It is perhaps noteworthy that the papers cover 
the same field as certain of the papers in the report (also recently published) of 
the Conference on the Biological Hazards of Atomic Energy convened by the 
Institute of Biology and the Atomic Scientists Association and held in London 
in October 1950. W. G, MARLEY, 
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Electronic Analog Computers, by GRAMINO A. Korn and THeresa M. Korn. 
Pp. xv+378. (New York, London: McGraw-Hill, 1952.) $7.00, 59s. 6d. 


This book will form a useful addition to the literature of analogue computing. 
It is perhaps unfortunate that the authors have confined themselves almost 
exclusively to the problem of the design of differential analysers but, even 
with this limitation, the book contains many ideas which will be useful in other 
fields of computation. 

In the first chapter the fundamental computing elements are considered 
in a general way. Networks suitable for the operations of addition and 
subtraction are given and multiplication by means of a servo driven potentio- 
meter is shown to be an applicable technique at low frequencies. The 
differentiation and integration of a function is next taken up and it is indicated 
that differentiating circuits have not been much used in serious analogue 
computation. 

The second chapter discusses the set-up procedure favoured by the authors 
and is mostly devoted to the questions of scale factors and the replacement 
of the differential operation by integrations. Several equations of interest to 
physicists are discussed in detail and solutions obtained on a computer are 
shown for the equations of Mathieu, Legendre and van der Pol. 

For the physicist more interested in applications than in computer design, 
the third chapter will be most stimulating. Practical problems discussed. 
include dynamic vibration dampers, the simple servo, the spherical cannon 
ball with air resistance and the equations of flight. Flight simulators receive: 
considerable attention and it is shown how a suitable computer can be used. 
in the design and testing of automatic pilots. ‘The chapter concludes with an 
all too brief discussion of simultaneous equations, integral transforms and 
boundary and eigenvalue problems. 

Chapter four sees the start of the really practical part of the book. The 
setting of constants and the multiplication of functions by constants are 
discussed, chiefly with reference to simple potentiometers. This is followed. 
by a detailed analysis of the R.C. integrator and of the improvement of its. 
characteristics by feedback. ‘The chapter concludes with a discussion of the 
stabilization of amplifiers by feed back. 


At the start of the fifth chapter the statement appears (p. 167) “....an 
exhaustive treatment of amplifier design is entirely beyond the scope of this. 
book”’. ‘This is surprising since the remainder of the chapter contains an 


exhaustive account of the design of d.c. amplifiers. The reviewer found the 
account of drift compensation particularly valuable especially as no other 
comprehensive treatment appears to be readily available. An omission, which 
might well be remedied in any future edition, is that of all mention of magnetic 
amplifiers. 

Chapter six discusses techniques for multiplication and for function 
generation. ‘I’here does not appear to be anything of particular novelty in 
any of the circuits given but it is satisfactory to have the various techniques. 
gathered together in one place. 

Auxiliary circuits for setting initial conditions and available output 
mechanisms form the chief subjects of chapter seven, and a brief description 
of power supply design and of checking procedures ends the chapter. 
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The final chapter describes some complete computer installations which 
are available in the United States of America. A sound discussion of design 
considerations for future machines is followed by a somewhat sketchy 
discussion of accuracy. ‘Those concerned with the actual building of computers, 
especially in this country, will sympathize with the statement that the 
computer room should be a ‘ showplace ’. 

An appendix gives a mathematical discussion of the properties of parallel 
feedback type operational amplifiers. There is a reasonably complete 
bibliography and good author and subject indexes. 

The reviewer noticed a few errors, the penultimate line of p. 12 should 
have Ry instead of R,. The footnote on p. 130 appears to refer to a further 
appendix which has not, in fact, been included, and, in the reviewer’s 
experience, it seems most unlikely that electro-mechanical relays are available 
for operation at 1500 c/s as stated on p. 228. A. D. BOOTH. 


Metallurgical Equlibrium Diagrams, by W. Hume-Rotuery, J. W. CHRISTIAN 
and W. B. Prarson. Physics in Industry Series. Pp. 311. (London: 
Institute of Physics, 1952.) 50s. 


The equilibrium diagrams of alloy systems occupy a very important position 
in metallurgical knowledge and an increasing need has been felt in recent years 
for a comprehensive account of the methods available for their determination. 
The present book meets this need and will be especially welcome as coming 
from the laboratory in which Dr. Hume-Rothery has built up a tradition of 
work of the highest quality in this field. Although written primarily for 
metallurgists it contains much that could be read with profit by anyone— 
physicist, chemist, or engineer—who is concerned with measurements of the 
properties of alloys. The days are fortunately past when physicists would 
report the values of some property across an alloy system and discuss its 
variation without reference to changes of constitution, but many papers still 
reveal a lack of appreciation of the precautions required in the preparation and 
heat treatment of alloys if measurements on them are to have real significance. 

The book opens with a survey of the general principles and thermodynamic 
basis of phase diagrams, which includes a brief consideration of the status to be 
assigned to order—disorder changes, without, however, showing the forms that 
can be taken by superlattice phase fields. ‘The discussion of general experimental 
procedure that follows includes a useful chapter on refractory materials, and 
a table showing the appropriate crucible materials and atmospheres for the 
melting of different metals, which should prove invaluable to a wide range of 
workers. ‘The chapters on thermal analysis are remarkable in being the only 
description of these methods known to the reviewer in which there are no errors 
in the diagrams illustrating the interpretation of heating and cooling curves. 
‘The application of x-ray methods to the determination of diagrams is discussed 
critically, and attention is drawn to possible sources of error; the authors 
recognize the usefulness of such methods, properly applied, and it is to be hoped 
that one has heard the last echoes of the ‘x-ray versus microscope’ controversy. 
Other physical methods that can be used in this type of work are discussed only 
briefly. The section on ternary systems that follows is an excellent exposition 
of this involved subject and draws much of its strength from the remarkably 
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well produced diagrams which make clear many of the points which are difficult 
to visualize. 

The book is described as being intended for fourth-year honours students 
and research students in metallurgy, but much of the subject matter is 
appropriate to the earlier stages of metallurgy degree courses. In addition the 
sections on the preparation and heat treatment of alloys and the emphasis laid 
on the need for chemical analysis of actual specimens should prove useful to 
any scientist concerned with the properties of alloys. 

It should be made clear (for the title fails to do so) that the observed phase 


diagrams of actual alloy systems do not lie within the scope of this book. 
B. R. COLES. 


Charbons activés, by C. Courty. Pp. ix+534. (Paris: Gauthier-Viliars, 
1952.) 4500 fr. 


This book is a treatise of 514 pages on the adsorptive properties of activated 
charcoal. An admirable balance is attained between the description of experi- 
mental work, a thorough account of the underlying physics and chemistry, and a 
mathematical treatment of the theories of adsorption. ‘The author admits that 
neither the investigations nor the theories are by any means complete, but he 
makes a valuable contribution towards a full understanding by offering a very 
careful and critical survey of what has so far been achieved. One of the main 
problems is the mechanism of the chemical sorption of gases and vapours, and 
here M. Courty’s own researches have played an important part in the progress 
which has been made in recent years. It is evident throughout that he is writing 
with authority. 

The book opens with an account of surface tension and capillarity, and a 
critical discussion of the various theories of adsorption. A similarly careful 
survey follows, dealing with the types of heat of adsorption and the kinetics of 
adsorption. While these treatments are quite general, special attention is 
naturally given to those theories which can be applied to highly activated porous 
surfaces, and to charcoal in particular. The remainder of the book is more 
concerned with experiment. Measurements of the sorption of various gases and 
gas mixtures are described, followed by the properties of charcoal relevant to its 
use in respirators. ‘These include studies of the desorption processes, and the 
correlation between sorption and numerous physical properties, such as grain 
size, density and porosity. ‘The book concludes with a detailed account of work 
on chemical sorption, and on methods of testing the efficiency of sorption and the 
degree of activation of the charcoal. 

The standard of production is reasonable as regards legibility of type, 
mathematics and diagrams. ‘The book is, however, paper covered, which does 
not offer a high degree of permanence. Moreover it is very irritating to the 
purchaser to be supplied with a book in which almost all the pages are uncut. 
The writer estimates that he spent almost two hours in page-cutting. This 
standard of production does not seem consistent with the price of the book, and 
compares unfavourably with standards in this country. D. A. WRIGHT. 
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Astrophysics. A Topical Symposium, edited by J. A. HyNEK. Pp. xii+703. (New 
York, London: McGraw-Hill, 1951.) 102s. 


This composite work by fifteen authors is issued to commemorate the fiftieth 
anniversary of the Yerkes Observatory. It forms a fairly comprehensive review of 
astrophysics with some reference to its growth during the last fifty years. 

Each author has been given freedom to cover his subject in his own particular style 
and hence one cannot expect the various chapters to fit into one another in one continuous 
theme. There is some overlapping in the sections on normal stellar spectra and on the 
physics of stars. Certain wide sections of astrophysics are untouched, but in the fields 
that are covered it can be used somewhat asa textbook. In this respect it is sure to command 
wide popularity because no general astrophysical textbook at the research level exists 
in English at present. 

The book is appropriately introduced by B. Stromgren with an account of the 
development of astrophysics during the last half century. It is then divided into four 
main parts containing a total of fourteen chapters by individual authors. 

Part one, on spectroscopic astrophysics, contains matters relating to stellar spectra 
and stellar atmospheres. P. C. Keenan and W. W. Morgan deal with the significance 
of stellar classification and discuss the related physical conditions of stars but not descriptive 
details of their spectra. Questions of stellar line intensities, line structure, curve of 
growth, and chemical composition are clearly set out by L. H. Aller, while the more 
individual stellar problems relating to emission lines, rotation, abnormal intensities, 
gaseous rings and stellar formations (but not flare stars) are made interesting and reasonably 
systematic by O. Struve. The subject of molecular spectra is difficult to treat in a confined 
space and P. Swings’ article is necessarily devoted to particular bands and compounds 
present in various cosmic sources rather than to general principles. B. Stromgren has 
contributed a stimulating survey of the problems of radiation in stellar atmospheres and 
stellar interior. His article give the full historical development of the subject and is well 
suited to a commemorative volume although differing in style from the rest of the book. 

Part two, on the solar system, reflects closely the interests of the authors and is not in 
any sense complete. E. Pettit’s chapter on the sun and stellar radiation contains the 
radiation and dimensional data of the sun and a summary account of solar activity. N. T. 
Bobrovnikoff deals with modern physical problems of comets, particularly the forces that 
come into play to produce the coma and tails. The problem of their origin is carried 
further into G. P. Kuiper’s chapter on the Origin of the Solar System, which is however 
too advanced and speculative to suit the rest of the book. It deals with the break up of the 
solar nebula by turbulence and the formation of planets and satellites. 

The third part deals systematically and rather uniformly with binary and variable 
stars—visual binaries by G. van Biesbroeck, spectroscopic binaries by J. A. Hynek, 
eclipsing binaries by N. L. Pierce, and intrinsic variables by C. Payne-Gaposchkin. 
Parallax problems are added to van Biesbroeck’s article. 

The fourth section has been called the physics of cosmic matter. The rapidly 
developing subject of interstellar matter is well handled by J. L. Greestein who discusses 
the physical condition of the gas and cloud formations and also their effect on the stars 
seen through them. S. Chandrasekhar closes the book with a section on stellar structure 
in his usual clear cut style. 

It will be noticed that there is no attempt to make a complete coverage of astrophysics. 
There is no treatment of galactic structure, stellar motions, external galaxies, clusters, 
or planetary nebulae. Other gaps could be found. However the articles reach a high 
standard and give an up to date view of the major parts of astrophysics. ‘The book is 
well bound and printed. Although somewhat expensive it is already being well read and 
it should achieve a wide distribution. C. W. ALLEN. 
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MS. received 9th Fanuary 1953 


Abstract. The electrical breakdown of gases between coaxial cylinders at low 
pressures was studied in air (a gas mixture), hydrogen (a diatomic gas) and in 
helium (a monatomic gas). The significant secondary ionization processes 
occurring were correlated with those which are known to occur in uniform 
fields. The similarity theorem was used to help in the identification of the 
fundamental collisional processes. ‘The experimental results were consistent 
with the view that breakdown involves the same primary and secondary 
ionization processes as in uniform fields: the relative importance of the dominant 
secondary electron emission processes depends on the nature of the electrodes 
and the geometry of the system. The effects of traces of impurities in helium 
were also studied, and the results were accounted for by the action of metastable 
atoms. 


$1. BREAKDOWN IN Non-UniForM FIELDS 


HE electrical discharge between coaxial cylinders at low pressures has 

been studied for many years, not only because of its practical application 

in Geiger counters and high-tension power lines, but also because 
important information about collisional properties of electrons, ions and 
metastable atoms may be obtained in this way. It is important, also, to investigate 
the mechanism of the electrical breakdown of gases in non-uniform fields in 
order to find whether any correlation exists between the significant secondary 
ionization processes and those known to occur in breakdown under uniform fields 
(Llewellyn Jones and Davies 1951 a, b.) 

In non-uniform fields when the electrode system consists of a wire of radius a 
and a coaxial cylinder of radius 6 the field strength at the cathode depends on 
whether the wire or the cylinder is the cathode. ‘The ratio of the field X, at the 
wire to the gas pressure p can be very high (~300 v/cm/mm Hg) in typical cases. 
while in regions remote from the wire and near the cylinder the field X,( =aX,,/b) 
can be low (~20v/cm/mm Hg). ‘The electron energies, and possibly those of 
ions also, are therefore very much greater in the region near the wire than near 
the cylinder provided the mean free path is small compared with the radius of 
the cylinder; the occurrence of charge exchange (Keene 1949, Hasted 1951) and 
possibly other processes at low values of X/p (‘Tyndall 1938, Llewellyn Jones 1935) 


tends, however, to prevent the attainment of high ion energies. Hence, except 


when such processes occur, the influence of. any cathode ionization processes 
may be compared at different values of X/p, i.e. at X,/p and X,,/p, simply by 
investigating breakdown for different polarities of the wire. 
Accepted arguments proposed to account for the mechanism of corona 
breakdown at the lower gas pressures usually run as follows. When the wire is 
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made the cathode and the cylinder the anode all the positive ions move to the 
wire through an intense field X,, and may thus acquire high energies at the cathode : 
on the other hand, when the cylinder is the cathode, the positive 1ons move in 
the much weaker field X, near the cylinder, and consequently have low 
(approximately thermal) energies on reaching the cathode. In general, the 
coefficient y of secondary emission due to the impact of positive ions with the 
cathode increases with X/p; for nickel electrodes in hydrogen, for example, 
y increases by a factor of about 10 when.X/p increases from 100 to 300 v/cm/mm Hg 
(Liewellyn Jones 1939). Consequently the value yy, of the secondary emission 
coefficient for the wire where the field is high would be at least equal to, and 
would probably be greater than, the value y, for the cylinder, where the field is 
lower by a factor of about 10. When the secondary ionization process in the 
breakdown mechanism is due only to the y process, the Townsend criterion for 
breakdown in a non-uniform field is 


b 
1-7 fexp | adr—1} =0 oe (1) 


where « is the primary coefficient of ionization by single electron collision. 
The field X, at any radial distance 7 at breakdown is related to the breakdown 
potential V, by the expression 


. XV jin (bay eo) eee (2) 
and when «/p and y are both functions of X/p it follows that 
ro BF (ph 
=exp — (aX ‘ CA erat face 75) 3 
FEA Ga s 


This gives the dependence of the breakdown potential V, on the coefficient y; 
the higher the value of y the lower is V,, and changes in y produce corresponding 
changes in V,. It follows that on this view the breakdown potential V,- when 
the wire is cathode (negative discharge) can be equal to or lower than the 
value X,* when the wire is anode (positive discharge), but cannot be greater 
than V+ at the same value of pa. Experiments in the diatomic gases nitrogen 
(Huxley 1930) and hydrogen (Bruce 1930) show that V,- is in fact less than V,+. 
In air, however, the (V,, pa) and (V,*, pa) curves intersect (Boulind 1934), 
V> exceeding V,* when pa>0-7 mm Hg cm, but V,~ being less than V,+ when 
pa<0-7 mm Hgcem. It follows from the above argument, therefore, that the 
y process due to impact of positive ions alone cannot account for this result, 
and that the action of other secondary ionization processes must be considered. 
It has been suggested that ionization of gas atoms by positive ions (6 process) 
in the space near the wire where the field is high was such a process, and 
arguments in support of this have been given by Huxley and Bruce (1937) and 
‘Townsend (1947); the intersection of the (V,-, pa) and (V,*, pa) curves was then 
considered to be a consequence of the relative magnitudes of the B and y 
coefficients. ‘The same effect can, however, be produced by other secondary 
processes, such as the photoelectric effect at the cathode due to the incidence of 
photons produced in the electron avalanche; the problem of explaining the 
relative magnitudes of V, and V,+ in any given case therefore depends on the 
identification of the particular secondary ionization processes predominant in 
the breakdown mechanism. 

In pure monatomic gases, on the other hand, no intersection of the (V,, pa) 
curves for a positive and a negative discharge has been observed (Penning 1931), 
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V~ being always lower than V,+ for helium, neon and argon. When, however, 
traces of impurities are present the (V,, pa) curves for positive and negative 
discharges can intersect (Huxley 1928), a result attributed (Penning 1931) to. 
collisions of the second kind between metastable atoms and the atoms of impurity 
resulting in the ionization of the atoms of impurity. In the case of positive and 
negative breakdown in air and oxygen, however, no satisfactory explanation of 
the intersection of the (V,, pa) curves has been given, although many attempts 
have been made in recent years (e.g. Miller and Loeb 1951) to elucidate the 
mechanism. Investigations by Louw and Naude (1949) and Wiedenbeck and 
Crane (1949) on spurious counts in Geiger counters, and by Pidd and Madansky 
(1949) on the large variations in the dead times with changes of the cathode 
surface in spark counters, indicate that the precise role played by oxide films 
is not generally appreciated or fully understood. In Geiger counters, for 
example, the presence of a surface film is common because of the nature of the 
technique employed in its construction and the nature of the gases which are 
generally used. 

Recent work has shown that thin electro-positive and electro-negative films 
on the cathode have a profound influence on the breakdown potentials of gases. 
in uniform fields (Llewellyn Jones and Davies 1951b). Large changes (by 
factors of the order of 50 times) in the generalized secondary coefficient w/a 
representing the total electron production from all causes per ionizing collision 
in the gas, can be produced by changes in the cathode work function caused by 
the existence of electro-positive or electro-negative surface layers on the cathode. 
This is due to the fact that the mechanism of secondary ionization in the discharge 
is in general not a single process, but generally consists of at least two: cathode 
emission due to the incidence of positive ions and photoelectric emission due to. 
photons generated in the electron avalanche. ‘The relative importance of these 
two processes depends on X/p and the geometry of the system. In general, when 
a number of different secondary ionization processes occur, w/a can be expressed 
approximately by the relation 

Ne Oy ects Ole Aleta mee Me Latmeat cancer’ (4) 
where secondary electron production at the cathode may be produced by the 
impact of positive ions (y effect) or of photons (6 effect) and metastable atoms 
(e effect) and in the gas by ionization by collision by positive ions (f effect) and 
by photon absorption (7 effect) (Dutton, Haydon and Llewellyn Jones 1953). 
Hence it is necessary to investigate breakdown in non-uniform fields in various 
gases and to pay particular attention to the influence of surface flms on the 
mechanism, as has already been done for the case of breakdown in uniform fields. 

The following sections of the paper describe the experimental investigations 
of static corona breakdown at low pressures in air (a gas mixture), hydrogen (a pure 
diatomic gas) and in helium (a monatomic gas) with the object of identifying 
the secondary ionization mechanisms operating, and then to compare these with 
the processes known to occur in uniform fields. ‘The method of investigation 
was to evaluate w/« as a function of X/p for each case of breakdown, because the 
shapes of the (w/x, X/p) curves help to identify the secondary processes ; further, 
application of the similarity and corona relationships gives important information 
about the nature of the ionization and de-ionization processes. With the three 


_different kinds of gases used, the effects of impurities and of different processes 


of ionization by collisions of the first and second kind could be examined. 
Z-2 


348 F. Llewellyn Jones and G. C. Williams 


§2. APPARATUS AND EXPERIMENTAL PROCEDURE 


Three discharge tubes A, B and C were employed, consisting of nickel rod 
electrodes of diameters (2 a) 0-159, 0-318 and 0-160 cm respectively, each mounted 
coaxially in nickel cylinders of internal diameter, (2 b) 3-945, 3-950 and 2-080 cm 
respectively, and enclosed in hard glass envelopes all sealed to a common gas 
supply. The gas pressure was measured with an ‘Apiezon’ oil manometer, the 
oil being freed from dissolved gases whenever the nature of the gas was changed. 
Mercury was excluded from the whole system. ‘The air used was admitted from 
the laboratory into a reservoir through a calcium chloride drying tube and 
filtered with glass wool, and was stored over phosphorus pentoxide for at least 
24 hours before use. ‘The hydrogen was generated by the electrolysis of a 
5% solution of barium hydroxide, dried over phosphorus pentoxide, then 
diffused through a heated palladium thimble. Commercially produced spectrally 
pure helium was stored over activated charcoal cooled with liquid oxygen for a 
period of at least 15 hours before passing into the discharge tubes. ‘The three 
discharge tubes were always open to a nearby large charcoal trap which was 
cooled by liquid oxygen when helium was in the tubes. ‘The applied potentials 
were obtained from a stabilized power pack and measured by a calibrated 
voltmeter. The discharge current passing after breakdown was recorded by a 
sensitive microammeter and was limited by a series resistance ~2MQ. ‘The 
discharge tubes were outgassed at 300°c—400°c in an electric furnace for some 
days while being continuously evacuated. For.the measurements in hydrogen 
and in helium the electrode system was subjected to severe hydrogen ion 
bombardment in order to remove any tenacious surface tarnish films (Llewellyn 
Jones and Davies 1951 b). 

The determination of the breakdown potentials of a gas at different pressures 
involved difficulties, and many previous observers have not stated clearly what 
criterion was used to indicate the potential V, at which breakdown actually 
occurred. ‘The difficulties are more pronounced for a positive discharge at the 
higher values of pa (or at the lowest values of X/p), because in this case the 
ionization, which occurs before breakdown is complete, is confined to the region 
about the wire, and the loss of electrons to the wire is large. When very small 
values of the initial current J) (~10-'a) are used space charge is negligible, 
and the self-maintained discharge current J can be increased by a large factor 
(~108) without sensibly changing the applied potential. This potential is taken 
as the breakdown potential V,. 


§3. EXPERIMENTAL RESULTS 
(i) Aur 

‘The experimental results for air are best expressed graphically, and the 
(V,*, pa) and (V,-, pa) curves obtained with tube C are given in fig. 1. It can 
be seen that for values of pa greater than 0-7 mmHgcm, V;~->V,+, but when 
pa<0-7mmHgem then V,<V,+; these results were reproducible and in 
general agreement with those obtained by Boulind (1934) for tubes of different 
dimensions. 

Values of w/« calculated from these values of V, are given in fig. 2. The 
calculation of w/« involves the solution of eqn. (1), in which the coefficient y is 
replaced by the more general coefficient w/«. In order to cover the complete 
range from X,/p to X,/p, values of «/p determined by different observers 


Electrical Breakdown of Gases in Non-Uniform Fields 349 


(Townsend 1915, Sanders 1933) were used and the integral evaluated graphically. 
For a negative discharge w/x increased linearly with X /p, but for the positive 
discharge w/« exhibited a peak value at X/p=26vcm/mm Hg; for values of 
X/p greater than 40v/cm/mmHg w/« again increased steadily. At a value 
of X/p of 957 v/cm/mm Hg w/« was found to be 0-008, which compares favourably 
with the value 0-01 obtained by Llewellyn Jones and Davies (1951 a) for uniform 
fields and a nickel cathode. 


Pe (mm Hg cm) 


Fig. 1. Breakdown potentials of air for tube C. 
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Fig. 2. (w/a, X/p) curves for air for cathodes of nickel. 


Data on the breakdown mechanism may also be obtained from a consideration 
of the applicability of the similarity and corona theorems. When the similarity 
theorem 

VEX nll (Oa PG aa Dae ae hn it (5) 
is found to apply to geometrically similar systems, only collisional processes 
which are functions of X/p play any significant part in breakdown: it is therefore 
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of interest to study under what conditions the theorem applies in air. A set of 
(aX,, pa) curves is given in fig. 3, where the continuous curves refer to tube G 
and the values indicated by white and black circles to tube B. ‘These values lie on 
the continuous curves throughout the range 0-01 mm Hg cm<pa< 1-6mm Hgcm, 
and this shows that the similarity theorem is satisfied over the whole range of X/p. 
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Fig. 3. The full curves give values of aX, for tube C for positive and negative discharges. 
Points (white and black) give values of aX, for positive and negative discharges in 
the geometrically similar tube B. The similarity theorem is obeyed. 


Consider now the corona theorem relating the breakdown potentials V, and V, 
for two tubes, for example tubes A and C, with the same wire of radius a, but 
with cylinders of different radii 6, and b, by the expression 

4 In b,/a 

Vie Vee hee Sone (6) 
‘Typical results are given in fig. 4, where the measured values of V, for tube C 
(white and black circles) are compared with those calculated for C (continuous 
curves) from the measured values of V, for tube A using equation (6). The 
agreement between the calculated and observed values of V,- is good when 
p<0-4mm Hg, but for lower values of p a marked divergence is observed. This 
was to be expected, since the discharge extended to the cylinder at higher values 
of pressure in tube C than in tube A, thereby influencing the discharge in C at 
much higher values of p. For the positive discharge the values of V,*, which 
were measured for tube C, were higher than the calculated values, and this may be 
explained by the greater part played by diffusion in tube C than in tube A, 
throughout the range of values of p considered. 
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(ii) Hydrogen 

(Vs pa) data for tube C for different conditions of the electrodes are given 
in fig. 5. ‘The initial experiments were made with electrodes which had been 
exposed to air for a period of about 3 months, and the surface of the nickel was 
therefore coated with a thick (210 cm) layer of oxide. At a value of pa of 
2-23 mm Hgcm the difference between the values of V, and V,* was only 12v 
(curves 1 and 2), but this difference increased as pa decreased. 

-, The ion bombardment to which the electrodes were subjected during the 
initial experiments had a profound effect on the breakdown potential V, 
(curves 3 and 4). For example, the values of V,~ were decreased by about 40 y, 
but the effect of ion bombardment of the cylinder on the values of V,+ was not 


Ke (v) 


P (mm Hg) 


Fig. 4. The measured values (white and black circles) of V, for tube C are compared with 
those (curves) calculated from the measured values for tube A using the corona 
relationship. 


appreciable. ‘This result was not unexpected, because the bombardment of the 
wire by high energy positive ions was more severe than that of the cylinder by 
ions of energies only slightly greater than their thermal energies. ‘The values 
of V, were still further affected by further mild ion bombardment of the wire 
cathode, but the change in the values of V,* was small. ‘Thus mild ion 
bombardment of the electrodes produced small changes in the values of V,* but 
large decreases in V,. 

At this stage in the experiments air was introduced into the tubes for about 
one hour during which the electrodes acquired a thin oxide layer. After this the 
values of V,~ (curve 5) were found to have decreased by 75v compared with 
those of curve 3, but the values of V,+ were not affected to any marked degree 
as a result of the oxidation (curve 6). ‘The tubes were then heated continuously 
at 300°c while the electrodes were subjected to continuous ion bombardment, 
and after 10 hours of this treatment they were evacuated for another period of 
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10 hours while being maintained at 300°C to remove adsorbed gas; pure 
hydrogen was then admitted by diffusion through palladium and breakdown 
potential measurements made. ‘The observed values of V, for three separate 
sets of measurements with different specimens of gas and with the electrodes in 
this de-oxidized state all lie, within experimental error, on a single curve 
(fig. 5, curves 7 and 8). 

When the electrodes were de-oxidized, curves 1 and 2 of fig. 6 show that 
the values of (aX,, pa) for tube C (continuous curves) coincided with the values 


HYDROGEN 
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0:5 1-0 15 2-0 2-25 
pa (mm Hg cm) 
Fig. 5. Breakdown potentials of hydrogen for tube C for different states of 
oxidation of the electrodes. 


1, 3, 5 and 7 negative wire; 2, 4, 6 and 8 positive wire. 


(white and black circles) for the geometrically similar tube B, showing that the 
similarity theorem was satisfied for both positive and negative discharges. When, 
on the other hand, the electrodes were oxidized the values of (aX,*, pa) for tube C 
(curve 3) and those for tube B (crosses) did not coalesce for values of pa greater 
than 0-5 mm Hg cm, but for values of pa less than 0-5 mm Hg cm the theorem was 
satisfied. Values of (aX, , pa) for tube C (curve 4) and tube B (crosses) satisfied 
the similarity theorem over the entire range investigated. 

Further, it is seen from fig. 7 that the values of V, measured for tube C (white 
and black circles) were in agreement with those calculated from the measured 
values for tube A (continuous curves) over a large range of pressure. At low 
values of p (<3mm Hg) the discharge extended to the cylinder in C while the 
discharge was still remote from the cylinder in A. Hence the measured breakdown 
potentials for C would be expected to be greater than those calculated from A 
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since the loss of electrons and ions to the cylinder of C was increased. The 
point at which the values diverged appears at a higher value of p for air than for 
hydrogen because of the high electron drift velocity in air (Healy and Reed 1941). 
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Fig. 6. The influence of oxidation of the cathode on the similarity theorem. The similarity 
theorem is obeyed for both positive and negative discharges when the electrodes are clean. 
When the electrodes are oxidized the theorem is not obeyed exactly for a positive 
discharge. 
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Fig. 7. The measured values (white and black circles) of V, for tube C are compared with 
those (curves) calculated from the measured values for tube A using the corona. 
relationship. 
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For any given value of X/p, w/a was calculated by solving eqn. (3) graphically, 
using the values of «/p measured by Hale (1939) and the values of V, given in 
fig. 5; these values of w/« are plotted as functions of X/p in fig. 8 for both positive 
and negative discharges. 
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X/p (v/cm/mm Hg ) 
Fig. 8. (w/a, X/p) curves for hydrogen and nickel electrodes in different conditions. 


1, thick oxide layer; 2, after intensive ion bombardment; 3, after the tubes had 
been exposed to the atmosphere for 1 hour; 4, clean electrodes. 


(11) Helium 

On completing the investigations with de-oxidized electrodes in hydrogen, 
the discharge system was evacuated for a period of 10 hours and pure helium 
was admitted to the desired pressure. After the preliminary outgassing the 
system still contained small traces of hydrogen adsorbed on the electrodes and 
the glass envelopes, and typical (V,, pa) curves for helium in various stages of 
purification with de-oxidized electrodes are given in curves 1 and 2 of fig. 9 for 
tube C. The (V,*, pa) curve 2 has a broad flat minimum similar to that observed 
by Penning (1931) for neon contaminated with minute quantities (~0-002°%) 
of argon, while the (V,, pa) curve 1, on the other hand, is of the more usual 
Paschen form, similar to that obtained for a negative discharge in air and 
hydrogen. I,* remained constant over a wide range of pa, and the (V,-, pa) 
and (V,*, pa) curves intersected at a pa of 1:13mmHgem. After further 
outgassing for some hours V increased and curves 3 and 4 were obtained, and 
after prolonged heating zm vacuo and severe ion bombardment the values given 
in curves 5 and 6 were obtained. V,~ was now lower than V,*, but during the 
removal of occluded hydrogen both V,+ and V, increased. From the (V,, pa) 
data given in fig. 9 the coefficient w/« as a function of X/p (fig. 10) was calculated 
using the values of «/p given by Townsend and MacCallum (1934). It is apparent 
that severe heating 7 vacuo and ion bombardment considerably decreased w/x 
for the negative discharge, but produced only small changes in w/x for the 
‘positive discharge. 
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Purification of the gas also had an important effect on the conditions under 
which the similarity theorem was obeyed. Although the heat treatment and ion 
bombardment increased both V,~ and V+ by a large factor (fig. 9), the theorem 
was obeyed only for a positive discharge (fig. 11). The difference between the 
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Fig. 9. Breakdown potentials of stages of purification. 1, high con- 

helium in various stages of puri- centration of atoms of impurity; 

fication for tube C. 1, 3 and 5 2, lower concentration of atoms of 

negative wire; 2, 4 and 6 posi- impurity; 3, helium in the final 
tive wire. stages of purification. 
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Fig. 11. The full curves give values of Fig. 12. The measured values 
aX, for tube C for positive and nega- (white and black circles) of V, 
tive discharges. Points (white and for tube C are compared with 
black circles) give values of aX, for those (curves) calculated from 
positive and negative discharges in the the measured values for tube A 
geometrically similar tube B. ‘The using the corona relationship. 


similarity theorem is obeyed for posi- 
tive breakdown but not for negative. 


values of aX, for tubes B (black circles) and C (continuous curve) for a negative 
discharge was very large even after long and severe outgassing and gas 
purification treatment extending over some 60 hours. The outgassing was, 
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in fact, continued until sputtering of the electrodes eventually destroyed the 
insulation in the discharge tubes. 

For a positive discharge (fig. 12) the measured values of V, for tube C (white 
circles) were higher than those calculated from tube A (continuous curves) using 
the corona relationship (6) for values of p less than 9mmHg. For a negative 
discharge (fig. 12), on the other hand, the values of V, for tube C (black circles) 
were always higher than those calculated from tube A (continuous curve). ‘The 
values given in fig. 12 which have been used to test the corona relationship were 
those obtained after ion bombardment and prolonged heating im vacuo. 


§4. Discussion 
(i) Aur 

The similarity relation held when the wire was positive and when negative: 
thus, the processes of ionization and de-ionization were all functions of X/p- 
The most likely form of electron generation was single impact of electrons with 
molecules, while consideration of the application of the corona theorem on the 
lines discussed previously (Llewellyn Jones and Morgan 1951) showed that the 
diffusion and drift of electrons played an important part in the loss mechanism. 

For these relatively low values of pa photo-ionization was negligible, since 
the values of the photon absorption coefficient indicates that most of the photons. 
would not be absorbed in the gas but would fall on the cylinder. It can be 
concluded (Llewellyn Jones 1939) from the form of the (w/«, X/p) curves given 
in fig. 2 that at low values of X/p when w/« decreased with increasing X/p the 
emission from the cylinder when cathode was mainly due to the incidence of 
photons, while, at high values of X/p (+100), when w/a increased with X/p, the 
emission from the wire when cathode was due to the incidence of positive ions.. 
Photons produced in the pre-breakdown ionization currents were emitted in 
all directions, and all except the small proportion intercepted by the wire fell 
on the cylinder from which photoelectrons were emitted when the cylinder was. 
negative. On the other hand, when the cylinder was positive these photons. 
produced no emission from the cylinder, and the emission from the wire was. 
negligibly small, since only a small fraction of the photons would be intercepted. 
Thus, when the cylinder was cathode and X/p low, it should be expected that a 
part of the emission was photoelectric (previous experience shows that this is a 
large part). It should therefore be expected from this that a peak should occur 
in the (w/%, X/p) curves for the values of X/p obtaining when the cylinder was 
cathode, and for high values of X/p there should be a continuous increase of 
«/% with X/p; this is precisely what fig. 2 shows. These are the same general 
results as those observed for breakdown in air with nickel electrodes in uniform 
fields (Llewellyn Jones and Davies 1951 a); indeed, those previous values of w/« 
practically bridge the gap between the two ranges of w/« found in the present 
experiments in non-uniform fields. ‘These results, therefore, are consistent with 
the view that the primary and secondary ionization processes leading to breakdown 
are the same in non-uniform fields as in uniform fields. The same secondary 
process of electron emission from the cathode due to incidence of photons and 
ions can and does occur, but the relative importance of the role they play in 
breakdown depends on the nature of the electrodes and the geometry of the system 
which determines the proportion of all the photons produced which fall on the 
cathode and the spatial distribution of electron and ion energies. 
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It follows from the above considerations that the generalized secondary 
coefficient w/« for a positive wire may be approximately represented by the sum 
of two coefficients; thus from (4) 


(w/a), =i + (8/0) 45 KT (7) 
where (5/x), represents secondary emission due to incidence of photons on the 
cylinder (in these circumstances X/p was low at the cylinder) and the coefficient 
is the electron emission coefficient due to the incidence of low energy positive 
ions on the cylinder, since the fields were low at the cylinder. When the wire 
was negative, on the other hand, the liberation of secondary electrons was due 
almost entirely to the impact of high energy positive ions, because most of the 
radiation liberated in the gas still fell on the cylinder, which was now the anode, 
and therefore no secondary electrons could be liberated. The photoelectric 
yield from the wire was thus low in comparison with that due to the impact of 
high energy positive ions. The generalized secondary ionization coefficient for 
negative breakdown (w/«)_ is then given by 


(OT amen Ene ree (8) 
where y; was the value of y at the high values of X/p found at the wire. 

It follows, therefore, that whether (w/«)_ will be greater or less than (w/x), 
depends on the relative magnitudes of 5/a, y, and y,. Since w/« is related to the 
breakdown potential V, by expression (4), the relative magnitudes of the 
breakdown potentials for positive and negative breakdown depend on the 
relative magnitudes of 5/a, y, and y, i.e. on the nature of the cathode only. 'Vhe 
significance of this fact for corona breakdown has not been fully appreciated, as 
the discussion in §1 shows. 

(11) Hydrogen 

Compared with air, hydrogen is a simple non-active gas. In air a clean metal 
surface is not obtainable, but this is not the case in hydrogen; consequently it is 
to be expected that surface tarnish layers on the electrodes will influence V, 
and w/« to a greater extent in hydrogen than in air. 

Consider first the case of pure hydrogen with cleaned nickel electrode surfaces. 
From the application of the similarity and corona theorems (figs. 6 and 7) it 
can be concluded that the primary ionization was due to single impact collision 
of electrons and molecules, and that the secondary ionization was a process 
dependent on X/p, i.e. dependent on the energies of the electrons and ions. 
Consider now the (w/«, X/p) curves given in fig. 8. When the cylinder was 
cathode and secondary emission could be due to the incidence of both photons 
and positive ions, fig. 8 shows a rapid increase of w/« with X/p from a value of 
about 10-3 at 15 v/cm/mm Hg to a value of about 6 x 10-? at 150 v/cm/mm Hg. 
When the wire was negative and photoelectron emission could not play any 
predominant role, w/x steadily increased with X/p from very small values 
(~10-3) at 150v/cm/mm Hg to comparatively high values (~6 x 10-*) when 
X/p was ~500v/cm/mm Hg. This result can be interpreted as emission due to 
positive ions of hydrogen whose energy steadily increased with X/p at these 
high values of X/p. 

It now remains to interpret the rapid increase of w/« when X’/p was less than 
150 v/cm/mm Hg when the cylinder was the cathode. Clearly this could not be 
due to the incidence of positive ions, because when X/p was 150 v/cm/mm Hg 
and the wire negative, i.e. when photon emission was negligible, the value of w/« 
due to positive ions alone was small (~10-*). The rapid rise to such high values 
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(~6 x 10-2) when the cylinder was cathode and X/p was low must be interpreted 
as the influence of photons (Llewellyn Jones 1939); unfortunately calculation 
of w/a for values of X/p greater than 150 v/cm/mm Hg with the cylinder as 
cathode was not possible as no reliable data of «/p=F(X/p) were available in 
order to solve eqn. (3). The dotted curve of fig. 8 gives the values of w/« obtained 
with a cleaned nickel cathode in the experiments of Llewellyn Jones and Davies 
(1951b) with uniform fields when about half the available photons could fall 
on the cathode. This dotted curve gives a rapid rise in w/x from very small 
values when X/p was less than 150 v/cm/mm Hg to values of the same order but 
correspondingly smaller than those found when the cylinder was cathode (on 
which all the photons fell). While the agreement between the values of w/« 
obtained in uniform fields with nickel and those obtained in the present work 
is not perfect, nevertheless, considering the fact that errors can be introduced 
in the solution of eqn. (3) using the published values of «, and also that different 
specimens of nickel were employed, the agreement can be regarded as very 
satisfactory. In comparing the full and dotted curves in fig. 8 it should be noted 
that in the case of non-uniform fields the curve at low values of X/p must be 
attributed almost entirely to the effect of photons, while the curve at the higher 
values of X/p (>150v/cm/mm Hg) must be attributed to the effect of ions only 
(since it was electron emission from the wire on which only a few photons fell) ; 
for the case of uniform fields, on the other hand, the region between X/p of 
150 v/cm/mm Hg (the photoelectric peak) and the low-pressure region when 
X/p is about 500, w/« consisted of contributions from both the positive ion and 
the photon process (since about the same proportion (~50°) of the photons 
could always fall on the cathode). 

The above conclusions are therefore consistent with the view that breakdown 
in pure hydrogen with clean surfaces in non-uniform fields involves the same 
ionization mechanisms as in uniform fields: the relative importance of the 
secondary process was, however, determined by the geometry of the systems. 

Consider now the case when the electrodes were known to be covered with 
thin oxide layers. Previous work (Llewellyn Jones 1949) shows that the emission 
from a cathode due to incidence of positive ions is dependent on the nature and 
thickness of the surface film, because the film thickness determines the precise 
mechanism of electron extraction (Llewellyn Jones and de la Perrelle 1953, 
Llewellyn Jones and Morgan 1953) and so greatly influences the value of w/a. 
The value of w/« for a surface with a tarnish film may be greater or less than the 
value for a clean surface for a given value of X/p, depending on the thickness of 
the film. For thin tarnish layers (~10~7 cm obtained by a short exposure to air) 
the enhanced values of w/« given by the top curve were obtained, while for 
comparatively thick films (~10~5 cm) the low values given by the bottom curve 
were obtained. 

A property of corona breakdown with purified hydrogen, but with electrodes 
covered with oxide layers, was that at the lowest values of X/p (<35 v/cm/mm Hg) 
fig. 6 shows that the similarity relationship did not hold exactly for breakdown 
with a positive wire; for higher values of X/p, however, and also for all cases 
investigated when the wire was negative, the similarity relationship held within 
the experimental error. It is concluded therefore that the primary and secondary 
ionization processes were all functions of X/p, i.e. they depended on the electron 
and ion energies, except, however, for the case of the lowest value of 
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X/p <35 v/cm/mm Hg for breakdown with a positive wire. The result indicates 
that, in this particular case, at least one process of generation or of loss was not a 
function of X/p. ‘Traces of impurities in the hydrogen could not significantly 
affect the mechanism of generation, because breakdown in high-frequency fields 
when the generation was due to single impact collisions and the electrodes played 
no part (Llewellyn Jones and Williams 1953) showed that minute traces of 
impurity had no effect on the mechanism of generation or of loss because the 
similarity relationship was always obeyed. It is reasonable to assume, also, that 
processes of generation by electron impact and loss by diffusion and drift in the 
case of breakdown under steady fields were also processes dependent on X/p. 
It follows, therefore, that the important process which was not a function of 
X/p must have been a secondary ionization process which played an essential 
part in breakdown under uniform fields but played no part in breakdown under 
high-frequency fields. A probable process which can account for the phenomenon 
is that of enhanced emission from a cathode due to the high electric field set up 
by positive ions on thin surface insulating layers (Llewellyn Jones 1949, Llewellyn 
Jones and de la Perrelle 1953). The calculated values of w/« are unfortunately 
too low to draw any reliable conclusions from them at values of X/p less than 
35v/cm/mm Hg. It is unlikely, however, that under these conditions the ion 
energies appreciably exceeded thermal values (Llewellyn Jones 1935, Tyndall 
1938); also interaction with oxygen atoms on the oxide film cannot be ignored. 
(iu) Helium 

Since discharges in helium are extremely sensitive to the presence of small 
traces of impurities, the greatest care was taken in the present experiments to 
purify the gas and to clean and outgas the electrode surfaces. Nevertheless, 
it is not, of course, possible to say with certainty that no foreign molecules at 
all were present in the tubes. The results are therefore best discussed by 
considering the change in the characteristics of breakdown as the gas was 
progressively purified and the electrodes cleaned and degassed during the final 
stages of the purification when the proportion of impurities was minute. It 
should be emphasized that the electrodes were in a clean state after intensive 
ion bombardment and subsequent heating, but it should be remembered that 
to clean nickel completely is extremely difficult (Llewellyn Jones and Davies 
1951 a, b). In the present case positive ion bombardment of the electrodes was 
continued until evaporation or sputtering of the metal eventually destroyed the 
insulation and rendered the tubes useless: the following results were obtained 
at various stages during this treatment. 

At high values of X/p traces of impurities are not important (Kruithof and 
Penning 1937), and the values of «/p given for pure helium by ‘Townsend and 
MacCallum (1934) are here used to calculate w/« when the gas was in its final 
stages of purification: some extrapolation for values of X/p greater than 
100v/cm/mm Hg was necessary. Figure 10 gives the values of w/x in terms 
of X/p thus calculated. The values of w/« given by Townsend and Yarnold 
(1934) for helium are shown as a dotted curve in fig. 10, and these almost bridge 
the gap between the present values of w/« for a positive and a negative wire. 
The (w/«, X/p) curves obtained in the present experiments have the same general 
features as those obtained for air and hydrogen in that, at low values of X/p when 
the cylinder was the cathode there appears to be a part of a photoelectric peak 


360 F. Llewellyn Jones and G. C. Williams 


showing the preponderance of the photoelectric coefficient 3/« in the generalized 
coefficient w/z. Further purification generally lowered the values of w/z 
everywhere, but the sharp rise in w/« with X/p at relatively low values of X/p 
when the wire was positive suggests that the values obtained when X/p was less 
than 20 v/cm/mm Hg were those corresponding to a photoelectric peak. On the 
other hand, when the wire was negative, and for high values of X/p greater than 
50 v/cem/mm Hg, w/« did not change in a marked manner with X/p; the general 
flatness of the curve suggests that the emission was almost independent of X/p. 

An important feature of the curves is the considerable decrease in w/« produced 
by the progressive removal of the final traces of impurities. For these 
measurements the electrode surfaces could be regarded as clean, especially the 
wire, which had suffered severe ion bombardment. When X/p was greater than 
100 v/em/mm Hg and the wire was the cathode, w/« was almost entirely due to 
the positive ion y effect. It is difficult, therefore, to account for the rapid fall 
in w/« as the final traces of impurity were being removed in terms of the energies 
of helium positive ions. The fall in w/« must consequently be interpreted as 
due to a change in the nature of the positive ions themselves as the impurity was 
progressively removed, since the surface conditions were constant. 

Such a change can be produced by the action of metastable atoms which 
ionize atoms of the impurity in collisions of the second kind, so producing a 
considerable number of positive ions of the impurity molecules or atoms. Thus, 
when there were no impurities the positive ions were all those of helium, but 
when small traces of impurities were present the ions were mainly those of the 
impurity and their number proportional to the partial pressure of impurity. 
Three conclusions follow from this. Firstly, when the ions were those of helium 
there would be a comparatively small change in y with increase of X/p, because 
exchange phenomena would prevent the helium ions acquiring high energies ; 
Penning (1931) and Townsend and MacCallum (1934) have shown that y changed 
only very slowly with X/p in pure monatomic gases. Secondly, with ions of 
impurities the converse was likely to hold. Owing to the large difference in the 
value of the ionization potential for the impurity and the ionization potential 
of the metastable level of helium, the probability of the occurrence of exchange 
phenomena was greatly reduced, with the result that the energy of the ions 
could more readily increase as X/p increased. ‘Thirdly, if the ions were those of 
foreign atoms which had been produced by collisions of the second kind, their 
process of generation would not be in accordance with the similarity theorem; 
it should therefore follow that the similarity theorem would not hold when this 
type of process played a significant part in the breakdown process. These 
conclusions are precisely what the experimental results show. The similarity 
theorem did not hold for a negative wire, while, on the contrary, at low values 
of X/p and for the purest specimens of helium, the theorem held. 


$5. CONCLUSIONS 
The main conclusion which can be drawn from the results discussed in the 
present paper is that the electrical breakdown of gases at low pressures in 
non-uniform fields (a wire and a coaxial cylinder system) is consistent with the 
view that the breakdown mechanism is the result of primary and secondary 
processes of ionization. A number of secondary processes such as the emission 
due to incidence of positive ions or photons can and do occur, and the observed 
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relative values of the breakdown potentials for positive and negative discharges 
are determined by the relative importance of the various possible secondary 
processes, which is itself determined by the polarity of the discharge. ‘These 
cathode secondary processes can differ greatly in efficiency, so that the relative 
values of V’, for the positive and negative discharges therefore depend on the 
nature of the cathode surface. ‘The mechanism of breakdown in non-uniform 
fields is thus of the same general nature as that for uniform fields for which it 
has been established that the relative importance of the secondary processes in 
any given gas is determined by the nature of the cathode surface. Further, a 
correlation has been established between the actual values of the secondary 
ionization coefficient for breakdown in non-uniform fields with those for uniform 
fields for the three types of gases, viz. air (a gas mixture), hydrogen (a pure 
diatomic gas) and helium (a monatomic gas). 
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Abstract. The viscosity of binary mixtures over the complete range of 
concentration has been measured in the case of He-A, He-N,, He-CO, and 
H,—A, H.-N,, H,-CO,. All the measurements were made at 18°c and 70 cm 
of mercury pressure by a modified form of Rankine viscometer. The results 
are in very good agreement with the values calculated from Chapman’s theory. 
Values for the first approximation to the diffusion coefficient (D,,), are obtained 
from the results, and these are in approximate agreement with measured values 
where the latter are available. 


§ 1. INTRODUCTION 


HAPMAN (1915, 1916a,b) and Enskog (1917) have independently made 

theoretical investigations of the viscosity of mixtures of gases. Formulae 

have been obtained for the viscosity of a binary mixture, the molecules of 
which during interactions obey a law of force of the type f(r) =K7~”, where r is 
the distance apart and vy the repulsive force index. The theory is given in a 
compact form by Chapman and Cowling (1939). 

In order to examine the theoretical predictions experiments have been made 
to measure the viscosity over the whole range of concentration for mixtures of 
helium—argon, helium—nitrogen and helium—carbon dioxide, i.e. a monatomic 
gas mixed with a monatomic gas, a diatomic gas and a polyatomic gas. Measure- 
ments have likewise been made on mixtures of hydrogen—argon, hydrogen— 
nitrogen and hydrogen—carbon dioxide, i.e. a diatomic gas mixed with a mon- 
atomic gas, a diatomic gas and a polyatomic gas. The temperature and pressure 
of the mixtures were maintained constant at 18°c and 70cm of mercury 
respectively throughout the series of experiments. 


§ 2. EXPERIMENTAL 


In order to obtain results for a large number of gas mixtures the Rankine 
(1910) viscometer was used in the modified form shown in fig. 1. It was made 
in hard glass and attached to a gas burette and pump via a conical ground joint J. 
With vacuum grease on the joint the viscometer could be rotated about J as axis 
and the viscosity of the gas measured by observing the time of fall of the mercury 
pellet between two fixed marks engraved on the tube B. Once the joint at J 
had been made there was no need to remove the viscometer in the whole series 
of measurements. ‘The capillary tube A varied in diameter between 0:24mm 
at one end and 0-30 mm at the other, but as the apparatus was standardized by 
the use of a gas of known viscosity this variation does not affect the results. The 
correction for ‘slip’, will be negligible for all the gases used. The tube B had a 
uniform diameter of 2-40mm. The overall length of the tubes was 50cm and 
the width 12cm. 
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In order to evacuate the viscometer it was first turned at an angle of 45° to 
the vertical so that the mercury could run down and form a globule in the corner 
of the rectangle. ‘The taps were opened and the pressure reduced to about 
10-*cm of mercury by means of a Tépler pump. The pump was now isolated 
and the gas admitted to the viscometer from a gas burette, and its pressure adjusted 
to 70cm of mercury. 

The experiments were made in a small room and the temperature of the 
whole room was maintained at 18°c by the use of electric heaters. A thermo- 
meter reading to 0-1 centigrade degree was attached to tube A (fig. 1) and 
measurements were only made when it was quite steady and reading 18-0 ¥ 0-2°c. 


Fig. 1. The viscometer. 


Gas mixtures were made in known proportions by volume by measuring 
partial pressures in a fixed volume defined by an index to which the mercury 
level in the burette could be raised. A mixture was left for a period of two hours 
to attain uniformity of composition before being admitted to the viscometer. 

The measurement of viscosity was made by closing taps a and b, setting the 
viscometer vertical and measuring the time of fall of the mercury pellet between 
the two fixed marks on B (fig. 1), when taps c and d were opened. ‘The distance 
between the marks was 35cm. 


Purity of the Gases 


With the exception of helium, the gases used were obtained in cylinders, and 
the manufacturers estimate the impurity generally as not exceeding 0:2%. ‘The 
helium was obtained in a sealed glass flask and was spectroscopically pure. 


The Capillarity Effect 
The driving pressure of the mercury pellet is reduced by the effect of surface 


tension. The fractional value of this reduction can be obtained by the method 
2 A-2 
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used by Rankine and Smith (1921). ‘The mercury pellet is first timed in the usual 
way and the measurement is then repeated with the pellet broken into two 
approximately equal segments a small distance apart. Let the fractional reduction 
for the single pellet be x and the time of fall¢,._ For the divided pellet the fractional 
reduction will be 2x, and let the time of fall be 4. ‘Then (1—«)t, =(1—2x)tp, 
giving «= (t,—¢t,)/(2t,—t,). Rankine and Smith report a variation in the value 
of x both with the temperature and the nature of the gas. The present experi- 
ments were all made at constant temperature, and using gases much less likely to 
produce any chemical effect on the surface of the mercury pellet than those used 
by Rankine and Smith. Measurements of x were made in the manner described 
for all the pure gases to be used. Four observations of each time of fall were 
made and the mean is recorded in table 1. ‘The maximum variation between 
extremes in these times was 0-4 second (0-2 second in the case of hydrogen). 
The values of ¢, and fy given in table 1 are therefore probably correct to within 


Table 1 
Gas t, (sec) ty (sec) x 
Nitrogen 50-1 52-4 0-042 
Helium 54°8 57:1 0-039 
Hydrogen 25-5(5) 26:5 0-035 
Carbon dioxide 41:5 43 -4(5) 0-043 
Argon 62:8 65-2 0-036 
0:5°%. The values of x vary from 3:5% to 4:3%, i.e. they agree with the mean 


value of 3-9°%% to about the same order of accuracy as the measurements of 7. 
It has therefore been assumed that the capillarity correction was constant 
throughout a particular series of mixtures, and the viscosity proportional to the 
time of fall of the single pellet. 

For the purpose of standardization the value of the viscosity of nitrogen at 
18°c was obtained from the work of ‘Trautz and Baumann (1929) and of Rigden 
(1938) and found to be 174-0 x 10-$gmcm™'sec?. Air was not used for the 
purpose of standardization for the following reasons. It was found that when air, 
which had been dried for several hours in contact with phosphorus pentoxide, 
was admitted to the viscometer, the fall of the pellet was not perfectly regular. 
It was also found that when air had been excluded from the apparatus for some 
time the fall of the pellet in contact with the other gases was quite smooth and 
regular. ‘I'he validity of the method is shown by the agreement between the 
relative values of the results obtained in this way for the pure gases and the results 
for the same gases of other observers using absolute methods. 


§ 3. RESULTS 


‘The results obtained are shown as the experimental points in fig. 2. The 
curves drawn in fig. 2 are values of [j.],, the first approximation to , for mixtures 
calculated from the results of Chapman’s theory. 

Experimental values of » for the pure gases are in close agreement with the 
results of ‘T'rautz and his collaborators (1929, 1930). ‘The agreement between 


the theoretical and experimental curves is very close, although the shape is very 
different for different gas pairs. 
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Graham (1846) first noticed the curious fact that the addition of a limited 
amount of light and less viscous gas (hydrogen in the case mentioned) to a heavy 
and more viscous gas (carbon dioxide) may increase the viscosity. This is even 
more noticeable in the case of helium and argon, where the values of the viscosity 
of the pure constituents are closer together. The viscosity of a gas, unlike its 


«10° (g cm-'sec”') 


Percentage of Lighter Gas in Mixture 


Fig. 2. The viscosity of some gas mixtures at 18°c. Experimental results shown by 
points; the curves drawn show calculated values. 


thermal conductivity, is not closely related to its molecular weight. ‘The light 
gas helium has a viscosity greater than that of carbon dioxide or nitrogen. From 
fig. 2 it appears that the addition of a small amount of heavy but less viscous gas 
(carbon dioxide or nitrogen) to a light but viscous gas (helium) may also increase 
the viscosity. 

Mixtures of helium and argon have also been examined by Trautz and his 
collaborators (1929, 1930), and Chapman and Cowling (1939, p. 233) have shown 
that their results are in close agreement with theory. ‘The range of concentration 
in their experiments was, however, rather limited. In particular there were no 
mixtures used containing less than 35°, of helium and, as will be seen, it is in this 
range that a small difference between the theoretical and experimental curves may 
exist. 
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A number of binary gas mixtures have also been examined more recently by 
Buddenberg and Wilke (1951), including hydrogen—carbon dioxide mixtures at 
a temperature of 25°c. Allowing for the temperature difference, the results 
for the three concentrations they used are in close agreement with those shown in 
fig. 2 for mixtures of this pair of gases. 


§ 4. Discussion 


The values of [4], for mixtures have been calculated from the expression 
given by Chapman and Cowling (1939, p. 230): 


E E 4 
Ny2(3 + Am,/mz) + Ng(3 + Ams/m,) + Wi Dae —2A 
[vu], = a ee 
el ni + Am,/m,) | Ma(§ + Am,|my) E 4A(m,+m,) 
[eas [Ho], 2[ eal [Moh 3E mm, 


in which m, and mg, are the molecular masses and 14) =14/Ny, Ng, =MN2/N,, where 
n, and n, are the molecular number densities of the constituent gases. jz, and py 
are the viscosities of the constituent gases and [j,], and [jz], the first approximation 
values (Chapman and Cowling 1939, p. 218). For molecular encounters which 
obey the law of force f(r)=hr-’ the difference 1» —[,], varies between 0 when 
v=5 and 1:6% when v=oo. Thus for helium there is a difference of 0-8% 
shown in fig. 2, but for the other pure gases the difference is considerably less. The 
error in the value of [uJ], for a mixture may be greater than for either of the pure 
constituents, but is not likely to be much greater. 

A is a dimensionless quantity, and for molecules obeying the above law of 
force in intermolecular encounters values of this constant have been tabulated 
(Chapman and Cowling 1939, p.172). E is a constant equal to 2nm(D,»),, 
where 2 =n, + Ng, My =m, + m, and (D,,), is the first approximation to the coefficient 
of diffusion of the two gases. 

The values of v for the pure constituent gases are maar from measurements 
of the variation of viscosity with temperature. ‘The mean values for various gas 
pairs are in agreement with the values of v for intermolecular encounters obtained 
directly from measurements of thermal diffusion. The dependence of 4 on the 
value of v is not very marked, so that an error in the value of v will not seriously 
affect the value for A. ‘The quantity F has been chosen to fit the experimental 
observations for a fifty per cent mixture (fig. 2). "The theoretical curves may thus 
be expected to fit closely at the extremes and exactly in the middle. 

It will be seen that there is very close agreement throughout between the 
theoretical and experimental curves over the whole range of mixtures examined. 
There are small departures from an exact fit for mixtures of helium and argon 
containing less than 30°, of helium, and for mixtures of helium and carbon 
dioxide containing more than 60°% of helium. In these two cases there is however 
close agreement between the general shapes of the curves. The results of these 
experiments thus give further support to the correctness of the theoretical 
conclusions. 

Table 2 gives the values of v, A and E which have been used in the calculation 
of [u],, together with values of (D,,), at a temperature of 18°c and a pressure 
76cm of mercury which have been obtained from the values of EF. The last 
column has been included to show values of D,. (experimental) where these are 
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available. ‘The last two columns are in decidedly good agreement with the 
exception of the values for hydrogen-nitrogen. ‘The difference in this case may 
be partly error in the approximation and partly experimental error. 
Buddenberg and Wilke (1951) have preferred to compare their results with 
the theoretical relations of Hirschfelder, Bird and Spotz (1948, 1949) which 
have been obtained from an exact solution for molecules obeying the law 
f(r) =kyr * —k,r 7 in intermolecular encounters. One of the constants is chosen 


5 Table 2 

Gas pair v A oelO= (Duchy (D42)exp 
Helium—argon 10-0 0:47 9-20 0-742 0:71(6) 
Helium-nitrogen iakeg/ 0-46 5:95 0-660 — 
Helium-—carbon dioxide 10-0 0-47 7-48 0-551 — 
Hydrogen-argon 923 0-47(6) 8:87 0-750 0-77 
Hydrogen-nitrogen 10-0 0-47 5:81 0-688 On75 
Hydrogen-carbon dioxide 8°5 0-48 8-20 0-633 0-61(6) 


to fit as in the present paper, and the order of agreement between theoretical and 
experimental values is generally about the same as in this comparison with 
Chapman’s formula. As all the measurements in the present experiments were 
made at the same temperature, the use of the simpler expression for the inter- 
molecular force appears to be well justified. 
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Relation between Velocity of Sound and Viscosity in Liquids 


By S. PARTHASARATHY anp N. N. BAKHSHI 
National Physical Laboratory of India, New Delhi 


Communicated by E. N. da C. Andrade; MS. received 29th September 1952 


Abstract. A new relationship, viz. v'!8/p= A+ .B/y'?, between sound velocity v, 
viscosity 7 and density p of a liquid, has been obtained. It is obskrved 
that A is a constant (=13-56) for all the homologous series considered, 
whereas B is different for different series. A plot of v'/3/p against 1/n" gives 
a set of straight lines diverging from the same point on the y-axis (0, 13-56). 


§ 1. INTRODUCTION 


O extensive data existed on sound velocities in organic liquids until 
N about 1936-37, and therefore no correlation between them and the 
structure of the compounds was possible. At about this time one 
of us (Parthasarathy 1938) derived several empirical relationships regarding 
sound velocity and chemical constitution from the measurements of sound 
velocity in organic liquids. Subsequently this evoked interest in the subject, 
and as examples of theoretical study the works of Rao (1940), Lagemann and 
Dunbar (1945), Schaaffs (see Bergmann 1949), Parshad (1945) and others 
can be mentioned. 
In this paper it is proposed to examine whether any relationship exists 
between sound velocity and viscosity. 


§ 2. RESULTS AND DISCUSSIONS 


Parthasarathy (1935) has already shown that, in general, apart from a few 
exceptions in which heavy atoms are substituted, lengthening of the molecular 
chain enhances the sound velocity. A further development of this idea has 
been expressed by Rao (1940) in a formula v8 M/p=R where wv is the velocity 
of sound, M the molecular weight, p the density and R a constant which is 
independent of temperature for a given series. In a paper to be published 
the authors have shown that the above formula could be expressed with advantage 
as v/8/p = A+B/M where A and B are constants. 

It is well known from the work of Gartenmeister (1890) that »/M®? is a 
physico-chemical constant, 7 being the viscosity, at all temperatures, for all 
series in which successive members differ by CH,. There are, therefore, two 
relations, one between the sound velocity and the molecular weight and the 
other between the molecular weight and viscosity. By eliminating M between 
the two a relationship between sound velocity and viscosity can be derived. 

The new expression obtained in this manner is of the form v"/3/p = A + B/n¥?. 
‘This is analogous to that obtained in the case of molecular weight. Therefore 
it can be predicted that if 1/7! is plotted against v"/8/p a set of straight lines 
should be obtained all diverging from the same point. This is amply confirmed 
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as shown by fig. 2. The different series investigated in the present work 
are tabulated (see table). The values for the viscosity of the organic liquids 


Liquid vil3/p Neo nl? x 102 1/y 
Aliphatic Hydrocarbons. 
Pentane 16-02 0:00227 4°76 21 
Hexane 15°57 0-00318 5-64 MU ZPOTS) 
Heptane 15-38 0-00411 6-41 15-6 
Octane 15.41 0-00542 VESO 13-6 
Nonane 15-02 0-00711 8-43 11-86 
Fatty Acids. : 
Propionic acid 10-64 0-01099 10-48 9-52 
Butyric acid 11-09 0-61538 12-4 8-06 
Valeric acid 11-41 0-02300 Sly 6:59 
Caproic acid 11-69 0-03198 17-88 Seay) 
Aliphatic Alcohols. 
Methyl alcohol 13-14 0-00593 iO) 12-99 
Ethyl alcohol 13-39 0-01192 10:91 oil 7/ 
Propy! alcohol 13530 0-02255 15-02 6:66 
Butyl alcohol 13-37 0-02947 17-16 5-83 
Esters. 
Ethyl formate 10-86 0-00398 6-31 15-84 
Ethyl acetate 11°73 0-00450 6-71 14:91 
Ethyl propionate 14-97 0-00531 7-29 13°73 
Ethyl butyrate 12-01 0-00668 8:17 12:24 
Alkyl Iodides. 
Methyl iodide 4-13 0-00487 6:98 14:33 
Ethyl iodide 4-92 0-00583 70S 13-10 
Propyl iodide 5-58 0:00737 8:58 11-65 
Ethers. 
Diethyl ether 14-04 0-002448 4-95 20:21 
Dipropyl ether 13-87 - 000425 6-52 15-34 
Ist Bi ean hydrocarbons 
E oa hipestis ethers Aliohatic 
[ alcohols 
[ 
[ VE Esters Pee pe E ally 
Sob 
t Alkyl iodides 
5 oie 
AN Sree NS ey ae re ee ee 
4 5 10 15 20 
ne x107 
Fie, 1. 


have been taken from the International Critical Tables and the Landolt— 
Bornstein physikalisch. chemische Tabellen. ‘The sound velocity values have 
been reduced to 20°c, as in the case of 7. 
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It is observed from fig. 1 that the curves of v'/*/p plotted against 2 x 10? e | 
show a marked variation in slope. Starting from aliphatic hydrocarbons it 
is found that the slope decreases in passing from aliphatic hydrocarbons to 
ethers, for alcohols it is almost a straight line parallel to the x-axis; then the 
slope changes its sign and increases negatively in the order esters, aliphatic 
acids and alkyl iodides. On the other hand, if graphs of v8/p against 1/71? 
are examined they are all found to be straight lines and, remarkably enough, 
diverging from the same point, viz. (0, 13-56). This means, as the factor 
1/n"? decreases or 7"? increases, the factor v'3/p tends to 13-56 in all cases. 


Aliphatic hydrocarbons 


ee eee Ethers 
eee ———_—___———* 
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Se oe 8S Esters 
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This in a way confirms Gartenmeister’s finding (1890) that 7//M? is a constant 
for all series in which successive members differ by CH. The point (0, 13-56) 
on the y-axis, from which all the straight lines of the graph (v"8/p, 1/n1!”) diverge, 
seems to be of fundamental importance, though little is known about it at 
present. 

The marked variation of the slope, as stated above, suggests that the factor 
v'8/o, or rather the velocity of sound v, has much to do with the molecular 
constitution of the compound. 
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Decay of Long Period Afterglow of Alkali Halides under Cathode Ray 
Excitation 


By H. N. BOSE anp J. SHARMA 
Khaira Laboratory of Physics, University College of Science, Calcutta 


Communicated by H. W. B. Skinner; MS. received 5th November 1951, and in amended 
form 27th October 1952 


Abstract. ‘The long period afterglow of pure and activated alkali halides 
excited with cathode rays has been studied at room and liquid oxygen 
temperatures. It has been found that the decay follows a power law Tact” 
between 10 and 100 seconds. The value of the power constant 7 lies in general 
between 0-7 and 1-1 and is dependent on the exciting intensity. The decay 
rates are different for different parts of the spectrum. An attempt has been 
made to explain the results by an extension of the existing theory developed for 
photoluminescence. 


$1. INTRODUCTION 


work on the luminescence of pure and activated crystals under ultra-violet 

excitation; the temperature dependence of long period decay curves has 
been satisfactorily explained in many cases by assuming the presence of trapping 
centres at various depths below the vacant conduction band in the crystalline 
material. ‘he present work reports on decay of afterglow of pure and activated 
alkali halides bombarded by cathode rays (at different temperatures) and attempts 
to explain the results obtained by an extension of the theory developed for 
photoluminescence (Randall and Wilkins 1945, Garlick and Gibson 1947, etc.). 


1: recent years there has been a great deal of experimental and theoretical 


§2. EXPERIMENTAL ARRANGEMENTS 


A thin layer of finely powdered phosphor was rubbed directly on the surface 
of the sample holder without using any adhesive. ‘The bulb of the sample holder 
was made of thin silver, and a copper—constantan thermocouple was soldered 
to it. The demountable cathode-ray tube and the sample holder used in the 
present work are shown in fig. 1. For low-temperature work liquid oxygen could 
be poured into the sample holder through the opening at the top which projects 
outside the tube. A quartz window in the wall of the cathode-ray tube permitted 
observation of the ultra-violet glow. 

For the sake of uniformity the samples which had formerly been used for 
photographing luminescence spectra of alkali halides (Bose and Sharma 1950) 
were used in these experiments. Alkali halides of reagent quality procured 
from E. Merck were used as pure samples; activated mixtures were obtained 
by melting a measured quantity of impurity together with the pure reagent in an 
electric furnace where the molten state was maintained for a fairly long time 
to ensure homogeneity of the sample. The intensity measurements have been 
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carried out in a darkened chamber with R.C.A. photomultiplier tubes 1P22, 
931A, 1P28. The tubes were operated from a valve-regulated power-unit of 
conyentional type; accelerating voltages per dynode stage were maintained 
between 70 and 80v and the output current was always kept below 100 pa. 
Adjustment was checked for linear response of the photocell used and dark 
current was kept less than 0-5 pa. ; 

The decay of afterglow intensity was followed by visual observations of the 
readings of a standard microammeter and by photographing on a rotating drum 
the deflections from a critically damped galvanometer. The effect of damping 
on the time-lag of galvanometer deflections was investigated and it was found 
that 5 seconds after start the correction does not appreciably change the form of 

‘the curve. The temperature was recorded on the same drum with the help of 
another Moll galvanometer connected to the thermocouple. 


To vacuum 


To vacuum SS 9 SR 


Fig. 1. Diagrammatic representation of the demountable cathode-ray tube used in the 
present work. A, anode, earth-connected; B, silver bulb of the sample holder; 
C, cathode; H, heater; O, opening for pouring liquid oxygen; Q, quartz window; 
'T, thermocouple. 


‘T’o obtain the decay rates in different spectral regions during the same decay 
experiment two suitable photomultipliers with necessary filters were placed 
side by side in front of the sample. The output of the two photocells was fed to 
the two galvanometers and thereby a simultaneous record was secured. 
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§3. RESULTS AND DiscussIONS 


The decay of afterglow has been investigated for pure and activated NaCl, 
NaBr, KCl, KBr and KI. It will be seen from records that during the initial 
and final stages the decay curves are different from those obtained during the 
intermediate stage between 10-100 seconds. ‘The present work centres about 
this intermediate decay region, where, in almost all cases, the curve (log J, log f) 


_ isa straight line. ‘The slopes of the curves have been determined for the above- 


mentioned samples and in different spectral regions of the afterglow. Some of 
the results are given in the table. During the initial stage of the decay the nature 
of the curve obtained is entirely different and the decay rate is extremely high; 
no attempt has been made to follow this part in any detail. After about 
two minutes the decay rate slows down enormously and the record curve now 
runs almost parallel to the axis, so that measurements become uncertain. Our 
observations have been mainly concentrated on the afterglow decay between 
10 and 100 seconds. The decay constant is greatly dependent on the intensity of 
excitation (the value of m increasing with an increase in excitation intensity) 
and the decay curves are greatly modified by changes in excitation intensity. 
As comparison between two curves taken separately is thus not justified, all 
reported comparisons of decay curves in different spectral regions of the same 
sample were made from simultaneous records. 


Sample ie P- Photocell BP <cue pt oer Slope Remarks 
(°K) (A) 
NaCl 90 1P28 4000-3000 0-76 Recorded 
90 931A Visible: red to 4200 0-86 simultaneously 
300 > 931A Visible 0-72 
465 931A Visible 0:95 
NaCl: Tl 90 1P28 Visible and u. v. 0-91 Palen 
25% 90 931A Visible 0-85 _f simultaneously 
KCl 90 931A Visible 0:64 \ Depending on 
0-71 _f excitation 
HCL) 90 931A Visible 0-6 
ZO 100 931A Visible 0-7 Excitation intensity 
194 931A Visible 1:0 kept low and 
307 931A Visible 1-:0-1-1 | constant 
340 931A Visible 1:1-1-6 
90 931A Visible 0-86 Recorded 
90 1P28 4000-3000 0-96 ot a 
Bail 90 931A Visible 0-74 
308 931A Visible 1:07 


For pure alkali halides the emission can be broadly grouped into four regions 
with respect to their decay rates: (a) red region of wavelengths longer than 
60404, (5) yellow-green region between 6000 and 51004, (c) blue between 
5100 and 40004, and (d) emissions shorter than 4000 A. ‘The red emission has 
not been observed in the afterglow as the decay in this region is very rapid. 
The decay rate diminishes from region (b) to region (c), while in the ultra-violet 
region the rate is still smaller. According to modern conceptions the decay is 
due to the time spent by the electron in the trapping centre, the recombination 
of the released electron with the emitting centre requiring time of smaller order. 
Therefore the different decay constants for different spectral regions clearly show 
that the emissions in the different spectral regions are not due to electrons 
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released from the trap of same depth. The electrons from a particular type of 
trap have a preference for centres which are responsible for emissions in 
particular regions. Thus at least some of the emitting centres are closely 
associated with the trapping centres. 

In thallium activated samples the decay of red emission is, as in pure samples, 
too quick for our recording system. The ultra-violet part of the afterglow 
emission however decays now at a more rapid rate than does the visible part. 
Thus the thallium band which occurs near the ultra-violet region has a more 
rapid rate of decay than the visible emission bands, which are assigned to 
luminescence of matrix. Separate experiments on thermoluminescence of these 
specimens have. shown that the traps associated with the thallium centres are 
deeper than those associated with the rest of the emission. As such, the decay 
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Fig. 2. Simultaneous records of the afterglow of KCl : T12-5% at 90°x, with two galvano- 
meters connected to different photomultipliers. [he curves marked with the same 
letter give decay in different parts of the spectrum during the same experiment. 
The two galvanometers have their movements in opposite directions. 


a. 1P28 for total emissions across quartz. 

b. 1P28 with Wood’s filter. 

c. 1P28 with blue filter. 

d. 1P28 with yellow filter. 

a’, b’, c’, d’ are corresponding curves with 931A. 


of afterglow emission was expected to be slower for the thallium bands. ‘The 
observed quicker decay indicates that stored energy in trapped TI centres is 
being transferred to other centres by some non-radiating process. This may 
excite levels operative during luminescence of pure samples, so that there is 
increased emission of the bands of the matrix. ‘This conclusion is also supported 
by the spectroscopic study of cathode luminescence of these samples (Bose and 
Sharma 1950). It was found that the presence of an activating impurity not 
only creates new emitting centres but also enhances the host crystal emissions. 
The photo excitation of the phosphor in the absorption band of the impurity 
produces the characteristic impurity as well as the host crystal emissions. 

The mechanical mixture of NaCl+TICl behaves in a manner similar to 
pure NaCl; the mechanical mixture of KCI+TICI is known to yield a 
luminescence spectrum almost identical with that of KCl: Tl (prepared from a 
melt) (Bose and Sharma 1950). In KCl+TICI the afterglow intensity for the 
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characteristic thallium band is very poor. ‘The difference in decay rates for 
different spectral regions is similar to that in the case of KCI: TI. 

Garlick (1949) has shown that, in the case of retrapping, a power law I x t-? 
can be expected at long decay times for the photoluminescence of phosphors 
having a single trapping mechanism of sharp depth. The non-saturation of the 
traps due to low excitation intensity should make the afterglow intensity decay 
rather slowly at the beginning; the log—log plot of the decay curves, obtained 
for different excitation intensities, should approach a common asymptote with 
a slope of —2 when decay is followed for longer periods. 

The behaviour of the decay curves of this report is different from the above 
predictions of the theory probably for two reasons: (i) these phosphors have 
numerous traps of different depths, (ii) excitation by low-energy cathode rays 
cannot bring into operation traps throughout the entire volume of the specimen. 
The release of electrons from the traps whose glow temperatures are below the 
temperature of excitation takes place very quickly, so that the contribution of 
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Fig. 3. LogI plotted against logt for afterglow decay of KCl: TI 2-5% at different 
temperatures. (a) 90°K, (b) 100°K, (c) 307°K, (d) 340°xK. 


such trapping mechanisms to the long period afterglow is negligible. The 
energy stored up in the deeper traps is also very small when the phosphor is 
excited at a temperature much below the corresponding glow temperatures. 
Thus the long period decay curves which have been studied in the present 
investigations are mainly determined by the electron traps whose glow 
temperatures lie near the temperature of excitation. ‘The deeper traps are 
responsible for the tail end of the decay curves which is observed to have a very 
small decay constant. ‘Therefore the decay constant cannot be expected to 
vary directly with temperature : rather the pattern of glow peaks should be reflected 
in the variation. ‘This is borne out by the behaviour of NaCl. ‘The decay 
constant of NaCl has a high value at liquid oxygen temperature, its value becomes 
small at room temperature and again becomes great at higher temperatures. 
This is supported by the fact that sodium chloride gives an isolated glow peak at 
low temperature and the next peak occurs at 575°K. At the intermediate 
temperatures, far from the peaks, the decay constant becomes small. This 
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behaviour is different in KCl, for which only one strong glow peak has been 
located at low temperature. In KCl: TI also this behaviour is not clear because 
the sample shows a number of glow peaks occurring close together at low 
temperatures (to be reported elsewhere). 

The low value of power law constant can be ascribed to a number of factors: 
firstly some of the traps may be remaining unsaturated ; secondly there exist 
more than one trap of different depths and these contribute simultaneously to 
the afterglow; lastly the electrons from the deeper traps have a high probability 
of being retrapped in shallow traps, which have glow temperature near the 
temperature of excitation. Naturally these effects will be more prominent at 
higher temperatures where the (log J, log ¢) curve does not remain a straight line. 
This is seen in the decay curve of KCl: Tl at 340°x, shown in fig. 3. 
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Abstract. ‘The following electrical properties of natural crystals of MoS, have 
been measured: conductivity, Hall coefficient and thermoelectric power over the 
temperature range —183°c to 500°c, and the room temperature change of 
conductivity in a magnetic field. It was found that the majority of the specimens 
were p-type semiconductors. ‘The variation of the mobility of the charge carriers 
with temperature has been derived and indicates that the scattering of the charge 
carriers is mainly due to thermal vibrations of the lattice except at low temperatures 
when impurity scattering becomes important. Reasonable agreement is obtained 
between the values of the mobility calculated from the change in conductivity in a 
magnetic field, and from Hall coefficient and conductivity measurements. The 
results of the thermoelectric power measurements, and the variation of the 
concentration of charge carriers derived from the Hall coefficient are discussed and 


compared with theory. 


§ 1. INTRODUCTION 


OLYBDENITE is a semiconductor which is particularly suited for 
accurate measurements of electrical conductivity and Hall effect. It 
can be obtained in the form of large natural specimens which cleave 

into thin sheets. It is found that some of these specimens are homogeneous and 
appear to be single crystals. It is possible therefore to derive reliable information 
on such quantities as the concentration of charge carriers and their mobilities, 
Previous investigators have found that the Hall effect of molybdenite is large 
and the sign negative, indicating that the charge carriers are electrons, although 
more recent work on other properties of molybdenite suggest that the carriers 
in some crystals can be ‘holes’. Gottstein (1914) noted a large difference between 
the adiabatic and isothermal Hall effects, showing the presence of an Ettings- 
hausen effect. Subsequently Heaps (1928) also observed a difference between 
the two Hall effects, but its magnitude was considerably smaller. It appears 
that there has been no investigation of the conductivity, in which allowance is 
made for contact resistance and inhomogeneity of the specimen. A change in 
resistance of molybdenite with magnetic field was noted by Heaps (1912), who 
found that the resistance decreases in the presence of a magnetic field. He 
mentions that much of the resistance lay in the contacts and admits that the 
change observed did not necessarily represent the behaviour of the substance 
in bulk. According to the theory of semiconductors the resistivity should increase 
with a magnetic field. Observations of the change in resistivity in a magnetic 
PROC. PHYS. SOC. LXVI, 5—B 2B 
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field are useful since they provide an independent method of calculating the 
mobility of the charge carriers and these results can be compared with those 
obtained from measurements of Hall effect and conductivity. 


§2, EXPERIMENTAL PROCEDURE 


Specimens were cut from samples of molybdenite having a rectangular shape 
except for narrow projections which could be used for potential probes and 
Hall probes. 

The conductivity and Hall coefficient were measured by conventional methods 
over the temperature range 90°K to 800°K, and the variation of the thermoelectric 
power over the same temperature range was determined immediately afterwards. 

The homogeneity of the specimens was tested by observing the potential 
distribution along a specimen when a constant current was passed through it. 

For measurements of the variation of conductivity with magnetic field, a 
specimen was mounted on to a wax layer on one of the pole pieces of the magnet, 
the pole pieces in this case being tapered, and leads were attached to the specimen 
using Aquadag. With such an arrangement the separation between the pole 
pieces could be made very small and a field of 28000 oersteds obtained. The 
usual method of determining a magnetic field with a search coil was unsatisfactory 
with such a small gap, and it was measured by Quincke’s method, using a tube 
of distilled water between the pole pieces and observing the motion of the 
meniscus. 

With this arrangement the transverse change in resistivity was measured, for 
the field at right angles to the basal plane. Measurements were also made in 
which the transverse change in resistivity was investigated with the magnetic 
field parallel to the basal plane. 


§ 3. RESULTS 


It is advisable, when performing measurements on natural crystals, to survey 
a large number of specimens and then select those most suitable for examination 
in more detail. Measurements were made of the conductivity and Hall effect 
on 23 specimens cut from crystals obtained from four different sources. The 
values of the Hall coefficient varied from 350 e.m.u. to 30000 e.m.u. and the 
conductivity from 4:2 ohm +tcm™! to 0-009 ohm-tcm™. All the specimens 
except one were found to be p-type semiconductors. Five of these specimens 
were studied in detail. As will be shown later, specimens 5 and 21 appeared 
to be single crystals; specimens 14 and 15 had a very large Hall coefficient, 
indicating a small concentration of charge carriers; and specimen 22 was a large 
specimen to which good contacts could be made, resulting in a greater degree 
of accuracy for the measurement of the Hall effect. The variations of the 
conductivity and Hall coefficient with temperature are illustrated in figs. 1 and 2, 
and the potential distributions along specimens 5, 21 and 22 are shown 
in fig. 3. 

Frequent checks were made to determine whether Ohm’s law was obeyed by 
the specimens at different temperatures. Except for the upper end of the 
temperature range, where there was a sudden increase in conductivity, it was 
found that Ohm’s law was obeyed for changes of several powers of ten of the 
potential difference across the specimen. 
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The transverse change in conductivity with the magnetic field at right angles 
to the basal plane for specimen 7 is illustrated in fig. 4. The Hall coefficient 
remained constant as the magnetic field was increased to 28000 oersteds. The 
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Fig. 3. Potential distribution along specimens 5, 21 and 22. Potential difference between a 
movable probe and one end of the specimen for a constant current flowing through 
the specimen. 


change in conductivity of eight other specimens, including specimens 5, 21 
and 22 was measured. The coefficient « defined by the equation 

fe esaacsied a hel 6 SO I Said may er (1) 
where Ac is the change in the conductivity o due to a magnetic field H, was 


found to be similar for the different specimens. ‘The mean value of « was 
2 B-2 
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2:1 x 10-22 oersted-2.. When the field was applied parallel to the basal plane, no 
change in resistivity could be detected. ‘The value of « for this case was less 
than 4 x 10-*8 oersted-?. .| 


Fig. 4. 
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Fig.6. ‘Thermoelectric power of specimen 21, Broken curve—theoretical values. 


The method used for measuring the Hall effect does not eliminate the error 
that might arise because of the presence of an Ettingshausen effect. Since 
previous investigators have observed a difference between the isothermal and 
adiabatic Hall effects, a careful attempt was made to investigate the magnitude 
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of this error on specimen 21. A steady current was passed through the specimen 
and the potential difference across the Hall probes was balanced by a potentiometer. 
The variation of this potential difference with time was observed before and after 
a magnetic field was applied for 10 minutes. This procedure was repeated 
using different periods for which the field was switched on. During the period 
when the magnetic field was on, the presence of an Ettingshausen effect would 
result in the establishment of a temperature difference across the Hall probes. 
As a result an e.m.f. would be produced because of the large thermoelectric 
power of molybdenite. When the field was switched off, this should gradually 
disappear while the temperature difference was equalized. After making allowance 
for its variation with time, the change in potential difference was less than 1, 
of the potential change due to the Hall effect. 

The results of the measurement of the thermoelectric power of specimens 5, 
21 and 22 are illustrated in figs. 5 and 6. During the measurements of the 
thermoelectric power, frequent attempts were made to detect a Nernst effect, 
without success. A Nernst coefficient as small as 2 x 10-3 c.g.s.m. units could 
have been detected. 


§4. DiscussION OF RESULTS 


The sign of the Hall coefficient and its large variation for different specimens. 
indicates that molybdenite is usually an impurity p-type semiconductor. The 
sign of the thermoelectric power confirms that the charge carriers are ‘holes’. 


(i) Mobility of Charge Carriers 

The variation of the mobility, given by the product 0-85Ro, with temperature 
shown in fig. 7 is similar to that obtained by Pearson and Bardeen (1949) using 
silicon—boron alloys. At high temperatures the mobility v is proportional to: 
T-#2 (v=8 x 1057-32 cm2v—1 sec“) this variation being attributed to scattering 
of the charge carriers by the thermal vibrations of the lattice. As the temperature 
is decreased, the quantity 0-85Ro reaches a maximum and then starts to decrease 
at temperatures below 150°k. One would expect that as the temperature is 
decreased scattering by impurity centres would become important (Conwell 
and Weisskopf 1950, Erginsoy 1950). For the case of un-ionized impurity 
centres the mobility should become independent of temperature and the fact 
that Ro decreases as the temperature decreases therefore suggests that the 
scattering is by ionized impurity centres; the mobility should then be given 
by Ra/1-93 which would result in a greater decrease than that shown in fig. 7, 
larger, in fact, than that predicted by the Conwell—Weisskopf theory. 

The high temperature variation of mobility observed would be expected for 
metals and substances with an atomic lattice, but not for ionic substances for which 
one would expect an exponential law of the form predicted by Mott and Frohlich 
(1939). However, in the case of molybdenite, which has a layer lattice, the 
measurements of the mobility have been confined to motion of the charge carriers 
parallel to the layers. Furthermore, Dutta (1944, 1945) has discussed the crystal 
structure of molybdenite and has pointed out that the interatomic distances 
observed along the basal plane do not support the presence of ionic bonding, 
and that there is evidence to suggest the presence of bonds of partially metallic 
character. It is not possible to correlate the numerical values of the mobility 
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with theory because of insufficient information concerning the fundamental 
constants of molybdenite, and because of its highly anisotropic nature. 

If the scattering of the charge carriers is due to thermal vibrations of the 
lattice their mobility should be the same for all specimens at a given temperature. 
The mobility calculated from Ro of several specimens was considerably less than 
that found for specimens 5 and 21. There are two possible explanations for this 
discrepancy. Firstly, the graphs of the potential distribution along specimens 5, 
21 and 22 show that specimen 5 is homogeneous except for a relatively small 
fault in the crystal. The resistance determined from the potential drop between 
the probes includes the resistance of this fault, and hence gives rise to an error 
in the calculation of the conductivity of the crystal. The same applies to 
specimen 21. The correction necessary for specimen 5 is 8°% and for specimen 21 
is 15%. For specimen 22 the graph shows that there are several faults in the 
crystal, and the error involved in neglecting them in the calculation of the 
conductivity will be large. ‘This most probably explains the difference between 
the mobility of specimen 22 and that of specimens 5 and 21 shown in fig. 7. 
Secondly, for the pure specimens it is probable that the conduction is mixed, 
i.e. partly by holes and partly by electrons. In this case the mobility 
of the charge carriers is no longer given by the product Ro. For specimens 14 
and 15 Ro yields a value of the mobility of 22 cm? volt-!sec"! at room temperature. 
As the temperature is increased the product Ro increases until it is the same as 
for specimens 5 and 21 and then starts to decrease. This low value of Ro may 
be due to the presence of mixed conduction at room temperature, and indicates 
that as the temperature rises the concentration of holes increases without a 
change in the concentration of electrons. 


(ii) Change of Conductivity in a Magnetic Field 
The decrease in conductivity in a magnetic field H provides us with an 


alternative method of calculating the mobility. According to Wilson (1936) the 
decrease should be given by the equation: 


Acja= 0:38 02H 0H te © ao boe fa arenes (2) 
The values of the mobility calculated from eqn. (2) for nine specimens are given 


in table 1 together with the values obtained from conductivity and Hall coefficient 
measurements. 


Table 1. Mobility of Charge Carriers (cm? v~1 sec?) 


Specimen No. 5 7 8 12 zi 22 30 31 32 
1601/2 204" 228) 212) 99225" 22067 9283 tes Skane Ome 
0:85Ro 144 24 53 5 147 31 63 23 45 


The mean value of the mobility obtained from « was 237 +30 cm?v~!sec"}, 
and in view of the approximations involved, the agreement between this value 
and that obtained from the Hall coefficient and conductivity measurements of 
specimens 5 and 21 (162 cm?v4sec) may be regarded as satisfactory. 

The agreement of values of the mobility obtained for different specimens 
from magneto-resistance measurements would suggest that for semiconductors 
which are not available in the form of single crystals and for which, consequently, 
the values of the conductivity are uncertain, the change in conductivity in a 
magnetic field should provide a useful method for determining the mobility. 


Mobility (cm? v~' sec!) 
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As no change in resistivity could be detected when the field was parallel 
to the basal plane, it would appear that the motion of the charge carriers is 
confined to the basal plane. A similar result was found by Dutta from 
measurements of the magnetic anisotropy of molybdenite at different temperatures. 


(111) Concentration of Carriers 


Figure 2 shows the variation of the concentration m of the charge carriers 
with temperature, assuming that 


Rejnfsne ag See ere (3) 


If it is assumed that there is only one type of impurity centre, and that the 
activation energy AE of these centres is constant, then m should be given by 


n® =2-41 x 10 T3?[exp(—AE/RT)]|(m,—n). =... (4) 


The variation of n with temperature predicted by this equation is compared 
in fig. 8 with the results obtained with specimen 5. Values of m, and AE were 
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chosen to give the best fit to the experimental curve and it is seen that the agreement 
between the theoretical and experimental curves is not satisfactory. For 
specimens 21 and 22 the discrepancy at low temperatures is greater. When 
it is remembered that at low temperatures the scattering of the charge carriers 
is probably due to ionized impurity centres, the concentration of charge carriers 
becomes 1:93/Re. This would reduce the variation of n at low temperatures 
and increase the discrepancy. 

At high temperatures, above 500°C, a very rapid increase in the conductivity 
was observed for the different specimens and in some cases this increase was 
permanent. The fact that the increase was permanent in some specimens suggests 
that the conduction at these temperatures is ionic rather than intrinsic. ‘The 
rate of increase of conductivity was so high that it was not possible to take 
sufficient readings to determine the activation energy from the slope of the 
conductivity curve. 
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(iv) Thermoelectric Power, Nernst Effect and Ettingshausen Effect 
The thermoelectric power dE/dT should be given (Wright 1951) by 


Bie sa Bei ge 
7 -- 6-1) (5) 


where »* is the reduced chemical potential of the charge carriers and 6 depends 
on the variation of the mean free path / with the reduced energy 7. 
If 7=/,y" then 


pee es F= | ee: fs Mah dy 
(l+r)F, ° T+exp (q—7*) 
For a semiconductor with an atomic lattice, if lattice scattering predominates 
r=0 and 8=2; if impurity scattering predominates, then for ionized impurity 


centres 7= -2 and 8 =4, and for neutral impurity centres r=} and 8=5/2. Values 
of »* have been determined from the Hall effect measurements using the formula 


2 
7 


n= = (27m*kRT)*? exp n* =ape a eee (6) 


in which m*, the effective mass of the charge carriers, has been assumed equal 
to the mass of the free electron. In fig. 6 the theoretical values (8 =2) of the 
thermoelectric power of specimen 21 are compared with the observed values. 
The agreement is good except at low temperatures. 

To obtain the theoretical values of the thermoelectric power for ionized 
impurity scattering 8 must be put equal to 4 in eqn. (5) and the factor 37 in 
eqn. (6) must be changed to 1:93. The result of these modifications is to add 
Q-13mv “c to the values given in fig. 6. ‘Thus the increase in the observed 
thermoelectric power at low temperatures cannot be accounted for by impurity 
scattering. 

The fact that the variation of m with temperature given by eqn. (4) differs so 
widely at low temperatures from the observed variation would probably mean 
that it is not possible to calculate »* using eqn. (6). 

That the Nernst effect was too small to measure is of some interest. According 
to Wright (1951) the effect should be appreciable for semiconductors with an 
atomic lattice, and for the limiting case »* < —4, which is true for molybdenite, 
should be given by the equation 

jek ki 7 
te 4 (Qam*kT)12 a ( ) 


where / is the mean free path of the charge carriers at the temperature T. When 
the value of /, calculated from the product Ro assuming that m*=m is 
substituted in this equation, it is found that the Nernst coefficient should be 
8 x 10° c.g.s.m. at room temperature. An effect of this magnitude could have 
been readily detected. 

A similar result is found for the Ettingshausen effect. When the formula 
given by Wright is used to calculate the Ettingshausen coefficient, and is 
combined with the measured value of the thermoelectric power, it is found that 
there should be a considerable difference between the adiabatic and isothermal 
Hall effects. However, Wright’s analysis of the Ettingshausen effect is based 
on the assumption of thermal conduction by electrons, whereas in molybdenite 
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the concentration of charge carriers is small and their contribution to the thermal 
conductivity will be insignificant compared with the lattice contribution (Putley 
1952); 

§ 5. CONCLUSION 


The most useful result arising from the study of the electrical properties of 
molybdenite has been the evidence of the nature of the scattering of the charge 
carriers in a semiconducting binary compound. Over the temperature range 
for which lattice scattering is significant, the temperature variation of mobility 
agrees with that predicted by theory for a substance with an atomic lattice. 
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The Velocity and Temperature Dependence of Rubber Friction 
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Abstract. It is shown experimentally that the velocity of frictional gliding under 
constant tangential stress of rubber on glass and on silicon carbide cloth is, in the 
first approximation, an exponential function of the reciprocal absolute temperature 
and of the tangential stress. It is suggested that frictional gliding of rubber is a 
rate process. 


$1. INTRODUCTION 


HE coefficient of dynamic rubber friction has received little attention in the 
| literature. Qualitative experiments by Ariano (1929, 1930) and Derieux 
(1934, 1935) showed that the coefficient of rubber friction increases with 
increasing sliding velocity, and this was confirmed by Roth, Driscoll and Holt 
(1942). These authors experimented with rubbers of the tyre tread type and found 
that the friction of such samples on plate glass increases slowly with increasing 
velocity, the rate of increase being lower than would be given by a logarithmic 
velocity dependence. 

The published data on the temperature dependence of rubber friction are 
even scantier and appear to be the result of ad hoc experiments made in connection 
with specific technological problems. Breuil’s (1910) experiments were incon- 
clusive and Ariano (1929, 1930) found that the coefficient of rubber friction falls 
with increasing temperature. 

We have investigated both velocity and temperature dependence of rubber 
friction by a method based on the fact that the positive velocity coefficient of rubber 
friction makes it possible to cause rubber to slide over a track at a constant velocity 
by application of a sufficiently high constant tangential stress. As mentioned 
above, the velocity coefficient is low so that relatively small variations of the 
tangential stress will produce large changes of the sliding velocity, and a wide range 
of velocities can be covered in this way without the necessity of elaborate gear boxes 
or similar devices. Further advantages of this method of studying rubber friction 
will become apparent later. ‘This paper reports the results of measurements of 
the sliding velocity at various tangential stresses and temperatures. 


§ 2. EXPERIMENTAL 


The apparatus used for our experiments was a modified form of that described 
in an earlier publication (Schallamach 1952) to which reference is made for details 
of the shape of the samples. The geometrical contact area of the samples was in 
the present case 5-4 cm?, 

In order to control the temperature, the horizontal track was made hollow and 
water was pumped through it from a thermostat. The track was housed in a box 
lined with copper tubing which was connected in series with the hollow of the 
track so that an approximately uniform temperature was maintained within the 
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enclosure. ‘The temperature difference across the thickness of the sample did not 
exceed 0-25 centigrade degree. 

The constant tangential stress was provided by lines which passed over free 
pulleys and carried hanging weights. The sliding velocity was automatically 
recorded by trailing behind the sample a paper strip on which a simple timing 
mechanism made marks at given intervals. 

Preliminary experiments had shown that because of the sensitivity of the method 
special precautions had to be taken in order to obtain reproducible results. The 
first requirement was to reproduce the surface of the track as nearly as possible, 
and it was found that using ground plate glass and regrinding it after each run gave 
the most reliable results. The abrasive used for this purpose was carborundum, 
grade 1F. Additional measurements were made on silicon-carbide cloth ‘ John 
Bull’ No. 150; by using fresh abrasive for each run reproducible results were 
obtained on this type of track. 


uv (cm/sec) 


\ 


Fig.1. Sliding velocity on ground glass plotted against distance travelled. 
Pulling weight: a, 5:8 kg, 6, 7-8 kg. Curve c: curve b re-plotted 
as log [(v—0-00036) cm/s] against distance travelled. 


Distance (cm) 


In order to remove from the samples substances which might ooze out during 
the course of the experiment and produce random self-lubrication, the samples 
were extracted for 48 hours with alcohol-toluene azeotrope (Griffith et al. 1948), 
followed by 24 hours’ extraction with alcohol, and subsequent vacuum drying. 
An unfortunate consequence of extraction of most types of rubber compound is 
that both natural and added antioxidants are removed thereby, and noticeable 
oxidation sets in within a matter of days. As it was not always possible to finish 
an investigation within this time, more than one sample had sometimes to be 
employed in the course of one investigation. All experiments were carried out 
with an unloaded vulcanizate of natural rubber of the following composition: 
rubber 100-0, ZnO 5-0, S 2-5, ‘ Santocure’ (accelerator) 0-6, phenyl-$-naphthyla- 
mine (antioxidant) 1-0, stearic acid 1:0. ‘The samples were cured for 50 minutes 
at a temperature of 142°c. 
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§3. RESULTS 


(i) Measurements on Ground Glass 


In our measurements, the normal load on the sample was always 6:44kg. In 
view of the fact that the true tangential stresses depend on the actual area of 
contact between rubber and track (Schallamach 1952) the absolute value of which 
is not known, the results are given in terms of the pulling weights which actuated 
the samples. 

When rubber slides on a surface which produces little abrasion, the sliding 
velocity decreases rapidly as the sample travels along the track. ‘This is demon- 
strated for two different pulling weights of respectively 5-8 and 7-8kg in fig. 1. 
In the case of curve a there is no indication of the velocity becoming constant, and 
eventually the sample did indeed stop. In case 5, however, the sliding velocity 
became constant after a travel of about 10 cm. It is obvious that the pulling weight 
of 5-8 kg corresponds to less than the ultimate value of the coefficient of static 
friction, and it will be seen that an accurate determination of this quantity would be 
a matter of some complexity. Under the conditions obtaining in our experiments 
7-8 kg was found to be near the limiting pulling weight which would produce 
steady motion. 


Log v (v in cm/sec) 


35° 340 33 NS2 UST MSOrmgouni0d 
10/7" (7 in°k) kg 


Fig. 2. Steady state sliding velocity on ground glass as a function of 
(a) the reciprocal absolute temperature for sample I with a pulling 
weight of 7:7 kg, (b) the pulling weight for samples I and II at 25°c. 


When the pulling weight is increased in the course of the measurement the final 
value is attained very much sooner than when the measurements are begun with a 
new sample, and it appears that during sliding a conditioning of the surface is 
brought about. If the pulling weight is momentarily removed, the conditioning 
is partly lost. If, at the same time, the sample is lifted off the track, the conditioning 
virtually disappears. ‘The practical importance of this effect is that much time is 
lost in re-conditioning the sample after it has traversed the whole length of the 
track and anew runis started. In view of the need for haste caused by the degrad- 
ation of the samples by oxidation, a small alteration was made in the experimental. 
arrangement. ‘The track was divided into two equal sections in tandem, i.e. one 
section in front of the other, the butt joints being accurately ground square so. 
as to present only a small discontinuity to the sample when travelling over it. 
After the sample had cleared the first section, this was removed for re-grinding; 
then the second section, with the sample on it, was pulled back and the first section. 
inserted in front of it. This procedure made it possible to conduct the experiment 
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without ever lifting the sample off the track, and to determine reproducible curves 
with one and the same sample. 

The results showing the steady state velocities obtained with two samples are 
shown in fig. 2. The full circles in both graphs are repeat points. The curve of 
fig. 2 (a) is, within the limits of experimental error, a straight line; similarly, the 
graphs of fig. 2 (b) are very nearly linear apart from the region of the lowest pulling 
weights in the neighbourhood of the values corresponding to the static coefficient 
of friction. 

Curves I and IT in fig. 2 (6) illustrate the divergent absolute values of the sliding 
velocities which may be obtained with nominally similar samples; the slopes of the 
curves, on the other hand, appear to be very similar. ‘The range of pulling weights 
within which steady sliding is possible had an upper limit of about 10 kg. If this 
limit was exceeded the sample accelerated slowly. 
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Fig. 3. Steady state sliding velocity on Fig. 4. Steady state sliding velocity on 
silicon-carbide cloth plotted against silicon-carbide cloth plotted against 
reciprocal absolute temperature for pulling weight. 


various pulling weights. 


Figure 2 shows that in the first approximation the sliding velocity of rubber on 
ground glass is (a) an exponential function of the reciprocal absolute temperature, 
(6) an exponential function of the pulling weight as long as this is sufficiently 
large compared with the weight necessary to overcome static friction. During the 
measurements, a certain amount of abrasion occurred and it was observed that 
mould marks on the surface of the sample were worn away; also, the sample left 
i a faint trace on the track. ‘The magnitude of the abrasion was, however, too small 
to be determined by weighing. 


(ii) Measurements on Silicon-Carbide Cloth 
Frictional sliding of rubber on silicon-carbide cloth depends far less critically 
on the experimental conditions than was found in the case of ground glass tracks. 
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In particular, there is no conditioning of the surface and the sample will slide at 
constant velocity almost immediately after it has been started. Also, steady 
running is possible in a wider region of pulling weights and velocities, this extension 
of the working range being mainly due to a lower static coefficient of friction. 
It might be pointed out here that the coefficient of friction is lower on the coarser 
surface of the abrasive than on the smooth surface of the ground glass because the 
local normal pressure where the rubber is indented by the particles of the abrasive 
is high (Schallamach 1952). 

Figure 3 shows the results of the measurements of the sliding velocity on silicon- 
carbide cloth. The graphs have a slight curvature and can again in the 
first approximation be considered as linear. Figure 4 gives the logarithm of the 
sliding velocity at two constant temperatures as a function of the pulling weight, 
the points on this graph having been interpolated from fig. 3. This graph is. 
similar to fig. 2(b) but the fall of the sliding velocities when the pulling weights. 
are low is more pronounced than was experienced on ground glass. 

Figure 5 is also derived from fig. 3 and gives the pulling force as a function of the 
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Fig. 5. Pulling weight plotted against temperature on silicon-carbide cloth at two constant 
velocities. 


temperature at the velocities of 10-'cm/sec and 10-2cm/sec. The coefficient of 
friction is proportional to the pulling force and fig. 5 shows therefore the negative, 
but not constant, temperature coefficient of the coefficient of friction. 

The abrasion occurring during these measurements amounted to about 17 mg 
fora run of 100 cm and was independent of the rate of sliding. 


§ 4. DIscuSssION 


The decrease of the sliding velocity of rubber on tracks which have only little 
abrasive effect (fig. 1) has its counterpart in the initial rise of the frictional force 
which is observed when friction measurements are made at constant velocity 
(Roth, Driscoll and Holt 1942). It has been suggested above that this effect is due 
to a conditioning of the rubber surface; its absence on an abrasive track where the 
surface is constantly renewed lends weight to this assumption. The effect arises 
most probably from an increase of the true area of contact between rubber and 
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track under the combined influence of normal load, tangential stress and sliding. 
An increase of the true area of contact would lead to an enhanced frictional force 
as has been shown elsewhere (Schallamach 1952). A similar phenomenon in 
metallic friction has been demonstrated by McFarlane and Tabor (1950). 

It may be observed that curve 4 of fig. 1 can be described by the simple mathe- 
matical relation v,—v=const. exp (—x//) where v is the final velocity, x is the 
distance travelled and / is a constant; this is shown by the linearity of curve c 
of fig. 1. 

The most interesting feature of the results is, perhaps, the temperature de- 
pendence of the sliding velocity at constant pulling force F which can be approxi- 
mately described by the equation : 


Dob AlexpteEIRT). OU SRA (1) 


where 4’ and E’ are constants. Equations of this type are familiar in connection 
with physical rate processes, such as viscous flow. Whenever an experimental 
result is adequately described by an equation of this kind, the process in question 
is generally assumed to be actuated by an activation mechanism, that is to say, it 
is assumed that the elementary particle taking part in the process is confined to a 
potential trough from which it escapes from time to time into neighbouring 
troughs because of thermal collisions, and that under the influence of an external 
stress these jumps occur no longer completely at random but are directed in such a 
way as to relieve the stress. 

In the majority of cases the applied stress is so small that it hardly modifies the 
potential field within the material, and the rate of the process is then a linear function 
of the stress. ‘The best known example of such a case is the viscous flow of a 
newtonian liquid. 

We suggest that the frictional sliding of rubber is a rate process based on an 
activation mechanism, the main reason for this assumption being the observed 
temperature dependence of frictional sliding. Without discussing a detailed 
molecular model, one can visualize the conditions in the interface rubber-track as 
being similar to those between two adjacent layers of molecules in the laminar 
flow of a viscous liquid of high molecular weight. 

In contrast to newtonian flow, the velocity is in the present case not a linear 
function of the applied stress, and this is thought to be because the intermolecular 
field is modified by the relatively large tangential stress. Where the tangential 
stress is sufficiently high compared with the value corresponding to the static 
coefficient of friction the experimental results can, in fact, be expressed by the 
following equation for v: 


u= exp — (Bay PRT 6 es (2) 


where A and y are constants, F is the pulling force, and £ is the activation energy 
measuring the height of the potential trough. It will be seen that on the basis of 
eqn. (2) the activation energy is not proportional to the slope of the curves of figs. 2 (a) 
and 3 which depends also on the tangential stress. By carrying out partial 
differentiation of eqn. (2) with respect to 1/T and F, the slope of the log v=/(1/T) 
curves is obtained as 


[AInv/O(1/T)lp= —E/R+FT(@lnvfaF)\p. eevee (3) 


The second term on the right-hand side of eqn. (3) should effect a decrease of the 
slope with increasing tangential stress. The accuracy of our experiment was not 
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great enough definitely to confirm this prediction. ‘The values of E calculated by 
means of eqn. (3) are given in the following table, [¢Inv/0(1/T)]7 having been 
obtained from figs. 2 (a) and 3, and (01n v/0F), from figs. 2 (5) and 4. 


Rubber on ground glass Rubber on silicon carbide 
Pulling weight (kg) Ded. 7:8 
—R [@ In v/A(1/T)] (cal/mole) 26600 20400 
E (cal/mole) 19880 16160 


The order of magnitude of the activation energies for frictional sliding given in 
the table is the same as that found for other activation processes in vulcanized 
natural rubber; for example, the activation energy for dielectric relaxation 
(Schallamach and Thirion 1949) is 17kcal/mole. It is interesting to note that 
Eyring’s (1936) theory of non-newtonian flow leads, for large tangential stresses, 
to an expression for the rate of flow which is formally identical with eqn. (2). 

The explanation of our experimental results as it has been set out above, takes 
no cognizance of abrasion and in fact divorces abrasion completely from friction, in 
contrast to current theories of solid friction. We are not yet in the position to 
state definitely that frictional sliding of rubber can take place without any abrasion 
occurring although experiments with rubber on plate glass appear to suggest this 
possibility. 

Another query arising out of our measurements on silicon-carbide cloth is what 
part of the frictional force is due to abrasion, and what part to friction proper, and 
how far the results are determined by the ratio of these two contributions. As 
the rate of abrasion is independent of the velocity, it is safe to say that the fraction 
of the tangential stress necessary to balance the abrasive effort is constant in the 
whole range of velocities employed by us, and that the corresponding correction 
of the graphs of fig. 4 consists in an horizontal displacement of the origin towards 
the right. The main points of our argument are not affected by this adjustment. 

The absolute value of the contribution of abrasion to the measured frictional 
force is more difficult to estimate but a lower limit of this quantity can be given 
without difficulty. Assuming that each particle of the debris has been removed 
from the bulk rubber in one single action the total energy necessary to produce 
the debris can be calculated from the known energy density at break of the rubber. 
It is found in this way that the force necessary to produce the debris at the observed 
rate is 0-15 kg. It will be seen that, say, ten times this figure would still lead to a 
relatively small contribution to the total frictional force. 
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Abstract. One phase of a fundamental investigation of convection over point and 
line sources of heat, conducted through the past decade at the Iowa Institute of 
Hydraulic Research, simulated a method of fog dispersal used for the landing of 
aircraft in England during the war. This involved the release of heat from 
parallel lines of burners, the convection from which produced characteristic 
patterns of mean flow and of heat intensity above the burners. Experiments 
described in this paper consisted of the measurement of the velocity distribution 
and the temperature distribution at various model scales and rates of heat 
generation. he results have been reduced to dimensionless diagrams of the two 
distribution functions which satisfy the elementary continuity and impulse- 
momentum requirements. From these diagrams generalized families of stream 
lines and isotherms for the mean motion above the sources have been plotted. 
The general functions reveal the basic pattern of convection and permit the 
approximate evaluation of velocity and temperature rise for any desired 
combination of the independent variables. 


$1. INTRODUCTION 


URING the past war, parallel lines of petrol burners were used in 
England as a means of dissipating fogs over aircraft landing strips, 
and several test installations were also built in America. The 

basic principle involved was that of free convection resulting from the buoyancy - 
of the heated air, the elevated temperature in the convection zone over the 
runway causing the fog in this vicinity to evaporate. 

Because atmospheric conditions in the regions of prevalent fog are quite 
different in England and America, to be effective the burner installations had to 
differ accordingly. English fogs generally occur with essentially no wind, 
whereas those in America and in the Aleutians are often accompanied by 
winds of appreciable strength. As a result, the English systems consisted of 
equivalent lines of burners on both sides of the runway, and the American 
modifications involved a primary line some distance in the prevailing upwind 
direction with secondary lines on the downwind side. 

The Iowa Institute of Hydraulic Research, as a part of its wartime programme, 
undertook at model scale the empirical evaluation of burner requirements for 
cross-wind conditions, and the project was reported upon in 1944 to the Office 
of Scientific Research and Development. ‘The experimental data were later 
analysed as a fundamental problem in free convection (Rouse 1947). As the 
field appeared to be a fruitful one for further study, investigations were then 
made of the basic convection patterns over point and line sources without cross 
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flow (Rouse, Yih and Humphreys 1952). One phase of the latter project dealt 
with the induced motion and the accompanying distribution of temperature over 
parallel line sources similar to those used in the English system of fog dispersal 
(Rankine 1950). Although the need for such a method may now have been 
eliminated entirely by the development of blind-landing techniques, the results 
of the investigation are presented herewith for purposes of record. 


§ 2. PuysicaAL AND DIMENSIONAL CONSIDERATIONS 


For conditions of two-dimensional convection over parallel sources of heat 
ocated at a horizontal boundary, the primary variables describing the mean 
flow are those indicated in fig. 1. Herein x and y are the vertical and horizontal 
coordinate positions with respect to a symmetrically located origin, yp is the 
distance from the origin to each of two sources of equal strength, u is the vertical 
and v is the lateral component of the mean velocity, and — Ap is the local reduction 
in density corresponding to the temperature rise A7. 


Ap 


x 
| 


Source Source 
Via 


i Yo Pore 
Fig. 1. Definition sketch. 


If Ap is assumed to be small in comparison with p, the density itself, the 
equation of continuity for constant-density conditions will apply with sufficiently 
close approximation : aad 


os + —— 
CxuaCy. 
If it is further assumed that the pressure intensity is the same at all points, the 


equation of acceleration in the vertical direction will reduce to a form comparable 
with the Prandtl boundary-layer equation, 


=(), 


Ou Ou 

pus + pum ii —gAp + - 
in which —gAp represents o buoyant force per unit volume which produces 
the acceleration and 7 is the intensity of turbulent shear. Because v and 7 are 
zero at the axis of symmetry and u, Ap, and 7 vanish at a great distance from 
the axis, integration of the equation of acceleration over a horizontal plane in 
accordance with the equation of continuity will result in the following form of 
the customary momentum equation 

Boe ies 

Tale Ou Oy = ok PApGy. = As eter (1) 
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A similar equation can be written for the diffusion of heat on the assumption 
that the vertical rate of mixing due to turbulence is small in comparison with the 


lateral rate q: a(AT) a(AT) 1 dg 
ee 
Ox oy ~- Gpp dy’ 
Because q likewise vanishes both at the axis and at a great distance from it, 
integration of this equation over a horizontal plane will lead to the following 
condition of heat flux: 


d co 
Pap AN Ty AO muse iD? Bl etl AG (2) 


The integral term itself, which is seen to be independent of elevation, thus 
represents the rate at which heat is generated per unit length of source. 

The foregoing equations of momentum and heat flux not only specify 
conditions which must be approximately satisfied by the mean convection 
pattern, but they also define the variables which must be considered in an 
experimental investigation. The quantity Ap, first of all, can be related to the 
local temperature rise AT by the following simple expression for a perfect gas 
at constant pressure: —Ap/p»=AT/T,. If this expression is introduced into 
eqn. (1) and the difference between p and the ambient value pp is again ignored, 
the momentum equation can be rewritten in the form 


al 8 dy = {= aie eee (3) 


By defining the rate at which heat is produced per unit length of source as H/L, 
one can then express the vertical flux of heat in the corresponding form 
Al/L =| 3 re AT (4) 
Cppol olg “Te? Eve 
From the definition sketch of fig. 1 and the grouping of terms in eqns. (3) 
and (4), it will be seen that the simplest arrangements of the variables governing 
the velocity and temperature fields are as follows: 


AIL 
u=f; (« Yo TE) 
AT Bil 
Tole “hs (« ty aaa 


Inasmuch as only two-dimensional categories are represented by each series of 
five variables, the latter may be combined by means of the [l-theorem into 
functional relationships between three dimensionless parameters : 


u x y 
oe te | Sh Lame ae Sete 5 
Tht 1 @ - ©) 
AD x » 
Peres eee (ee ee Pe Se eee tI 6 
A*®To/£Vo 2 be Yo (6) 


in which A is simply the group of terms with the dimension of (velocity)* appearing 
in the original arrangements of variables and indicating the strength of the 
source : HL 

s &pPo Tilg 


These, then, are the relationships to be determined experimentally. 
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§ 3. EXPERIMENTAL INVESTIGATION 


Measurements of the variables involved in eqns. (5) and (6) were carried out 
as an extension of a closely related laboratory investigation of the mean pattern 
of convection above a single line source of heat. Indeed, the latter problem 
represents the limiting case of the one now under discussion, as may be seen 
by writing the terms at the right of eqns. (5) and (6) in the alternative forms of 
y/« and yp/x and assuming yo/x to approach zero. Because of this fact, it was 
possible to use the same experimental equipment for both phases of the project. 

‘Two-dimensional conditions free from external disturbance were obtained 
by confining the flow between vertical walls parallel to the xy plane. hese walls 
were 8 feet long and 4 feet high and were placed either side of a very low platform 
8 feet long and 4 feet wide. The top and the two end sections of the flow passage 
were open, and the unit was centred in a room 25 ft. by 15 ft. by 10 ft. in size. 
The heat source consisted of a specially fabricated gas burner 4 feet in length 
with a single line of inch holes in the trough-shaped top; the burner was set 
into the platform at mid-section with its upper edges flush. Commercial bottle 
gas was used as fuel; with the proper admixture of oxygen, a blue flame with 
minimum radiant energy was obtained. ‘To simulate by the method of images 
two parallel sources of variable spacing, a 4 ft. by 4 ft. vertical partition was 
inserted between the parallel walls at any desired location of the plane of symmetry. 

Measurements of the vertical component of the mean velocity were made by. 
means of a sensitive vane anemometer 1} inches in diameter, the jewel bearings 
of which permitted velocities as low as 0-25 feet per second to be observed. The 
anemometer was calibrated in a 7-inch duct just beyond the rounded inlet, against 
velocity measurements made in the parallel jet from a nozzle several diameters 
downstream. Measurements of the temperature distribution were made with a 
copper—constantan thermocouple in conjunction with a potentiometer reading 
to 0-002 millivolt; the cold junction was maintained at room temperature outside 
the working section. ‘The anemometer and the thermocouple could be mounted 
interchangeably on a traversing mechanism supported by rails along the upper 
edges of the two parallel walls. 

Data were obtained by these means for various values of x, y, yp and burner 
output, the combination usually being that which would yield measurable values 
of u over a horizontal section of significant width. Apart from preliminary 
surveys to ensure that the flow was essentially two-dimensional, the measurements 
were made midway between the parallel walls. ‘The magnitude of H/L for each 


run was evaluated from the observed distributions of uw and AT by means of 
eqn. (4). 


§ 4. Discussion OF RESULTS 


All measurements of w and AT were generalized in accordance with the 
parameters of eqns. (5) and (6) and plotted to yield the desired functional 
relationships. ‘The results of six typical runs representing two distinct geometric 
conditions are shown in fig. 2; herein the velocity data are plotted to the right 
and the temperature data to the left of the plane of symmetry. Although the 
individual points display the appreciable scatter which characterizes measurements 
of this nature, values for the same geometric conditions show no consistent 
variation with different rates of heat release. On the other hand the smooth 


Free Convection over Parallel Sources of Heat 397 


curves approximating the trend of the data, and at the same time satisfying the 
requirements of eqns. (3) and (4) for momentum and heat flux, are seen to fall 
somewhat above the velocity data and below the temperature data in each case. 
This discrepancy was probably due in part to effects of radiation on the thermo- 
couple indication and in part to the fact that the temperature differences were not 
always small (the average maximum reading was about 60°F above room 
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Fig. 2. Typical experimental results. 
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Fig. 3. Generalized distribution curves. 


temperature). However, previous studies had not disclosed a_ satisfactory 
method of shielding, and a detailed evaluation of thermodynamic effects was 
not considered compatible with the elementary nature of the project. For these 
reasons the results were accepted without further correction, and by correlation 
of the data from all runs the systematic sequences of curves satisfying eqns. (3) 
and (4) and shown in fig. 3 were obtained. 

The curves for the relative distribution of temperature at various relative 
elevations at once permitted construction of the dimensionless pattern of 
isotherms reproduced in the left half of fig. 4. Herein, it should be noted, the 
region below x/yy=0-5 represents pure extrapolation, although the fact that 
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all isotherms must begin at the source provides an approximate control over their 
form. The corresponding pattern of stream lines shown at the right of the 
figure was obtained from the systematized distribution curves of velocity by 
means of the definition equation for the stream function p =fudy. The 
pattern in the region below x/yy=0-5, as well as that to the right of the dip 
in each line, was again obtained through extrapolation. Inasmuch as the mean 
flow takes place in the direction of the stream lines and at a velocity which is 
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Fig. 4. Dimensionless isotherms and stream lines. 


inversely proportional to their spacing, the relative details of the velocity 
distribution can be seen from this figure at a glance. Particularly noteworthy is 
the fact that the maximum velocities as well as temperatures are found—not 
directly above each source—but at the horizontal boundaries and along the 
vertical plane of symmetry. Whereas the high boundary values would in practice 
be reduced to some degree by boundary-layer deceleration, the fact remains that 
the zone of primary convection is in the immediate vicinity of the plane of 
symmetry. 

The applicability of these results to the prediction of field conditions depends 
upon two limitations of the experiments themselves: their small scale, and the 
artificial means by which symmetry was obtained. The effect of scale is 
considered of less imiportance, for previous experiments with a point source 
had shown the Reynolds number of such motion to be far greater than that 
marking the transition from laminar to turbulent convection. Considerably 
more important is the fact that the degree of asymmetry which might be expected 
above two independent sources—even presuming them to be of identical 
strength—is in no way indicated. Indeed, slight winds in one direction or 
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another (Rouse 1947) would probably offset any tendency towards symmetry 
which might otherwise exist. 

Under the circumstances, the results presented must be regarded simply 
as a first approximation to the solution of a very complex problem. Surely, 
however, use of these functions to evaluate the order of magnitude of prototype 
conditions is preferable to the design of field installations with no generalized 
information at all. At the very least, the dimensionless parameters formulated 
in the analysis should permit field experience acquired at one scale to be utilized 
in determining the probable heat requirements at any other scale. 
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Sorption of Gases at Very Low Pressures by Thorium Powder 
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Abstract. 'The rate of sorption of thorium powder for oxygen and hydrogen is 
measured at pressures between 10-7 and 10-?mm mercury as a function of 
temperature of the thorium and of the period of exposure to gas. The sorbed 
quantities of gas are determined from the variation of rate of sorption with time. 
It is found that oxygen is sorbed irreversibly, forming a stable oxide with a 
dissociation pressure which is immeasurably low. The activation energy of this 
chemisorption is ascertained from the increase of rate of sorption with temperature 
of the thorium and is found to be about 0-75 kcal/mol. 

Hydrogen is sorbed reversibly by a process of solution. ‘The correlations 
between sorbed quantity of hydrogen, hydrogen pressure and temperature of the 
thorium are those to be expected for an equilibrium of solution. During dissolu- 
tion of hydrogen heat is evolved and a value of about 13 kcal is found for this 
heat of solution. ‘There are indications that at very low pressures most of the 
hydrogen in a tube containing thorium powder is in the atomic state. ‘The rate of 
sorption for hydrogen has a maximum value between 700 and 750°K. 

The significance of these results for the application of getter materials in 
electronic valves is discussed briefly. 


$1. INTRODUCTION 


URING recent years thorium metal powder has been used with some 
measure of success for reducing the residual gas pressure in electronic 
valves. ‘The thorium powder was deposited as a thin coating on one of 

the electrodes of the valves concerned. After an initial outgassing process the 
powder was found capable of efficiently sorbing deleterious gases at pressures of 
10-7 mm Hg and lower. ‘The physico-chemical processes on which this sorption 
is based have been investigated in some detail and an account of these investigations 
is given below. 


§2. Metuops or MEASUREMENT 


Sorption of gases is normally investigated by directly measuring the sorbed 
quantities of gas using either a volumetric or a gravimetric method. Such 
methods, however, fail at the very low pressures concerned since the quantities 
to be measured become too small to be detected in this way. The investigations 
to be described here were based on a method of measuring rates of sorption which 
has been described elsewhere (Wagener 1950). The principle of this method is 
illustrated in fig. 1. 

Gas is injected into the vessel containing the thorium via a capillary and the 
pressures f, and /; on either side of this capillary are measured by two ionization 
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gauges IGlandIG2. ‘Then, from the values p, and p, and from the flow resistance 
F of the capillary, the rate of sorption is obtained as 


ga Pep. 
Pt 
Ii the rate of sorption is measured as a function of time ¢, the sorbed quantity 
Q, can be obtained using the formulae 


t 
O.= i, De rae nt ne nee easyer (2) 


or O.= a (ee die a ee (3) 


‘Two types of capillaries were used in the experiments. One of these, the 
standard one, had 2 mm bore, and its conductance for oxygen as measured in a 
previous calibration (Wagener 1950) was F=17-5 cm3/second. ‘The second 
capillary which had a smaller bore was used for hydrogen in order to increase 
the pressure gradient along the capillary. Its conductance was 5-7 cm3/sec for 
oxygen and 23 cm/sec for hydrogen. 


cS 
Needle 1.G.1. 1G.2 
Vaive lonization fonization 
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Fig. 1. Experimental arrangement for measurement of rates of sorption. 


The thorium powder employed had a particle size between 1 and 10 pw. It was 
deposited electrophoretically by a method described elsewhere (Espe 1948) on 
pre-outgassed nickel sleeves of the type normally used for oxide cathodes. The 
method of depositing gave a very smooth thorium coating of normally 5 mg weight 
on a sleeve area of 2cm?. After deposition the coated sleeves were outgassed and 
slightly sintered in a high vacuum by heating up to 1050°K for 90 seconds. ‘T'wo 
such sleeves, after being supplied with alumina-coated tungsten heaters, were 
located in the ionization gauge [G2 on the far side of the capillary in a manner to be 
seen from fig. 1. 

The measurements of sorption were undertaken ona diffusion pump providing a 
pressure of 10-7 mm mercury after baking the glassware for 1 hour at 400°c. 
Subsequent to this bake all metal components of the two ionization gauges were 
outgassed at about 900°c either by eddy current heating or by electron bombard- 
ment. ‘The getters were outgassed at the same temperature previous to every 
series of measurements (Wagener 1952). 
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§3. RATE OF SORPTION FOR OXYGEN 


When determining the rate of sorption, the pressure p, on the pump side of 
the capillary was increased gradually by admitting gas and the pressure Pp; at the 
thorium was measured as a function of p,. Then, for oxygen, a curve as shown by 
the broken line in fig. 2 was obtained. This curve could be transformed into a 
straight line by deducting the initial pressure on the getter side, obtained without 
admitting oxygen from outside (point on the extreme left of fig. 2) from all the 
appropriate pressures measured subsequently (plus crosses in fig. 2). 

The straight lines plotted in fig. 2 are-significant because they show that the 
rate of sorption of oxygen as derived from formula (1) is nearly independent of 
pressure. he transformation leading to these straight lines can be explained 
physically by assuming that a residual pressure of a gas which is not oxygen exists 
above the thorium. ‘The nature of this gas, which remains unaffected during the 
entire measurement, is discussed in § 7. 

The straight lines of fig. 2 are only obtained if the measuring period is kept short. 
If longer periods are used, the rate of sorption decays, in particular at the higher 
pressures. Owing to this decay the lines shown in fig. 2 will bend off towards 
higher pressures p;, with increasing pressure p, on the pump side (Wagener 1952). 

Details of the decay of rate of sorption are shown in fig. 3. The rate S 
decreases rapidly at first and then more gradually, the decrease becoming more 
marked with increasing pressure and decreasing temperature. During these 
measurements the pressure p, on the pump side was kept constant and consequently 
the pressure p, on the side of the thorium increased with decreasing S. For an 
accurate evaluation of decay curves such as shown in fig. 3 it would be desirable to 
maintain p, constant instead of p,. ‘This, however, is rather difficult experimentally 
and a suitable technique has not been developed yet. 

The rates of sorption given above are derived from the total rate of gas flow 
through the capillary in fig. 1 into the vessel containing the thorium. It may be 
noted that a small quantity of gas will flow into this vessel even if it contains no 
thorium. ‘This is due to the take-up of gas by cathode and collector of the ioniza- 
tion gauge. ‘The rate of this additional take-up was found to be approximately 
30 cm?/sec for oxygen and 5—10 cm/sec for hydrogen. 


$4. RATE OF SORPTION FOR HYDROGEN 


The rate of sorption S of thorium for hydrogen is smaller than that for oxygen. 
‘Typical curves, showing Sy, as a function of time for different pressures p, on the 
pump side, are given in fig. 4. When comparing figs. 4 and 3, it will be seen 
that the sorption rate decays much more quickly for hydrogen than it does for 
oxygen. Owing to this quick decay it has not been possible to obtain accurate 
values of the initial rate of sorption at time t =0. 

The rate of sorption for hydrogen increases with temperature up to about 
750°K where a maximum is reached. Beyond this temperature a decrease in 
S with increasing value of T is observed (see figs. 5 and 6). This behaviour is 
very different from that which was found for oxygen (see also § 6). 

Curves as shown in figs. 4, 5 and 6 were obtained with several samples of thorium 
although the absolute values of S were lower in some cases than those given in the 
figures. 
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§5. REVERSIBILITY OF SORPTION 


In the case of hydrogen a series of decay curves such as those of figs. 4, 5 and 6 
could be obtained with one sample of thorium since heating the thorium to about 
1150°K for some five minutes enabled the condition of the thorium to be restored 
to that pertaining before measurements began. 

This behaviour of hydrogen is again different from that observed with oxygen. 
The latter is illustrated in table 1 which is based on decay curves such as shown in 
fig. 3. It is seen that the original value of S can only be restored fully by the heat 
treatment if the quantity which has been sorbed previously issmall. Ifthe sorbed 
quantity is of the order of 10 or greater recovery is incomplete or non-existent. 


Table 1. Recovery of Sorption Rate of Oxygen after Heat Treatment at 1150°x. 


(1) (2) (3) 4) (5) 

350 0-7 560 100 580 
950 f-1 1015 660 1030 
950 17 1030 280 650 
950 21 650 100 100 


(1) Temperature during sorption (°K); (2) sorbed quantity (ux1.); (3) sorption rate 
before sorption (cm#/sec); (4) sorption rate after sorption (cm?/sec); (5) sorption rate after 
heat treatment (cm*/sec). 


This difference in behaviour between hydrogen and oxygen led to an 
investigation of reversibility of the sorption process. For this the thorium 
was exposed to gas at a certain pressure p, for a time ¢,. Subsequently the 
temperature of the thorium was raised to 1150°K and the pressure p, was 
measured again as a function of time. In this way outgassing curves such as 
are shown in fig. 7 were obtained. An initial sharp peak was always observed 
which was particularly pronounced after sorbing at low temperatures, whilst 
subsequently the pressure varied only slightly. 

If the peak is assumed to be of triangular shape the quantity QO, of gas 
re-evolved from the thorium can be derived from the maximum pressure Pmax 
observed during outgassing and from the duration t, of the peak. During 
re-evolution the gas flows in the opposite direction from that during sorption. 
Therefore Q, is obtained from eqn. (3) if a negative sign is given to the 
right-hand side of this equation. 

Neglecting py (Pp <Pmax) and with pp=2Pmax, we have 

ai pals |< ei Ae eae (4) 

The quantity QO, of gas sorbed by the thorium previous to re-evolution is 

given by (3). The ratio between the two quantities is therefore 


A = Baas ||" (by —Pod dt SHG) 


where p, and /; denote the pressures on either pump or getter side during sorption. 
In particular, if during sorption pp<p, we have 
ime b Ene ee (5a) 
QO, 2 ts Pp 
Values of the ‘reversibility factor’ Q,/Q, which have been measured so far 
are given in table 2. Values O,/O,=1, showing that the sorption is completely 
reversible, are only obtained for hydrogen. For oxygen the appropriate values 
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are smaller than 0-01 indicating that the preponderant part of this gas is sorbed 
irreversibly and cannot be removed at temperatures up to 1150°K. 


Table 2. Reversibility Factors of Oxygen and Hydrogen 


Gas Temp. of Th (°K) Pt (10° mm) t, (min) Q;/Qs 
Oxygen 350 PIS 3 0-005 
350 4 10 0-004 | 
350 4 15 ' 0-006 
950 2 10 0-:0004 
950 2 15 0-0003 
950 20 30 0-0005 
Hydrogen 350 8 5 1-0 
350 8 5 1-0 


After sorption of oxygen and heating at 1150°K the pressure above the 
thorium returned to about the same low value which had existed before sorption 
although no appreciable quantity of sorbed oxygen had been removed. ‘This 
shows that, in equilibrium and within the limits of measurability, the oxygen 
pressure above thorium plus sorbed oxygen is the same as above thorium 
containing no oxygen. It is concluded from these measurements that the system 
thorium—oxygen represents a case of chemisorption in which a stable oxide, 
probably thorium dioxide (ThO,), is formed which has a very low dissociation 
pressure. 

The system thorium—hydrogen, however, may be considered as an equilibrium 
of solution in which hydrogen can be injected into thorium and removed at 
will. The experiments described below will give further proof that these 
assumptions are justified. 


§ 6. "TEMPERATURE DEPENDENCE OF SORPTION OF OXYGEN 
(MEASUREMENT OF ACTIVATION ENERGY) 


Further evidence on the mechanism of the sorption of oxygen can be 
obtained from its temperature dependence. If this sorption is due to a 
chemical process one would expect its rate to vary with temperature according 
to an exponential law 

S=Bexp(—2/ RL). 6 a eee (6) 
where B is a constant, F is the activation energy and R the universal gas constant. 
Log S, therefore, should be a linear function of 1/T which is verified by fig. 8. 
The activation energies / obtained with three different samples of thorium are 
given in table 3. 


Table 3. Activation Energies E of Different Samples of Thorium 


Sample No. 1 2 3 
E (keal) 0-63 0:9 0-73 


The comparatively low value of the activation energy may be due to the 
fact that the gas molecules are pre-activated under the impact of the electrons 
in the ionization gauges. Such an activation, presumably consisting of 
dissociation of molecules into atoms, was observed when investigating barium 
as a sorbing material (Wagener 1951). It is hoped to avoid such activation by 
using a Knudsen gauge when it is available. 
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§7. ‘THE REsIpUAL HYDROGEN PRESSURE ABOVE 'T'HORIUM 

It is known from the investigations of Sieverts and Roell (1926) at pressures 
between 3 and 760 mm that considerable quantities of hydrogen can be dissolved 
in thorium. The dissolved quantities are correlated thermodynamically with 
the hydrogen pressure outside the thorium. Small quantities of hydrogen, 
therefore, which have not been removed during previous heat treatment should 
produce a residual hydrogen pressure. In view of this, it may be expected that 
the residual pressure which was observed when measuring the sorption rate of 


» oxygen and which produced the curvature of the lines representing S plotted 


against pressure p (see fig. 2), is due to hydrogen. 

It has been attempted to prove this conclusion by using the experimental 
arrangement shown in fig. 9. The sleeves coated with thorium were located 
inside an ionization gauge [G2 in the usual way. During the outgassing phase 
this ionization gauge was pumped directly through the pumping tube P. When 
outgassing was completed P was sealed off and the only remaining connection to 
the pump was through a palladium tube and via another ionization gauge IG1. 

After these preparations the palladium tube was heated by a surrounding 
tungsten spiral in order to enable hydrogen to pass through. ‘The temperature of 
the thorium was then raised from its value in the unheated state (~350°K) to 1150°K 
and the pressure in the two gauges measured as a function of time. ‘Two typical 
curves obtained are shown in fig. 10. It is clearly seen that the rise in pressure 
above the thorium (in 1G2) which is due to the increase in temperature, produces 
a rise in pressure in the gauge on the other side of the palladium tube (IG1) 
Conversely, when with reduced temperature of the thorium the pressure above 
the thorium falls, the pressure on the far side of the palladium tube falls as well. 
This experiment clearly shows that the residual pressure above the thorium 
is due to a gas which can easily pass through palladium. ‘This gas can only be 
hydrogen which most likely originates from the processes used for preparing 
the thorium. 

The general assumption is that hydrogen is dissolved in metals like thoriun. 
as atoms (see Fowler and Smithells 1937). If therefore the dissolved hydrogen 
is re-evolved into the vacuum, the hydrogen will appear there in atomic form 
and will only recombine to molecules after a certain recombination time has 
elapsed. This recombination time will increase with decreasing number of 
collisions between hydrogen atoms and hence with increasing mean free path. 
Since the mean free path at the low pressures concerned is very long, it appears 
likely that a considerable part of the hydrogen existing above the thorium consists 
of atoms. 

Langmuir (1950) has shown that atomic hydrogen can be detected by its 
reducing effect on tungsten oxide. In order to make use of this method of 
detection, two groups of four nickel sleeves, one group coated with thorium 
and the other one not, were sealed into glass bulbs on whose surface a thin film 
of a blue tungsten oxide, probably W,O,, had been deposited. ‘The sleeves 
were run in these bulbs at a temperature of 1050°K in a hydrogen atmosphere 
of 5 x 10-* mm pressure for about 60 hours. After this period the film on the 
bulb containing the uncoated sleeves had retained its original blue colour while 
the colour of the film on the second bulb, containing the sleeves coated with 
thorium, had definitely turned black. This was seen as an indication that the 
tungsten oxide on the second bulb had been reduced to metallic tungsten by 
hydrogen atoms which had been formed during dissolution in the thorium. 
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$8. Tue THORIUM—HyYDROGEN EQUILIBRIUM 


Let us consider the equilibrium of solution of a gas which exists as atoms — 


both inside and outside a solvent metal. Let g, denote the quantity of gas 
dissolved per unit weight of metal (q,=Q,/w, where w is the weight of metal). 
The correlation between quantity dissolved and gas pressure p,, then is (Ulich 


1948) Git=k. un Se ee (7) 


where K, is the appropriate equilibrium constant. 
Using the well-known equation (Glasstone 1940) 


Bese iyhes (8) 
in which H,, denotes the heat of solution per gram-atom of gas, we have: 
ln (qs/Pat) _ Hat 9) 
OT Rr! eee 
or 
In (9s/Pat) = 2 — aS es (10) 


In this formula a negative value of H,, indicates that heat is evolved during 
dissolution. 

If, contrary to the assumption above, the gas outside the metal consists of 
molecules, the equilibrium between molecules and atoms has to be considered 
as well. ‘This is given by: 


P aE x 
=< il 
Poi ( ) 


SSE 9 ea ae ere eetiere 
Ky denoting the partial pressure of the molecules. Introducing py in (10) and 
denoting the heat of solution per gram-mole by A,,,;=2H,.4, we obtain 


In {4s/(Pmor)"?} oa Ziel an ing /2R igs = ‘e/a eroty (12) 


If two special cases, that of constant temperature and that of constant quantity 
dissolved, are considered, we have from either (10) or (12): 


(a) T= const. 
for atoms: p=aq;’ (Henry's law) 7 ee eet (13 a) 
and for molecules: pH=@gn. 3 eee (13 d) 


Such a q’-law was for instance confirmed for the solution of hydrogen in 
titanium by Kirschfeld and Sieverts (1929) at pressures between 8 and 760 mm 
(for T=1000°c). 


(b) q,=const. 
for atoms: p=Rexp (A, | RY Oe ae eee (14a) 
and for molecules: p= kh exp (Heal ie ee eee (145) 


In order to check eqns. (13) the equilibrium pressure p has to be measured 


as a function of the dissolved quantity Q,. For this purpose measurements of | 


the rate of sorption, such as represented by figs. 4, 5 and 6, can be utilized. The 
sorbed quantity Q, can be ascertained from the curves by an integration using 
eqn. (3) which by combination with (1) can be transformed into 


s 
O, =p,F | spat. ae (15) 
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There is, however, one difficulty. In order to obtain the equilibrium pressure 
appropriate to Q, from the normal pressure measurements the decay curves 
S=f(t) have to be extended until the rate of sorption S is zero. Only then is 
equilibrium established and the equilibrium pressure 


Pagal = Pp Pie se te ONE IT See (16) 

Since the decay curves (see fig. 4 etc.) tail out very slowly, such ameasurement would 
take a very long time during which the sorption rate S could only be measured 
very inaccurately on account of its smallness (see §9). Hence determination 
of the sorbed quantity Q, by using eqn. (15) would also be very inaccurate. 

In order to avoid this difficulty S was only measured until a value of between 
10 and 20 cm/sec was obtained. Subsequently the needle valve was closed 
gradually and the pressure on the pump side was thus reduced until it equalled 
the pressure on the side of the thorium and finally became smaller than the latter. 


Fig. 11. Pressure p¢ above thorium asa Fig. 12. Equilibrium pressure of hydrogen 
function of pump pressure p, during above thorium as a function of quantity 
determination of hydrogen equili- of hydrogen dissolved. 
brium pressure. 


The equilibrium pressure P,qyi could then be ascertained by a graphical 
interpolation method. Figure 11 in which fp, is plotted as a function of p, for 
such a run of measurements, illustrates the procedure. ‘The curve representing 
Pt=f(Pp) is intersected by the line p,=p, and the intersection point gives the 
value of the equilibrium pressure according to (16). This equilibrium pressure 
is not exactly appropriate to the value of QO, which is derived from curves like 
those in fig. 4, because, until p,=p,, a small additional quantity of hydrogen is 
sorbed by the thorium. ‘The time necessary to establish p,=p, in this case, 
however, is much smaller than by continuing the measurement of the decay 
curve, and hence the accuracy obtained is correspondingly greater. ‘The method 
was found satisfactory at least for determining roughly the correlation between 
equilibrium pressure and sorbed quantity. 

Figure 12 shows the results obtained. A line representing the q?-law of 
eqn. (136) has been plotted in the graph. It is seen that with decreasing 
pressure the measured points deviate more and more from this line and approach 
the gi-line. ‘This can be attributed to an increasing number of atoms in the 
hydrogen above the thorium owing to increasing mean free path and decreasing 
recombination. It may be expected, therefore, that at pressures below the range 
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within which measurements could so far be performed, the hydrogen above the 
thorium will consist of atoms only. 

The existence of a correlation between pressure and sorbed quantity confirms 
the concept of an equilibrium of solution between thorium and hydrogen. There 
is, at the pressures concerned, no indication of formation of a hydride which 
would have a dissociation pressure independent of the quantity of hydride 
formed. 

In order to confirm that eqns. (14) also hold, a different experimental 
arrangement was used. Ionization gauges similar to those shown on the 
right-hand side of fig. 1 (IG2) were employed. After the normal pumping 
process a small but unknown quantity of hydrogen was dissolved and retained 
in the thorium; the gauge was subsequently sealed off the pump. It can be 
estimated that in such a case the quantity of hydrogen in the volume V of the 
sealed-off gauge is small compared with the quantity dissolved in the thorium. 
The pressure in the gauge is obtained from eqn. (13a) or (136). If (13a) 
is used an estimate taken from fig. 12 gives a~0-2u/(ux1./mg). Hence the 
required ratio between the two quantities is: 


Quantity outside _ agV_aV igs Re 
Quantity dissolved “aq, = wa 99) eee 


if V =0-05 1. 

On account of the smallness of this value any variation in temperature of the 
thorium which might lead to a variation of gas pressure and gas quantity in the 
volume of the gauge will not affect the dissolved quantity g, to any important 
extent. g, can be considered as practically constant, and eqn. (14) can be 
checked by measuring the hydrogen pressure inside the gauge as a function of 
the temperature of the thorium, provided the gas is not sorbed appreciably by 
other parts of the gauge. It was found that such an additional sorption is — 
negligible since at one particular temperature of the thorium the pressure in the 
gauge remained practically constant for periods which were much longer than 
those required for the measurement. 

If logp is plotted against 1/T (fig. 13) it is seen that the experimental points 
lie sufficiently on a straight line to show that the exponential law of eqns. (14) is 
complied with. For the heat of solution H, which can be derived from the slope 
of such lines, an average value H = — 13-5 kcal was obtained (from three sets of 
measurements). ‘his compares with a value H,,.;= —22°5 kcal/mole which has 
been derived by Fowler and Smithells (1937) from measurements by Sieverts 
and Roell (1926). If our value is valid for an atomic gas it should be equal to 
2H. In view of the fact that Sieverts and Roell’s value has to be based on three 
measured points only, the agreement appears to be as good as it can be expected, 


§ 9. "THE SORBED QUANTITIES AND THEIR DEPENDENCE ON 'T'EMPERATURE 


Sorbed quantities can be ascertained from eqn. (3) or (15) with sufficient 
accuracy provided the rate of sorption S does not become comparable with the 
sorption rate of the ionization gauges employed. The latter rate, on account 
of its inconstancy, cannot be measured very accurately. Consequently, if this 
rate is of the same order as the rate of sorption determined from eqn. (1), a 
certain error must be tolerated when evaluating the integral in (3) or (15). 

The difficulty in question mainly arises if we attempt to ascertain the total 
quantity of gas which can be sorbed at one particular temperature, In order 


| 


] 

| therefore conclude that at higher temperatures not only the surface but also 

' parts of the thorium lattice lower down participate in the process of sorption. 

Diffusion from the surface into the interior will take some part in the process. 
2 D~2 
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to determine this quantity (the capacity of sorption) the appropriate decay curve 
is to be measured until the sorption rate S of the thorium is equal to zero. As 
seen from figs. 3-6, S=0 is approached very gradually, and the error due to the 
uncertain value of the sorption rate of the ionization gauge becomes correspondingly 
great. Owing to this difficulty the sorbed quantities have only been calculated 
for a period during which a certain minimum value of rate of sorption was reached 
(100 cm*/sec for oxygen and 20 cm/sec for hydrogen). 

Table + shows that the sorbed quantity of oxygen increases with temperature 
considerably, more than thirtyfold from 350 to 950°K. It will be interesting to 
compare the values quoted with the quantity of gas which can be adsorbed on 
the surface of the thorium. 


Fig. 13. Hydrogen pressure above thorium as a function of temperature of thorium. 


If N, denotes the number of sorbed gas atoms, we have for a diatomic gas 
at temperature T 


N,=7-08 x 1908 Olas nlp anaes (18) 


(QO, in wx1.). On the other hand, if A denotes the geometric surface area of the 
thorium, fA the real adsorbing area and s the spacing of adsorbed atoms, the 
number of such adsorbed atoms is 


Nagai Ais eats Wal “Al Wwe: (19) 
For Niq=N, and T=300°K we have 
Maes e aC OU Ae © A) dee tet ote (20) 


Assuming the formation of thorium dioxide during chemisorption, s is equal 
to half the lattice spacing of ThO, (s=$x5-59A). Hence, when using QO, =0-7 
for T=350°K in table 4 and A=4 cm? we find f=8:8. 

Such a ratio between real, adsorbing area and geometric area appears 
reasonable. ‘The conclusion, therefore, seems to be justified that at low 
temperature oxygen is sorbed chemically at the surface of the thorium only. 

If the much higher values of Q, which are measured at T=950°K, are used 
instead, a value f=330 is obtained which appears rather excessive. One will 
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On the other hand, it can be shown that this diffusion is rather limited, since 
no complete oxidation of the thorium can be obtained at the pressures and 
temperatures concerned. For such complete oxidation if M is the molecular 
weight of the gas and A, the atomic weight of the thorium M/A, mg gas/mg 
thorium should be sorbed. Since 
LO LOtSe 

Me 2B 
we find for 7=300°k that 1 mg thorium can take up_ theoretically 
1:70 x 104 x 1:1/A,, =80-54 x1. oxygen (A, =232:1). The 26 w xl. quoted in 
the last line of table 4 refer to 10 mg thorium and therefore to a degree of 
oxidation of only 2:6/80-5 =3:2%. 


1 mg gas = Le eae (CAT 


Table 4. Total Quantities of Oxygen Sorbed in Thorium 


Temperature during sorption (°K) 350 950 950 
Sorption rate at beginning (cm®/sec) 560 650 970 
Total sorbed quantity (4 x1.) 0:7 21 26 


Let us now remember the recovery experiments described in §5. The 
decay in sorption rate observed during sorption of small quantities of oxygen 
(~1, x1.) could be repaired by heating the thorium. This can also be explained 
by assuming that the oxygen, although bound to the thorium chemically, can 
diffuse into the interior at higher temperatures. Owing to this diffusion the 
surface of the thorium is cleaned from oxygen and becomes capable of sorbing 
new quantities. 

The quantities Q, of hydrogen which can be sorbed are given in table 5. It 
will be seen that there is a maximum value of Q, at about the same temperature 
as that observed for the maximum sorption rate S (at about 700°K). The fall in 
Q, with rising temperature is to be expected on the basis of equations (10) or (12). 
In order to explain the maximum and the fall with decreasing temperatures 
beyond it we must realize that the quantity of gas dissolved in a metal does not 
only depend on the solubility of the metal but also on the extent to which the 
gas can diffuse into the metal. If there is no diffusion, no gas can be dissolved 
in spite of a high theoretical solubility. Since diffusion decreases with 
temperature by an exponential law, diffusion of hydrogen into the thorium will 
be more and more limited with falling temperature. The hydrogen will therefore 
be less and less able to reach the deeper parts of the thorium and the total quantity 
of hydrogen dissolved will consequently decrease in spite of an increase in the 
quantity g, dissolved per unit weight according to equations (10) or (12). 


Table 5. ‘Total Quantities of Hydrogen Sorbed in Thorium 
Temperature during sorption (°K) 500 565 630 740 845 935 
Total sorbed quantity (x 1.) 1:08 1:42 2°12 1:98 0:73 0:34 


$10. CoNcLUSIONS 


The experiments have shown that oxygen is sorbed chemically by thorium 
at all temperatures investigated, forming a stable oxide. The equilibrium 
pressure of oxygen above this oxide is immeasurably small. Provided the 
capacity of the thorium is not exhausted the rate of sorption for oxygen injected 


from outside is and remains high even at the lowest pressures accessible to 
measurement (~10-7 mm Hg). 
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Hydrogen, however, is dissolved in the thorium and can be removed from 
it by heating. In equilibrium the hydrogen pressure outside the thorium is 
a function of the quantity of hydrogen dissolved inside. The rate of sorption 
is zero under these equilibrium conditions. 

These results open up new possibilities for the use of getter materials employed 
for improving the gas atmosphere of electronic valves and tubes (Wagener 1952). 
The alkali earth metals, e.g. barium, which are normally used as such getters 
reduce the pressure of all residual gases existing in the valve or tube, independent 
of their nature. It is known, however, that the gases containing oxygen are 
mainly obnoxious while for instance hydrogen, provided its pressure is not too 
high, is not harmful and may even be beneficial in some cases. If materials 
such as thorium are used as a getter they will reduce the pressure of oxygen or 
carbon dioxide to the same level and with even greater efficiency than barium. 
Hydrogen, however, will only be sorbed until an equilibrium between inside 
and outside of the getter is obtained, and a constant hydrogen pressure will be 
established, the level of which depends on the quantity of hydrogen present in 
the tube. Instead of aiming at an absolute vacuum, therefore, which can hardly 
be obtained completely, it seems possible to establish a reducing atmosphere 
inside the tube. 

Some experiments, which will be reported in detail later, have shown that such 
a reducing atmosphere can be obtained in practice. The level of hydrogen pressure 
to be aimed at can be adjusted either by retaining a certain quantity of hydrogen 
in the thorium or by injecting it during the pumping process. ‘The pressure 
level attained can be kept relatively constant despite possible losses of hydrogen 
to glass walls etc. because of the comparatively large quantity of hydrogen 
dissolved in the getter. According to eqn. (17) which refers to conditions existing 
in practice, about 1000 times more hydrogen is dissolved in the thorium than 
exists outside. ‘The thorium therefore acts as a reservoir for hydrogen from 
which losses can be easily replaced. 
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and their Optical Properties 
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Abstract. On the basal planes of stearic acid crystals, grown from solution, 
growth spirals observed by optical and phase contrast microscopic techniques 
are reported. ‘These growth spirals are in accordance with the theory of Burton, 
Cabrera and Frank. For the measurement of spiral step-heights multiple-beam 
interference methods were used, including a modified multiple-beam interference 
method, which is described. ‘The minimum step-height found was 46-3 + 0-84, 
which agrees with the x-ray repeat unit. In addition, step-heights which were 
integral, as well as half integral, multiples of this unit were found. By inter- 
ferometric methods the refractive index was found to be 1:42 + 0-04 and for the 
two types of crystal rhomb observed the birefringence for directions of vibration 
parallel to the ‘a’ and ‘b’ axes was approximately 0-018 and 0-015 respectively 
for A=5461 A. 


§ 1. INTRODUCTION 
Se Burton, Cabrera and Frank (1949, 1951) proposed a screw 


dislocation mechanism for the growth of crystals from vapour, 

observations of the related growth spirals have been reported on 
several ionic, homopolar, molecular and metallic crystals. Among these 
observations measurements of growth spirals with step-heights equal to a 
parameter of the x-ray unit cell have been reported on beryl (Griffin 1950), 
the long chain paraffins (Dawson and Vand 1951, Dawson 1952), silicon carbide 
(Verma 1951a, b, Amelinckx 1951), and haematite crystals (Verma 1952). On 
cadmium iodide (Forty 1952) all the measured spiral step-heights were found 
to be multiples of the x-ray unit, whilst on other crystals, e.g. gold (Amelinckx 
1952), the existence of dislocations of multiple strength has been inferred from 
the visibility of the steps. ‘The only crystal upon which dislocations of both 
unit and multiple strength have been measured is silicon carbide. 

In previous observations upon the growth of long chain organic molecules 
only an electron microscopic technique has been applied. The spiral step-heights 
were found to be only equal to the x-ray unit. In the present study upon the 
growth of crystals of the long chain molecule stearic acid [CH,(CH,),,COOH], 
optical and interferometric techniques have been applied. A preliminary account 
has already been given elsewhere (Reynolds and Verma 1953). The following 
is a detailed account, in part I of the growth properties, and in part II of the 
optical properties, of small, nearly perfect crystals. 
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Part I 
§2. PREPARATION OF STEARIC ACID CRYSTALS 


The crystals were grown from a dilute benzene solution of stearic acid 
(B.D.H. pure laboratory reagent, concentration 0-3°% by weight). ‘Thin crystal 
plates formed if a small drop of this solution was placed upon a cooled glass 
flat and the rate of evaporation suitably restricted by enclosing it. At higher 
rates of evaporation dendritic chains of small crystals were obtained, whilst if 
the droplet evaporated rapidly from a warmed glass plate, features resembling 
circular spirals were obtained (fig. 1)*. An examination of a line section across 
these features by the dark slit profile microscope (Tolansky 1952) has shown that 
the edges of the ‘circular spirals’ are ridges of material, and that the surface 
between successive turns of the spiral is not plane, but has an appreciable 
curvature. ‘These are, therefore, ‘evaporation figures’, and are to be distinguished 
from growth spirals. 

When the crystals were grown upon a silvered glass surface for interfero- 
metric examination it was found that the solvent, benzene, did not appreciably 
increase the absorption of the silver layer. 


§3. CRYSTAL STRUCTURE 


Stearic acid is polymorphic (Piper, Malkin and Austin 1926) and forms 
monoclinic prismatic crystals. ‘The crystal molecule has a chain of carbon 
atoms arranged in a zigzag manner, the number of carbon atoms in this chain 
being equal to that in the chemical molecule. ‘The chain axes all lie in the 
symmetry plane (ac plane), parallel to the c-axis and inclined to the basal plane 
(ab plane) at an angle 8. Muller (1927) reported one form with lattice parameters 
a=5°546A, b=7-381A, c=48-84A, B=063°38' so that csin8=43-76A. Other 
forms have been reported with the longer layer spacings equal to 46-6 A, 43-75 A, 
39-75 A (Francis, Collins and Piper 1937), 41:-5A (Thibaud and Dupré la ‘Tour 
1930). 


$4. Microscopic OBSERVATIONS OF GROWTH FEATURES 


For the observation of growth features the crystals were silvered by thermal 
evaporation under high vacuum, and examined with bright field illumination, 
or with a positive phase contrast equipment. All the growth spirals were 
observed on the basal planes of the crystals, but there were many crystals upon 
which there was no evidence of any surface structure. Numerous examples of 
growth features originating from one and a larger number of screw dislocations 
were observed, including the interaction of their growth fronts (e.g. formation 
of closed loops in fig. 7). ‘Their behaviour is similar to features already reported 
on other crystals, therefore observations were concentrated upon growth features 
which are peculiar to stearic acid. 

The observed growth spirals could be divided into two types, firstly, 
rectilinear spirals having the symmetry of the crystal face and secondly 
curvilinear spirals. 

Figure 2 shows a spiral of the first type. In such a rectilinear spiral the 
growth edge is parallel to the edges of the crystal plate which correspond to the 
close-packed [110] directions. ‘This is shown diagrammatically in fig. 3, which 


* Kor figs. 1, 2, 4, 5, 6, 7, 8 see Plate. 
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represents the projection of a layer of long chain molecules on the (ab) plane 
(neglecting the inclination 8). Figure 4is another example. In fig. 2 the successive 
turns of the growth edge are more widely spaced towards the centre yet remain 
parallel to the edges of the crystal plate. ‘This indicates that the last phase of 
growth occurred under lower supersaturation or at a higher temperature. The 
final section of the growth edge is almost parallel to the a-axis, which after the 
[110] is the next most close-packed direction. It is probable, therefore, that 
some movement of the dislocation occurred after growth had ceased. 

In the second type of spiral the obtuse, and also sometimes the acute, angle 
between the growth edges became rounded, giving the spiral a ‘leat’ shape. 
Opposite diagonals of these spirals were not generally collinear but were inclined 
at an angle usually less than 10° (see fig. 5). Numerous growth spirals were 
observed in which the spiral step-edges were not only curved but also inclined 
at a fairly large angle to the boundary of the crystal plate, which indicates that 
although growth spirals may take the symmetry of the crystal face, they do not 
necessarily control it. 
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A characteristic feature observed on these crystals was that the growth edges 
on opposite sides of the spiral with respect to the b-axis (bisectrix of acute angle 
of rhomb) were dissimilar; on one side the edges were generally regular and 
smooth, whilst on the other side they were irregular, as illustrated in fig. 5. This 
effect is understandable since the axes of the long chain molecules are inclined 
at an angle to the basal plane and the a-axis, so that in one half of the crystal 
with respect to tne b-axis the exposed molecular ledge makes an acute angle with 
the basal plane, whilst in the other half of the crystal this angle becomes obtuse. 
The van der Waals binding forces between neighbouring chains are therefore 
not the same for every growth edge in the [110] directions, and preferential 
etch may occur. 

The visibility of the multimolecular steps on stearic acid was markedly less 
than that of steps of similar heights on silicon-carbide crystals, in which the edges 
are very much more regular. 


| 
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In almost every case it was observed that the point of emergence of the 
dislocation was at the centre of the crystal plate; this is to be expected in an 
isolated single crystal since a dislocation line is effectively under tension (Frank 
1949). ‘The point of emergence of the dislocation was occasionally marked by 
a regular dot which is probably due to the nucleation of the crystal by an impurity. 

The existence of oriented overgrowth on certain crystal plates was also 
established. 

§5. INTERFEROMETRIC METHODS 
(i) Multiple-Beam Fizeau Fringes 

An external optical flat could only:be used with a few of the larger crystals 
on which the growth steps could be clearly resolved at magnifications less than 
x 200. Using multiple-beam Fizeau fringes (Tolansky 1948), it was convenient 
to adjust the tilt of the silvered optical flat until the fringes contoured the edges 
of the growth spiral. Assuming that the steps were all of equal height h, the 
step-height is then given by 

R= An, SD 0 ee et ee (1) 
where A is the wavelength of the monochromatic light, and m, (not necessarily 
integral) the number of growth steps between the intensity peaks of two 
successive fringes. Entry 1 in table 1 is an example of the application of this 
method, and is the most accurate value obtained in this study. 

Since the crystals were usually small it was necessary to examine them at 
higher magnifications. A thin film technique (‘Tolansky and Omar 1952) was 
therefore used which indicated that certain step-heights were multiples of the 
X-ray repeat unit. 

(1) Multiple-Beam Internal Interference Fringes 

For a more accurate determination of step-height interference fringes formed 
by internal reflection between the two surfaces of the crystal were used. Forty 
(1952) has used the two-beam internal interference fringes for Cdl, crystals. 
This method has been improved utilizing multiple-beam fringes by silvering 
opposite faces of the crystal, a method similar to that used by ‘Tolansky (1948) 
for mica. ‘Therefore the crystals of stearic acid were grown on a silvered optical 
flat (A/40), and their upper surfaces were also silvered. It was found that the 
crystal surface in contact with the flat did not generally acquire any growth 
features, and spirals only developed on the exposed surface; only such crystals 
were selected for the measurement of step-height. ‘The Fizeau fringes formed 
between the flat base and ‘vicinal faces’ of any growth pyramids contour the 
growth steps and, if these fringes are sufficiently sharp, appear double, due to 
the birefringence of the crystal (see fig. 6), a feature which cannot be seen in 
two-beam fringes. Formula (1) now becomes 

A ee OE ace us (2) 
where m, is the number of steps between any two successive fringes having the 
same plane of vibration, and w is the corresponding refractive index for light 
of wavelength \. Since the peak of the Fizeau fringe may not occur on a step 
along a selected radial line x, will not necessarily be integral. It is then necessary 
to add to (or subtract from) the integral number of steps between two successive 
fringes a small fraction, as done by Forty (1952), However, multiple-beam 
fringes have shown that the surface of the stearic acid crystal is not perfect to 
within a few angstroms. 
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$6, DISCUSSION OF THE MEASURED STEP-HEIGHTS 


A large number of measurements of step-heights have been made ; of these 
the most accurate and important ones are given in table 1. Many higher steps 
have been measured, but in these cases, for step-heights greater than four times the 
X-ray repeat unit, the error in neglecting the fractional part of ny iS greater than 
10°, and it cannot be established whether these steps are an integral multiple 
of a unit. 


Table 1 
n yb h (A) ab Multiple Remarks 
TSS = 77 = 607 1-0 46:3+0°8 _- 1 x 46:3 Air film 
DB Bip SAO let? 65:2+0°9 74° 14x« (43-5+0-6) 
2 x (49-341:°2) 
24 x (39-54 1) 
Sec (S294 0-8) 
3 19" <20 1-42 98°74 2-5 74° 2 x (46:5+4) 
A382 = 27338 1642 i Se 2 74° 24x (47-241) Fig. 4 
3 3923+ 1) 
S&S) Dae Sal alee 133 se 3 — 3 x (44-341) Air film 
Ome Oa 1 42 Ns seY 74° 4 «(45-74 2-3) 
vi 196 = 4 x49; 4443-6 Fringes of equal 
eo) chromatic order 


The step-heights in table 1 may be divided into three types: (i) those equal 
to the x-ray unit, (ii) a multiple, and (iii) an odd half-integral multiple of this 
unit. 

The occurrence of step-heights equal to an integral multiple (including 
unity) of the x-ray repeat unit are readily understood as follows: in stearic acid 
there is an active carboxyl group at the end of the molecular chain which results 
in the association of the molecules in pairs and gives rise to a double-layer crystal 
structure as shown: 
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Although the binding forces between the carbon atoms in a chain are homopolar, 
the parallel chains are bound laterally by relatively. weak van der Waals forces. 
Dislocations of integral multiple strength are therefore readily created by the 
slipping of long chain molecules past one another. 

The most interesting step-heights are entries 2, 3, 4, and 7 in table 1, which 
may be interpreted either as integral multiples of different polymorphs or as 
half-integral multiples of a known x-ray unit. But in entry 2 the step-height is 


(65-2 + 0-9) A=14(43-5 + 0-6) A =2(32-6 + 0-45) A. 


No polymorph of stearic acid with long layer spacing equal to 32:6A is known, 
and it is unlikely for a fatty acid with carbon content Cys. Furthermore it has 
been observed that stearic acid crystals grown from benzene always had the 
long layer spacing of 43-75 A (Francis, Collins and Piper 1937), which therefore 
supports the conclusion that the step-heights are odd half-integral multiples of 
the x-ray unit. It may be interpreted, then, that under certain circumstances 
single molecules can occur without pairing, but so far no step-height equal to 
half the x-ray unit has been found. 


Interferometric Studies of the Growth of Stearic Acid Crystals 419 


Part II 
§7. OpTIcAL PROPERTIES 

Stearic acid, which is monoclinic, will be expected to be an optically biaxial 
crystal. Of the three directions of vibration of the optical ellipsoid, one coincides 
with the symmetry axis 4, the other two lying in the symmetry plane ac (Thibaud 
and Dupré la Tour 1930). When examined between crossed nicols, the rhomb- 
shaped crystals show mutually perpendicular extinction directions. 

The refractive index of a small crystal (size ~200) has been determined 
interferometrically: comparing eqns. (1) and (2), .=m,/m,. In one growth 
feature (entry 1 in table 1) it was found 59<n,<60 and the corresponding 
internal interference fringes gave 41 <n, <42, from which = 1-42 + 0-04. 

Two types of crystal rhombs of stearic acid were observed: (i) with the 
acute angle % between [110] and [110] measured in the (001) plane equal to 74°, 
and (ii) with this acute angle ¢ equal to 56° (fig. 7) These crystals differ in their 
optical properties. 

(i) £=74°. 

The refractive index for a vibration parallel to the b-axis (called y,) is less 
than 4,. This is concluded from the doubled Fizeau fringes (fig. 6) in which 
the 6 vibration corresponds to the component nearer to the centre of the growth 
hill, and hence to a larger interferometric gap and a smaller refractive index. 
It is confirmed by fringes of equal chromatic order in which the vibration parallel 
to 6 (marked as 6 in fig. 8) is the component which is towards the shorter wave- 
length end of the spectrum. ‘This is to be expected since the 6 vibration is 
perpendicular to the chain length, and should therefore give the minimum 
refractive index. 

fay a 90 

In contrast to the above, the refractive index for the vibrations parallel to 
the acute bisectrix is greater than for the vibration perpendicular to it. 

The birefringence dy is obtained directly from the fringes of equal chromatic 
order and, as shown by Tolansky (1948), is given by du/u=dd/d, where dA is the 
wavelength separation between the two components of the same order. In 
table 2 the fractional birefringence dA/A (for the shorter wavelength vibration) 
and an approximate value of the birefringence du is given for the two types of 
crystal. It was assumed that p = 1-42. 


Table 2 

Crystal type A (A) dX/X du 
5703 0-013 00185 

5614 0-014 0-020 
=74° 5548 0-013 0:0185 
4700 0-015 0-021 
L 4543 0-013 00185 

56° JS 5870 0-010 0-014 
= Y 4425 0-011 0-016 


It can be calculated from the fringes of equal chromatic order shown in fig. 8 
that the thickness of the crystal is of the order of five wavelengths of green light, 
and in a few cases we have measured the birefringence of even thinner crystals, 
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but then the fringe width in terms of wavelengths is increased, so that the accuracy 
decreases. It is interesting to compare these values of birefringence with the 
value of 1-535 —1-510=0-025 reported by Thibaud and Dupré la ‘Tour (1930). 


§ 8. CONCLUSION 


It is shown that stearic acid crystals can grow in the form of a spiral originating 
from a screw dislocation. Multiple-beam interference techniques have been 
applied which show that the spiral step-heights are equal to integral or half- 
integral multiples of the x-ray repeat unit, within the limits of experimental 
error. ‘These interferometric techniques have also given the refractive index 
and birefringence of crystals having a thickness of only a few wavelengths of 
light. 
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RESEARCH NOTES 


Direct Measurement of the Specific Heat at Constant Volume of 
Pentane and Alcohol 


By M. O. BRYANT anp G. O. JONES 
Department of Physics, Queen Mary College, University of London 


MS. received 30th January 1953 


o direct measurements of c, appear to have been made for liquids other 

than the liquefied “permanent gases’, because of the difficulty of con- 

taining them at constant volume. Instead, measurements are usually 
made of c,, and c, calculated through the equation c,—c,=TVa?/«, where 
z and « are the expansivity and compressibility respectively. Since c, is normally 
measured only at 1 atm pressure this gives only values of c, at 1 atm, and it is 
necessary to use, say, (dc,/0V),= T(0"p/0T*), in order to obtain a true c,. The 
application of these formulae requires a full knowledge of the equation of state 
data. In liquids, where c,/c, may be 1-5 or greater, the use of existing state 
data in this way is quite inadequate to determine whether there is any significant 
difference in form between the curves of Cy and c, against temperature—apart 
from their relative displacement. 

We have re-examined the question of making accurate direct measurements 
of the quantity c, because of its importance in statistical-mechanical theories. 
With a suitably designed calorimeter the actual thermal expansion of the liquid 
contained may be reduced at least to 5-10% of that corresponding to its 
expansivity at 1 atm, so that c, as measured will be systematically high by 
only 2-3°%. A correction for this may safely be applied even if « is known only 
approximately, a 10% error in x leading to one of only 0:5% in c,. Also, 
because x/« does not vary greatly from one liquid to another at corresponding 
temperatures, an accuracy of about 1% in c, would be possible if only « had 
been independently measured. 

Two liquids for which state data exist—n-pentane and ethyl alcohol (Bridg- 
man 1913, Seitz and Lechner 1916)—have been investigated, using a thick-walled 
steel calorimeter surrounded by a radiation shield and contained in a vacuum 
chamber. Escape of liquid during measurements could be prevented by cooling 
the tube communicating with the calorimeter to a temperature below the freezing 
point of the liquid, after completely filling the calorimeter and tube. The 
quantity of liquid contained could be varied by releasing this ‘ freezing-valve ’ 
at differing temperatures after filling at a given temperature. ‘lhe measurements 
of heat capacity were estimated to be accurate to about 0:25%, but because of 
the large heat capacity of the calorimeter itself—5 to 6 times that of the liquid 
contained—the final accuracy in c, is estimated as about 1°% at the lowest and 
2%, at the highest temperatures. ‘I'he experimental uncertainty was here greater 
than that introduced by the necessity for the correction mentioned above, so that 
a somewhat lighter calorimeter could in fact have been used, 
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For both liquids c, and c, at 1 atm were measured over a range of about 
100 centigrade degrees immediately above the freezing point, and for alcohol 
values of a true c, were determined up to about 750 atm at the specific volume 
corresponding to a temperature just above the freezing point (figs. 1 and 2). 
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Fig. 1. Specific heats of liquid n-pentane. 
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Fig. 2. Specific heats of liquid ethyl alcohol. 


The results for ¢c, are in good agreement with those obtained in the careful 
measurements of Kelly (1929) and Parks and Huffman (1929, 1930) in spite 
of the much larger relative thermal capacity of the calorimeter in our experiments. 
The results for c, are in fair agreement with those calculated from the values of 
c, and the state data, and it will be seen that c, increases with pressure, a result 
which could not have been certainly predicted from the somewhat conflicting 
state data at the higher pressures. 

The direct method applied in this way appears to us to be quite suitable for 
the measurement of c, for liquids, We have considered the possibility of 
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introducing a solid inclusion having high expansivity into the calorimeter in 
order to reduce the expansion of the liquid to zero. The addition to the heat 
capacity which this would entail would, however, cause greater uncertainty in 
the final estimate of c,, even in the most favourable case, than that introduced 
by the correction for expansion made as indicated above. We have considered 
also the possibility of making direct measurements of c, for solids by the intro- 
duction of a suitable second inclusion and of a very small quantity of liquid 
for the transmission of pressure. In the most favourable cases the actual 
expansion cannot be reduced below about half that corresponding to the expan- 
sivity at 1 atm, so we conclude that such measurements are impracticable. 

We are glad to acknowledge the encouragement and help of Professor 
H. R. Robinson, and the loan of apparatus by Imperial Chemical Industries Ltd. 


REFERENCES 


Bripcman, P. W., 1913, Proc. Amer. Acad., 49, 1. 

KELLy, K. K., 1929, #. Amer. Chem. Soc., 51, 779. 

Parks, G. S., and Hurrman, H. M., 1929, 7. Phys. Chem., 31, 1842; 1930, ¥. Amer. Chem. 
Soc., 52, 4381. 

SEITz, W., and LECHNER, G., 1916, Ann. Phys., Lpz., 49, 93. 


Application of the Thermodynamics of Irreversible Processes to the 
Theory of the Magnetron 


Byte LEN DDAY AND G..D..oIMS 
Research Laboratories, The General Electric Co., Ltd., Wembley 


MS. received 11th December 1952 


of reversible processes (or rather thermostatics if we accept de Groot’s 

definition) has been applied to the problem of thermionic valve operation. 
However, by its very definition, the thermodynamics of reversible processes can 
only be applied to systems in thermal equilibrium, i.e. characterized by a stationary 
value of entropy. In the case of magnetrons, this corresponds to zero current 
from the cathode to the anode of the valve leaving out completely the whole field 
of current conduction and oscillations. 

It seems that the relatively new ‘ thermodynamics of irreversible processes ’ 
as proposed by Onsager (1931), Casimir (1945) and Callen (1948) and finally 
described by de Groot (1951) would provide a sound theoretical foundation, 
of a very broad nature, on which to build a satisfactory theory of magnetron 
conduction and oscillations. 

Briefly, two fundamental features of the thermodynamics of irreversible 
processes make it singularly suitable for an application to the magnetron problem : 
(i) Onsager’s proof that the laws governing the irreversible processes of thermo- 
dynamics can be logically derived from the reversibility of microscopical pheno- 
mena, which in itself provides a very good basis for extending the techniques of 
statistical mechanics to the problem of conduction and oscillation in thermionic 
valves, and (ii) the fact that the macroscopic equations describing the systems 
under consideration go beyond the normal field of thermal equilibrium and 


A T least twice in the past (Richardson 1921, Gabor 1945), the thermodynamics 
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cover the field of physical and chemical phenomena in which the entropy 
of the system does not remain constant (see Callen 1948, Sommerfeld and 
Frank 1931, de Groot 1951, p. 195ff. for some limiting cases). This again is 
very important in the field of thermionic valves, where in the past no such pheno- 
mena would have been considered from the thermodynamic point of view. 

The broad character and power of the thermodynamic approach can be seen 
best from two examples. In the first case still using the old thermodynamics of 
reversible processes it is possible to show (Meixner 1942, de Groot 1951) that in 
an ideally cut-off magnetron (a macroscopically reversible system) the electron 
cloud must rotate as a solid mass round the cathode with constant angular 
velocity (Brillouin single stream solution), and secondly (de Groot 1951, p. 47ff.) 
using the new thermodynamics of irreversible processes it is possible to prove 
quite generally that the principle of reciprocity holds for arbitrary passive electrical 
networks. 

The specification of the magnetron as a system which could be treated by the 
methods of the thermodynamics of irreversible processes requires some consider- 
ation of what is meant by temperature inside the valve. It seems best to define 
temperature in this case after Chapman and Cowling (1952, p. 37) by the relation 


T =(m/3k)(v — 0)? 


where wv is the mean electron velocity, v the actual velocity, R Boltzmann’s 
constant and m the mass of an electron. ‘The averages are taken in this case over 
all existing electron velocities likely to occur at a given point in space. ‘This 
temperature will be a continuously changing function throughout the electron 
cloud, whatever the electrical boundary conditions (cf. Hines 1951) and the various 
interaction effects between temperature and the normal electron flow within the 
valve will have an important bearing on the noise characteristics (see, for example, 
Cutler and Quate 1950). 

With this in mind then (de Groot 1951, Callen 1948) we could set up 
equations of the form 


J, Ly, Ly. Ty; Ty, Xx, 
J; = Ly. Lye Ly, Liq X, (1) 
ee Ly3 — Ly, Ty, Ly. X; amas > 


J; 2 ‘ 
baie 2, ee eae Be 


where J, and J, are components of the particle current density —J, and J, andJ, 
are components of the heat current density @. X, and X, are components of 
the electric field (1/7') grad (e¢) and X, and _X, are components of the temperature 
gradient grad (1/7') while the L,, are constant coefficients. The ‘ forces’ and 
‘ fluxes ’ have been suitably chosen to obey the general equation for the generation 
of entropy (de Groot 1951) . 


d(AS)/dt = grad (1/T).Q-—(1/T) graded. 3... (2) 
while in addition full use has been made of the Onsager reciprocal relations 
Lig B) = Lia Bs eee i ee ee (3) 


where B is the magnetic field. 

Equations 1 and 3 are very important as they should allow us to draw quite 
general conclusions about the coefficients L,; without having to solve the compli- 
cated equations for ¢ and T, 


ee ee a! ne” Pet 
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Finally the properties of the observed noise in thermionic valves or for that 
matter in any other thermodynamic system, are strictly determined by the laws 
of irreversible thermodynamics. ‘The usual Nyquist relation occurs as a special 
case of a theorem due to Callen and Welton (1951) and later expanded by Callen 
and Greene (1952), which, particularized for the case in question, states that 
the mean square noise voltage V* is given by 


r= (ar (ta) 


where Y(w) is the admittance of the system, the spectral density being given by 


AGI Ages) 


It is of interest to note that no reactive terms appear in any of these 
expressions. 
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The Dependence of the Dielectric Strength of 
Pure Liquids on Cathode Material 


By T. J. LEWIS 
Queen Mary College, University of London 
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liquids (Dornte 1939, Edwards 1951, Salvage 1951 for example) have shown 
that the strength is of the order of 10° v/cm for most of these liquids. In 
such average fields it has been considered likely that field emission of electrons 
from the cathode occurs, since the fields there may be several times greater 
than the average value due to surface irregularities, space charge formation, 


[isnt ore of the dielectric strength of simple highly purified organic 


and the effective lowering of the energy barrier by the presence of the dielectric 


liquid (Le Page and Du Bridge 1940). If, as seems plausible, such emission 
in adequate amounts initiates the breakdown process, then it might be expected 
that the dielectric strength would depend on the nature of the cathode surface 


and in particular on its work function. 


PROC. PHYS. SOC. LXVI, 5—B 2E 
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Results in general however (e.g. Sorge 1924, Kronig and Van de Vooren 
1942, Salvage 1951) show a rather irregular dependence on the cathode material. 
The present author (Lewis 1953) using spherical electrodes, producing uniform 
fields, in pure n-hexane found the strength to be practically independent of the 
metal of the cathode. It must be remembered of course that surface contamina- 
tions of various sorts may mask the true effect. There is, however, apart from 
unknown surface conditions, a further factor to be considered in the breakdown 
of the liquid which may serve to obscure any cathode dependence. Even if it 
is assumed that the fields just prior to breakdown are enough to produce a 
sufficient supply of electrons from the cathode, there will need to be a further 
process of electron multiplication in the bulk of the liquid in such a way that 
breakdown ensues in a catastrophic manner. 

The principal requirement of this latter process is likely to be ionization 
of the liquid molecules themselves by electrons of sufficient energy. This 
requires the setting up of a field in the liquid such that electrons, in spite of 
retarding collisions with the liquid molecules, may accelerate and acquire 
ionizing energies. A possible mechanism by which the electrons lose energy 
in a liquid has been outlined by von Hippel (1937). 

Thus with this picture the dielectric strength will be determined by both 
factors: a cathode field sufficient for electron emission and a field in the bulk of 
the liquid to produce adequate ionization. 

Experimental evidence suggests that these two fields are of the same order of 
magnitude in most pure insulating liquids. If, for a particular liquid and elec- 
trode configuration, the field in the liquid required te promote ionization is such 
that the corresponding cathode field is producing a copious emission of electrons 
then, assuming the argument above, it 1s likely that little dependence on cathode 
material will be found. The breakdown is then influenced mainly by the 
characteristics of the liquid. On the other hand, cathode dependence might be 
expected if the ionization field in the liquid is lower, and the process of break- 
down determined by the cathode emission reaching suitable proportions. 

The normal measurement of the dielectric strength of very pure liquids 
using spherical electrodes giving uniform fields may show no consistent depen- 
dence on the cathode work function because the arrangement tends to give 
conditions in the first category. ‘The position is different if a non-uniform 
field, produced by a point—plane electrode arrangement is used. For such a 
, system the field at the point is well in excess of that at the plane, provided the 
point radius is small enough, and the non-uniformity increases as the gap 
increases. Such a non-uniform field is likely to produce a polarity effect 
resulting in different breakdown voltages for a negative plane and a negative 
point. ‘I'wo main reasons might be suggested for this. 

Firstly the mechanism suggested above would be likely to produce the effect. 
If the plane is made the cathode, then the field there will tend to be lower than in 
the liquid and the latter will be overstressed before the cathode emission 
becomes sufficient, i.e. a cathode dependence might be expected. With the 
point negative, copious emission is very probable before the field in the bulk of 
the liquid is great enough for breakdown, and in this case the breakdown is 
largely governed by the liquid itself. 

A second possibility will be concerned essentially with ionization processes 
in the bulk of the liquid itself. Since positive ions have low mobilities and are 
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inefficient ionizing agents compared with electrons, there would be a difference 
between the breakdown processes occurring when the point is positive and when 
itis negative. In air, it has been shown (Allibone and Meek 1938) that breakdown 
occurs at higher voltage when the point rather than the plane is negative and it 
would be plausible to consider that the conditions would be similar in a liquid. 

The author has investigated the behaviour suggested above, using a point— 
plane electrode configuration of various metals in liquid n-hexane. The elec- 
trodes, free of grease and surface scratches, were placed in a cell into which the 
carefully dried and filtered liquid was then distilled. Dielectric strength 
measurements were made using direct voltage. The technique of measurement 
and the various cleaning processes have been described elsewhere (Lewis 1953). 

The figure shows the breakdown strength as a function of gap width for the 
various electrodes tested; the coefficient of variation of results for any one test 
was about 1% and individual curves could be reproduced to within 2%. In each 
case the radius of the point was approximately 6-5 x 10-3 cm. 


F Negative Plane 


Breakdown Voltage (kv) 
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Gap (107?.cm) 
Breakdown voltage of point—plane electrodes in n-hexane. 
(1) Al point and plane. (3) Cr point and plane. 
(2) Cu point and plane. (4) Al point and Cr plane. 


(5) Cr point and Al plane. 


The dependence on cathode material is slight when the point is negative, 
but when the plane is negative a marked dependence is found, especially at the 
larger gaps, and suggests that the material of higher work function gives a higher 
breakdown voltage. For the smaller and therefore more uniform gaps, the 
difference begins to disappear. ‘The negative plane curves lie above those for 
the negative point which is to be expected for a process initiated at the cathode. 
The evidence given by the measurements using a cathode and an anode of 
different materials (see figure) further indicates this and shows that the anode 
material plays little part in the breakdown process. 

Approximate calculations for a gap of 5 x 10~* cm show that for aluminium 
and chromium electrodes the field strengths at breakdown are as shown in the 
table. These figures, in spite of the difficulty of measuring the radius of the 
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point and of knowing the tield distortions occurring near the point, do indicate 
that with the plane negative the liquid is stressed to much higher values than those 
occurring with negative point breakdown long before the breakdown field is 
reached. Breakdown does not occur under these higher stresses presumably 
because of the dearth of electrons from the plane cathode. 

It is suggested that the results obtained previously with uniform fields 
(Lewis 1953) correspond roughly to the present negative point breakdown where 
cathode dependence is slight. It seems possible therefore that a strong corre- 
lation between dielectric breakdown voltage and cathode material will be found 
only in suitable non-uniform fields or perhaps in liquids having a comparatively 
low dielectric strength. 


Table 
Field at plane (mv/cm) Field at point (mv/cm) 
Al Cr, Al (Gir 
Plane Negative 0-92 eal 1:85 224 
Point Negative 0-74 0:75 1-49 51 
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LETTERS TO THE EDITOR 
Some Properties of Silicon Point-Contact Transistors 


A serious disadvantage of the germanium transistor is the rapid deterioration 
of its performance characteristics with rise in temperature. The forbidden 
energy gap width of silicon is considerably greater than that of germanium and 
theoretical considerations show that transistors made with suitable silicon crystals 
should operate satisfactorily at temperatures higher than those at which a 
germanium transistor normally fails, i.e. 60-70°c. This has now been confirmed 
experimentally with silicon point-contact transistors using high back voltage 
p-type silicon of resistivity 140 ohm cm. (The silicon specimen was supplied 
by the General Electric Company, Wembley.) 

The best transistor action was obtained after etching the silicon surface with 
a CP-4 mixture (Haynes and Shockley 1951). Phosphor bronze or tungsten 
probes with a separation of some 0-002in. were employed and neither the 
emitter nor collector contacts were subjected to any forming processes. ‘The 
performance characteristics (Shockley 1950) of a typical transistor made with 
this high resistivity silicon are as follows: maximum power gain available 8 
maximum voltage gain 10, current gain 1-8. However, transistors have been 
obtained whose performance figures were considerably better than those quoted. 
Preliminary investigations show that the frequency response does not differ 
appreciably from that typical of the germanium transistor. 

The behaviour of the present silicon transistors has been studied as a function 
of temperature. The voltage gain at a given operating point decreases to 50% 
of its room temperature value at about 90°c and to 20% at 150°c. ‘The current 
gain remains substantially unaltered over this temperature range, the cycle 
being reversible. Thus, transistor action still obtains in these specimens at 
elevated temperatures. 

The performance at room temperature of the present silicon transistors is 
clearly inferior to that of the best germanium point contact transistors. However, 
their ability to operate at high ambient temperatures should prove of practical 
importance in many circuit applications. 

A fuller report of this work will appear elsewhere. 

The authors are indebted to the Chief Scientist, Ministry of Supply, and to 
the Controller, H.M. Stationery Office for permission to publish this letter. 


‘Telecommunications Research Establishment, J. W. GRANVILLE. 
Great Malvern, Worcestershire. W. BARDSLEY. 
25th February 1953. 
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The Influence of Mobility Variation in High Fields on the 
Diffusion Theory of Rectifler Barriers 


In the usual form of the diffusion theories of Mott and of Schottky for the 
current flow through potential barriers it is assumed that the drift velocity o of 
the current carriers is linearly related to the electric field E by a constant factor 
pu, the mobility. Since the field in most of the barrier layer usually exceeds 
104 v/em and is often much higher, it is clearly necessary to take into account 
the reduction of mobility which can occur in fields of this order. 

Specifically for the case of germanium Shockley (1951) has reported that 
the electron drift velocity for fields above 1000 v/cm ceases to be proportional 
to the field and for fields greater than 3000 v/cm the drift velocity assumes a 
constant value independent of E. 

It is therefore important to examine the implications of a constant drift 
velocity in the diffusion equation for a rectifying contact between a metal and 
n-type germanium. ‘This will be done with the following simplifying assump- 
tions: plane geometry, negligible hole current and the validity of the Einstein 
relation (De=kTy); this latter hypothesis requires experimental investigation 
in high fields. 


The current density from metal to semiconductor is then 


dn dn 
t= eo De. = —nevtkips , 


where n is the electron concentration and the coordinate x is measured from 
the interface into the semiconductor. ‘The drift velocity v is positive here and 
is always in the direction of increasing x. Furthermore if % is the electrostatic 
potential for electrons 
d dn 
O=ph= ie whence J =—nev—kTv—. 
dx dis 
The diffusion equation is now a linear differential equation of the first order 
relating m and ¢% but not the spatial coordinate x. This may be integrated in the 


usual fashion, taking as the boundary conditions 


at x=0, n=M, =p at the interface 
at x=b, n=, =y, at the end of the barrier layer 


with m/n,= exp(—e¢/RT), where ¢ is the effective barrier height and 
o—}1=¢—V; V is the applied voltage, taken as positive when the metal is 
positive (forward direction). 

Within the framework of the initial assumptions the current density is 
found, without approximation, to have the form associated with a Mott layer : 

exp(eV/RT)—1 
T= exp {e(V— SRT} 
but this involves no specific assumption about the distribution of ions in the barrier, 
1.€. about the spatial variation of the potential x. 

For reverse voltages (V <0) the denominator may be taken as unity and the 
current density assumes the usual ideal form. As the reverse voltage is increased 
the saturation current density (—m)ev) increases due to the enhancement of my 
arising from lowering of the barrier by image force, from the Zener effect and 
from heating, and also due to electrons tunnelling through the barrier. 


J =n, ev 
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Since the limiting drift velocity v is for germanium not greatly different from 
the thermal velocity of the electrons there is in this case no significant difference 
in the predictions of the diffusion and diode theories of rectification. 

The work described above was carried out as part of the programme of the 
Radio Research Board, and this note is published by permission of the Depart- 
ment of Scientific and Industrial Research. 


Radio Research Station, R. E. BurGEss. 
Slough, Bucks. 
10th February 1953. 


SHOCKLEY, W., 1951, Bell Syst. Tech. 7., 30, 990. 


A Note on Secondary Processes in a Low-Frequency 
Electrodeless Discharge 


The mechanism for the production of pulses in a low-frequency electrodeless 
discharge has been well developed recently by Harries and von Engel (1951) 
and others (Deb and Ghosh 1948). Detailed studies of the nature and occurrence 
of these pulses in iodine vapour discharge at various potentials elucidated 
the various secondary processes responsible for the maintenance of discharge 
under investigation, on which no information existed in the literature. Iodine 
vapour was excited in cylindrical glass vessels, by 50 c/s potentials fed to 
external sleeve electrodes; the current structure was investigated by a cathode- 
ray oscillograph. When the applied voltage V was just equal to the voltage, 
V,,, sufficient to cause a self-maintained discharge, pulses which were longer 
than, and distinct from, those to be reported below were noticed on an otherwise 
smooth sinusoidal current trace (fig. 1(a)). These longer pulses (i) were 
attributed (Saxena and Ramaiah 1952) to avalanches created by electrons 
released from the (instantaneous) cathode by well-known y and 1)4g mechanisms 
(Loeb 1936, 1939). Increase of V above V,, decreased the number of (1) and 
initiated a different kind of shorter pulses (i1) due to avalanches produced by 
electrons generated by other 8 mechanisms occurring in the gas phase (fig. 1 (d)). 
External irradiation initiated (at V<V,,, in the parasitic or Geiger region 
(Korff 1948)) or increased the number of shorter pulses (ii), while inhibiting 
the longer pulses (Saxena and Ramaiah 1952). When V was increased much 
beyond V,,, (fig. 1(c)), only one of the longer pulses (which persisted over a 
wide range of V) could be observed at the beginning of that phase of the 
alternating potential causing ionization by collision; almost the entire current 
trace was superimposed by (ii). Under these conditions, the authors detected, 
in the latter part of the half cycle (fig. 1 (c)), a third type of pulse (111) of roughly 
the same height as (i); this, as far as the authors are aware, has not been 
reported before. It may be mentioned that (i) and (ii) occurred regularly one 
after another, while pulses of type (ili) were interposed among (ii). Further, 
external irradiation had no effect on (iii); the origin of these pulses (ili) needs 
further consideration. 

The favourable’ influence of enhanced V on the production of the shorter 
pulses (ii) indicated that, in contrast to a d.c. discharge in non-heterogeneous 
gases (Loeb 1936), photo-ionization in the gas phase was a significant mechanism 
for the maintenance of a low-frequency electrodeless discharge, for the inception 
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of which, it would appear, the y and 76g processes played an important role. 
That is, the photons produced in the primary electron avalanches created by 
these last mechanisms are absorbed by gas particles to yield electrons which 
give rise to further avalanches. This photo-ionization in the gas phase appeared 
to be inappreciable at low V near V,, and marked at enhanced JV. The 
inhibitive action of large fields on the longer pulses or on the mechanisms 


—_— (a) 


Fig. 1. Oscillograms representing the current structure of a low-frequency electrodeless 
discharge in iodine vapour at (a) 0-9, (b) 2-4 and (c) 7:2 kv (50 c/s). 


responsible for them is a characteristic of the present type of discharge, and 
follows from a suggestion due to one of us (Ramaiah 1951) that enhanced ionic 
bombardment on the electrode walls causes dissociation of surface adsorbed 
molecules to yield atoms and/or radicals which capture the ‘ secondary’ 
electrons [contributed by those deposited in the preceding half cycle and 
remaining unneutralized on account of the dielectric nature of glass (Ramaiah 
and ‘Tiwari 1952)| to be released by y and 6g processes and responsible for (i). 


Physics Department, O. P. DocrRa. 
Vaish College, Bhivani. 

Faculty of Science, M. G. BHATAWDEKAR. 
University of Delhi, India. N. A. RaMaIAH. 


27th December 1952. 
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REVIEWS OF BOOKS 


The Scientific Work of René Descartes (1596-1650), by J. F. Scorr. Pp. 211. 
(London: Taylor and Francis, 1952). 20s. 


Descartes is a significant figure in the history of science because he was one 
of the most gifted and influential of those remarkable men who began the 
process by which science became separated from other kinds of philosophy. 
In his day the scientist was essentially a philosopher, and Descartes recognized 
no division between what we now call his physics on the one hand and his 
metaphysics on the other. The same might be said of his great contemporary 
Galileo, yet today Galileo appears only in histories of science and Descartes 
only in histories of philosophy. It will therefore probably be a surprise to many 
that so much of Descartes’ attention was given to such subjects as optics, 
meteorology, physiology, astronomy and mechanics, to say nothing of 
mathematics in which his contributions to the foundations of coordinate 
geometry are outstanding. 

The explanation of Descartes’ sterility in most of these subjects seems to: 
lie in the view which he held of the functions of reason and observation in 
philosophy. Both Descartes and Galileo were profoundly impressed by the 
importance of pure reason, especially in its most minutely developed form— 
that of pure mathematics—but whereas Galileo used his reason to co-ordinate 
sense observations, and especially those obtained under controlled conditions, 
or experimental observations, Descartes took a poor view of the senses and 
trusted to reason to tell him what they could apprehend only imperfectly. 
As always with such efforts, his conclusions were usually far from the truth. 
His theory of vortices, for example, by which he sought to explain the motions. 
of the heavenly bodies, though for some time a serious rival to the Newtonian 
theory of gravitation, is now a mere curiosity. 

Nevertheless, Descartes has some successes to his credit. Whether he or 
Snell is to be given chief honour for the discovery of the law of refraction of 
light may be doubtful, but there is no question that Descartes’ demonstration 
of the law was the more profound and showed the greater insight into the 
principles involved. He gave the most complete demonstration possible of the 
formation of the rainbow apart from its colours, and he was a pioneer in 
meteorology. ‘Though he did not originate the subject of coordinate geometry, 
his contributions were so vital that he might almost be regarded as its founder. 
And, perhaps most important of all, though of very questionable advantage, 
his sharp division between extended things and thinking things—or matter 
and mind—established the framework in which, even up to the present time, 
scientists have almost automatically placed their problems before beginning to 
examine them. 

All this, and much more, Dr. Scott brings out admirably in the book before 
us. No such thorough and trustworthy account of Descartes’ scientific work 
has previously been available. In each subject a short review of earlier work 
is given, so that Descartes’ contributions appear in their true historical setting. 
Descartes’ philosophical system is also outlined; this is essential to an 
understanding of his work, since he approached all particular problems in the: 
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light of his fundamental metaphysical ideas. We obtain, too, some distinct 
glimpses of Descartes as a man, which do not reveal him as an altogether 
admirable character. He recognized little merit in his contemporaries, and was 
not only eager to disclaim any indebtedness to them but also took pains to 
belittle their achievements. Since they included men like Galileo, Fermat 
and Pascal, we have now no difficulty in assessing the value of his disparagement. 
Nevertheless, Dr. Scott regards his failings as “‘ trivial by the side of his great 
achievements, or the benefits he conferred upon science”. ‘The reader will 
be able to form his own opinion on this matter. HERBERT DINGLE. 


Electronic and Ionic Impact Phenomena, by H. S. W. Massry and E. H. S. BurHop. 
Pp. xviii+ 669. (Oxford: Clarendon Press, 1952.) 70s. 


The subject matter of this book lies at the root of our understanding of 
electrical phenomena in gases. The varied aspects of ionization and electrical 
discharges are only explicable in terms of the dynamical theory of the motions 
of electrons and ions in gases, and the study of discharge phenomena has been, 
and is, an important means of investigating elementary electronic and ionic 
collisional processes. In turn, knowledge thus gained has been of the greatest 
importance in the elucidation of problems of the extra-nuclear structure of the 
atom: this is particularly the case in regard to spectroscopy. Consequently, 
a modern book which gives a comprehensive account of most aspects of impact 
phenomena for particles of comparatively low energies is bound to be welcome. 
It can be said at once that Electronic and Ionic Impact Phenomena by Professor 
H. S. W. Massey and Dr. E. H. S. Burhop has succeeded most excellently in 
doing this, and this work is likely to be the standard reference book on the 
subject for some time to come. 

The mathematical methods and the general theory of collisions has been 
treated previously in The Theory of Atomic Collisions by Mott and Massey 
(a second edition of which, with cross references to the present book, -has 
appeared), and the present book deals with the subject more from the experi- 
mental side, but wherever possible the experimental data are discussed and 
interpreted in terms of the modern theory of collisions. It is not possible 
within the confines of a brief review to deal in detail with such a comprehensive 
volume of nearly 700 pages, but the scope of the treatment can be seen from the 
chapter headings: ‘The passage of electrons through gases, cross section ; 
The experimental analysis of the cross section of the impact of electrons with 
atoms ; Electron collisions with atoms—theoretical description (this is a parti- 
cularly helpful and useful chapter for the experimental physicist); Collisions of 
electrons with molecules ; Reflection and secondary emission from surfaces due 
to electron bombardment ; Electron collisions involving emission of radiation ; 
Collisions under gas kinetic conditions ; The passage of homogeneous electrons 
through gases ; The collision of positive and neutral atoms with surfaces ; 
Recombination. The preparation of a work of this magnitude, involving as it 
does a highly detailed survey of a vast number of published papers, must have 
required considerable time, but by the inclusion of a short appendix with notes 
the authors have been able to include the most recent work on the decay of 
electron density and on the nature of the various ions in discharges. 

The relevant experiments are considered in some detail, and the actual 
results of the various authors are given rather than their conclusions. This 
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procedure is an admirable feature of the book, greatly enhancing its value for 
reference purposes. For example, in discussing the question of ionization of 
gas atoms in collisions with positive ions, the enormous amount of published 
experimental work on this particular aspect is reviewed in some detail in 
Chapter 8, where all the elementary data on cross sections for ionization are 
given. Such an analysis would perhaps be even more valuable to the reader if 
set against the background of a critical assessment of the various experimental 
techniques employed, as there is considerable variation in the published values 
of the cross sections found by different observers ; this is all the more important 
today in view of the work of Horton and Millest in 1946. While on the subject 
of positive ions, it may perhaps be worth pointing out that in the account on 
page 547 of the calculation of the secondary emission coefficient y for various 
metals from the Townsend expression for the growth of an ionization current, 
or from the resulting breakdown criterion, it should have been noted that the 
procedure is only valid provided that some test does show that the electron 
emission was actually due only to impact of positive ions ; this is necessary 
because a precisely similar expression for the growth of ionization current (and 
therefore for the static breakdown criterion) is obtained if the emission were 
due to the incidence of photons, but a knowledge of the shape of the (y, X/p) 
curve is usually sufficient to establish which of the processes in fact predominated. 
Considering the comprehensiveness of the work, the number of misprints in 
this book is extraordinarily small, but it is perhaps worth pointing out one 
because this is not immediately obvious from the text. In Appendix 1 on 
page 649 the sentence saying that Biondi measured the recombination coefficient 
of electrons containing 1°/, of argon states that he found the coefficient to be 
less than 10-3 of that observed in pure helium ; this should read pure argon. 
‘The indexes znd references are, however, insufficiently detailed for so valuable 
a book. The authors deserve every congratulation for undertaking the prepar- 
ation of an up-to-date account of work in this field and for succeeding so admir- 
ably in producing a book which is indispensable to those interested in 
fundamental collisional processes of electrical phenomena in gases. The 

general production of the book by the Oxford University Press is excellent. 
F, LLEWELLYN JONES. 


Numerical Analysis, by D. R. Hartree. Pp. xiv+287. (Oxford: University 
Presee! 952.) 30S. 


Most physics research laboratories are now equipped with some type of desk 
calculating machine. Unfortunately many physicists have never received any 
instruction in their use and they either avoid using the machines altogether or 
else fail to use them in the most efficient manner. One reason for this failure to 
exploit the full possibilities of numerical calculations has been the lack of any 
single book which indicated clearly the steps required to carry through the work. 
Professor Hartree’s book satisfies this need very successfully. It provides a 
practical guide to computing the solutions of the most frequently arising types of 
numerical problem, ranging from the solution of quadratic equations to the 
inversion of matrices. 

The early chapters explain simply the characteristics of the main types of 
desk machine and the most efficient ways of using them for the basic arithmetical 
operations. The subject of finite differences is then treated in a concise but 
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satisfactory manner by making use of the method of finite difference operators. 
This leads to the derivation of the various formulae of interpolation and numerical 
integration, which are stated in such a manner that they can be referred to without: 
the necessity of following their derivation. The following chapters deal with the 
solution of simultaneous linear equations, non-linear algebraic equations and the 
solution of both ordinary and partial differential equations. Finally there is an 
introductory account to the preparation of calculations for large electronic 
calculating machines. This last chapter seems rather out of place; all the rest 
of the book is designed to be of immediate practical value, whereas this one is only 
a general descriptive account. ‘The author considers that the analysis of obser- 
vations and statistics are not part of numerical analysis and does not discuss these 
topics, except for short sections on smoothing and harmonic analysis. 

One of the most valuable features of this book is the large number of examples 
which are set out and worked in detail. Great attention is paid to questions of 
accuracy and the location of errors, again with many illustrations. There is also 
a set of examples on which the reader may practise. The author does not attempt 
to give all the special techniques which are used by professional computers. 
Throughout he concentrates on the more commonly used methods and is 
particularly helpful in showing under what circumstances any one method is to 
be preferred. The book will provide an excellent basis for a short course in 
computing for students of mathematics or physics, in addition to providing 
research workers with a useful reference book. jc ous 


Advanced Strength of Materials, by J. P. DEN Hartoc. Pp. ix+379. (New 
York: McGraw-Hill, 1952.) $8.50, 72s. 6d. 


According to the preface, the purpose of this book is to bridge the gap between 
elementary textbooks on strength of materials and advanced texts on the theory of 
elasticity. ‘The approach and content of the book may be gathered from. the 
chapter headings: torsion; rotating discs; membrane stresses in shells; 
bending of flat plates; beams on elastic foundation; two-dimensional theory of 
elasticity; the energy method; buckling; miscellaneous topics. It concludes 
with a set of 217 problems. 

‘T'wo features of the book deserve mention. In the first place, difficulties are 
firmly and squarely faced and there is no attempt to deceive the reader by 
unsound argument. Approximations and simplifications are always pin-pointed 
and their effect on the final result is discussed wherever possible. Secondly, the 
author is free from inhibitions as far as his style is concerned and two of his 
wisecracks may be quoted by way of illustration. In connection with the 
expression for the circumferential strain in a rotating disc, he mentions that the 
equation “refers to the feelings of a middle-aged gentleman who lets out one 
notch of his belt after his daily good dinner”. The second quotation may be 
useful to physicists and engineers when stressed beyond the limit of endurance in 
Inter-Faculty meetings; it occurs as a comment on a catalogue of results for the 
bending of flat plates : ‘‘ In concluding this catalogue we mention an interesting 
reciprocal theorem. It is contended by some enthusiastic proponents of classical 
education that if a person has had a good training in Latin and Greek, he is then 
ready to tackle anything else, such as the theory of flat plates. The reciprocal 
of this point of view is that if a student has mastered the use of these 25 plate: 
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formulae, he has incidentally learned the Greek alphabet and hence is quite 
ready to start reading and enjoying Attic poetry.”’ 

Nowadays, the pressure on university curricula makes it almost impossible to 
give an adequate training in the theory of elasticity. This book can be recom- 
mended without reserve to physicists who, from choice or from force of circum- 
stances, wish to extend their knowledge of statical elasticity and it would serve 
as a useful and interesting preliminary to the study of the standard texts of Love, 
Prescott, Southwell and Timoshenko and Goodier on the mathematical theory of 
elasticity. R. M. D. 


Anfangswertprobleme bei partieller Differentialgleichungen, by R. Saver. 
Pp. xiii+ 239. (Berlin: Springer-Verlag, 1952.) DM. 29. 


For information on the mathematical theory of the partial differential 
equations they encounter, most physicists consult Courant’s Methoden der 
mathematischen Physik—II. When this appeared in the thirties much of the 
extensive material in it on hyperbolic problems, and especially on non-linear ones, 
may have seemed unnecessary to working physicists. Since then, however, 
the spectacular expansion of the science of high speed gas flow has provided a 
wide field of application of this material, and its systematic exposition by Courant 
certainly facilitated the progress in that field. ‘The same mathematics has been 
used in modern developments in the theories of plastic flow and of hydraulics. 

Now Professor Sauer of Miinchen, who has himself made valuable contri- 
butions to gas dynamics, has brought out a short self-contained account of the 
mathematical theory of hyperbolic problems, with detailed specialization of each 
aspect of the theory for the different branches of physics mentioned above. ‘The 
book is in four chapters, respectively on (1) classification of problems into elliptic 
and hyperbolic, (11) first order partial differential equations, (iii) higher order 
hyperbolic systems with two independent variables, (iv) systems with three or 
more. Broadly speaking, the same mathematical material as in Courant’s book 
is covered. ‘There is somewhat more information on the finite difference 
approach to calculating solutions, using a characteristic network, but no details 
of computational technique. Little of the more recent work by the Courant 
school on existence theorems for non-linear hyperbolic problems is included. 
The Hadamard theory for the linear equation is not abandoned in favour of the 
streamlined approach due to Marcel Riesz; nor is the theory of * distributions ’ 
used much to simplify Hadamard’s arguments, not at least as much as the 
preface would lead one to expect. 

But the student will find the book pleasantly concise, systematic and easy to 
follow, and all workers in fields where the material is relevant should find it 
convenient to use as a work of reference. M. J. LIGHTHILL. 


Molecular Theory of Fluids, by H. 5. GREEN. Pp. vilit+264. (Amsterdam : 
North-Holland Publishing Co., 1952.) 20s. 


This volume is one of a series of monographs (entitled ‘Deformation and Flow’) 
on the Rheological Behaviour of Natural and Synthetic Products, edited by 
J. M. Burgers (Delft), J. J. Hermans (Groningen) and G. W. Scott Blair 
(Reading). The author is professor of mathematical physics at the University of 
Adelaide, and is probably best known for his work with Professor Max Born on 
the kinetic theory of liquids. 
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The book gives an authoritative summary of the present state of the theory of # 
fluids (which includes gases, liquids and non-crystalline solids), both at rest and 
in motion, both simple and complex, including the theory of diffusion. The 
final chapters deal with the kinetic theory and the quantum theory of fluids, the 
bearing of the latter on fluids at very low temperatures and the remarkable flow 
properties of liquid helium. The preceding chapter discusses elasticity, surface 
tension, the Brownian motion, the second virial coefficient, gravity and boundary 
forces and the dielectric constant. 

A rigorous quantitative treatment of this wide field necessarily involves much 
mathematics, which is concisely presented, but nearly a third of the book is 
non-mathematical text, in which the essential features of the physics of the subject 
are explained in a very clear and attractive way. ‘The book is a highly valuable 
addition to the literature of physics. S. CHAPMAN. 


Advanced Experiments in Practical Physics, 2nd edn., by J. E. CALTHROP. 
Pp. xvi+ 142. (London: Heinemann, 1952.) 10s. 6d. 


The first edition of this book was reviewed in 1939 (Proc. Phys. Soc., 51, 894). 
The main alterations in the present edition are in the section on Electricity and 
Magnetism, where some experiments on the use of a resonance circuit are 
described. 

This book should be useful to a lecturer or demonstrator in charge of a 
practical class designed for students who have just taken the intermediate degree 
examination. He will find therein brief but useful descriptions of a considerable 
number of suitable experiments, and while few will wish to accept the course as a 
whole, many will find something to use. All students at this stage would gain by 
reading the introductory pages entitled ‘Instructions to Students’, though few 
students will accept the advice given until they have experienced the results of 
ignoring it ! 

The reviewer would prefer to see a larger proportion of experiments on 
accurate electrical measurements. ‘The buzzer excited resonance circuit has 
long been obsolete. Some indication should be given as to which of the different 
methods described for finding the cardinal points of a lens system is intended 
for a given class of system. 

This (and some other books on practical physics) would be improved by a 
few carefully thought out paragraphs on safety precautions instead of occasional 
remarks on this matter, which are not very helpful. 

Not the least of the merits of this useful book is its low price. 

R. W. DITCHBURN. 


Filter Design Data for Communication Engineers, by J. H. Mote. Pp. xvi+252, 
127 figures. (London: Spon, 1952.) 63s. 


As the title implies, this book is a collection of tables and graphs interspersed 
with short explanations. ‘The only counts upon which it may be reviewed are 
the contents, accuracy and layout of the information presented. 

Apart from Chapter 12, the filters dealt with are of the Zobel type, and for 
this reason little assistance is offered to the designer of filters for which 
insertion loss methods may be required. Within the framework of Zobel type 
filters it is difficult to imagine anyone requiring any more than is presented 
here. It is felt however that in the interests of completeness and compactness, 
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the author has often had to restrict the amount of explanations accompanying 
diagrams. The attempt by the author to achieve completeness (inevitably at 
the expense of ease of use) puts the work into the category of highly specialized 
literature, written, in this case, for the full time filter designer, who alone will 
find it profitable to master the terminology used. 

With respect to the accuracy of the tables and graphs which number 56 
and 86 respectively, the reviewer’s task is an impossible one, and no attempt 
at checking of figures has been made. Potential users will often have to take 
the figures on trust as in most cases it is not obvious what method was used 
in their calculation. 

The presentation and pagination are not good; for example much labour 
is required to discover a method of using the information presented in 
figures 3 and 4. One feels that the tabular and graphical information would 
have a greater utility if accompanied by a little more written information. 

There is an annoying feature of this book, namely that when referred to 
in the text, the page on which a figure or table is to be found is not stated. 
In a book of this kind this can cause a considerable waste of time. 

Much of the information presented appears in book form for the first time, 
and for this reason the book fills a long standing gap in the literature of Zobel 
type filters. 

Chapters 1 to 3 deal with the design of image parameter sections, Chapter 4 
with impedance transformations. Chapters 5 to 7 are concerned with the 
calculation and reduction of reflection losses at the terminals of filters. Chapter 8 
is devoted to a study of many section filters particularly those with '['chebycheff 
stop-band behaviour. ‘The effects of dissipation and component tolerance are 
discussed in Chapters 9 and 10 respectively which are probably the most 
valuable sections of this book together with Chapter 11 giving tables of functions, 
useful to the filter designer. ‘The concluding chapter discusses single sections 
designed by insertion loss methods. 

The binding and paper used are such that they will remain in good condition 
even with the rough handling to which reference books are subjected. 

J. H. WENSLEY, 


Fatigue and Fracture of Metals, edited by W. M. Murray. Pp. viti4-313. 
(Massachusetts: Technology Press; New York: John Wiley; London : 
Chapman and Hall, 1952.) 48s. 


This book is a collection of fourteen papers read at a conference at the 
Massachusetts Institute of Technology in June 1950. ‘They include review 
articles dealing with fatigue and brittle fracture in aircraft, ships, and machinery, 
with techniques and with the statistical analysis of results. There are also 
accounts of original researches on various aspects of the problem. A provocative 
contribution by P. L. Teed—and indeed many of the other papers also—draws 
attention to the immense gap that still exists between the most complex problem 
which can be fully treated by a metal physicist, and the simplest situation in 
engineering service. Physicists will probably find most interesting the paper by 
E. Orowan on ‘ Fundamentals of Brittle Behaviour in Metals’ which demon- 
strates with characteristic simplicity and lucidity what can be done to bridge that 
gap. Nog: 
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The Magnetic Circuit in Electron Microscope Lenses 


By To MULVEY 
Research Laboratory, Associated Electrical Industries, Ltd., Aldermaston, Berks. 


Communicated by G. Liebmann; MS. received 20th November 1952 


Abstract. Previous authors have described the imaging properties of magnetic 
lenses for the electron microscope and have calculated the best lens performance 
with existing magnetic materials. "The best lens performance can only be obtained 
if the design of the magnetic circuit is correct. Suitable design curves are given, 
based upon flux measurements in models. ‘The effect of iron saturation is briefly 
described. 


$1. INTRODUCTION 


HE imaging properties of the magnetic lens in an electron microscope 

depend on the magnitude and distribution of the magnetic eld on the 

lens axis. Glaser, Ramberg and others have treated this problem by 
evaluating the optical properties of certain analytical field distributions that 
approximate to the true fields. Dosse (1941) and van Ments and le Poole (1947) 
have measured the axial distribution of the field experimentally and have evaluated 
the optical constants of a number of lenses. Ruska (1934, 1942, 1944) has 
described the development of magnetic lenses for the Siemens electron 
microscope and has measured the focal properties of a large number of lenses. 
Recently, Lenz (1950), using the relaxation method, and Liebmann and Grad 
(1951), using a resistance network, have obtained the axial field distribution 
with great accuracy, and have computed the imaging properties of a number of 
magnetic lenses. Liebmann has also evaluated the magnetic lens having the 


least spherical aberration (Liebmann 1951). 


Thus considerable information is now available for the electron-optical 
design of magnetic lenses. It is possible to predict the best arrangements of 
pole piece dimensions to give minimum lens aberrations for a given maximum 
field strength in the air gap corresponding to the maximum flux density 
permissible in the iron. Attention must be given, however, to the design of the 
complete iron circuit of the lens to ensure that the desired field strength is 
obtained in the air gap. ‘This aspect of lens design has received little attention 
in the literature; the nearest approach to this subject is the investigation by 
Dreyfus (1931) into the design of the iron circuit for large electromagnets working 
at very high air gap flux densities. 

In the present paper the design of the magnetic circuit will be discussed in 
relation to magnetic electron lenses of high resolving power and short focal 
length. 

§2. OpTIMUM PARAMETERS OF IDEALIZED LENSES 

In an electron microscope using axially symmetrical lenses the least resolved 
distance d is set by spherical aberration and diffraction to a value of d= BCg'4A344, 
where Cg is the spherical aberration constant of the lens and X the electron 
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wavelength. B is a numerical constant roughly equal to unity: the most recently 

proposed value is 0:78 (Glaser 1949). Liebmann and Grad (1950) express the 
optical constants of a lens in terms of the pole piece bore D, the air gap spacing S, 
and the magnetic field strength H, at the pole face in the parallel part of the 
air gap. From these authors’ data, the design curves of figs. 1 (a), (6), (c) have 
been plotted, in order to select a suitable range of operating conditions for the 
design of the magnetic circuit. The resolution parameter d/B=Cg'*\*4, at 
50 ky, is plotted against the lens bore D for three values of the field strength H). 
The dotted lines indicate the ampere turns needed to excite the air gap to the 
required field strength. Three sets of curves are shown for S/D values of 0-6, 
1:0, and 2:0 respectively. A minimum value of the resolution parameter d/B 
occurs for each geometry and field strength. The excitation required for 
minimum d/B departs little from 6000 ampere turns. For an accelerating voltage 
of 500kv this excitation is only increased to 12000 ampere turns as shown in 


Fig. 1. Resolution parameter d/B=C,"*\*/4 for the magnetic lens. (a) S/D=0-6, 
(b) S/D=1-0, (c) S/D=2.0, accelerating voltage 50 kv in each case; (d) s/D=h 


various accelerating voltages. 


fig. 1(d). Here d/B is plotted against the lens bore D at several accelerating 
voltages for a constant field strength (H, =24000 oersteds) and for S/D=1. 

The above curves provide the initial data for the subsequent design of the 
rest of the magnetic circuit. 


§ 3. REPRESENTATION OF DaTa 


‘Two extreme arrangements of the magnetic circuit may be employed in 
magnetic lenses for the electron microscope. ‘The first has the air gap at one end 
of the lens and will be referred to as the wnsymmetrical* design (fig. 2(a)). It 
is frequently adopted in objective lenses in order to simplify the mechanical 
stage construction. ‘T’he second, which is often encountered in projector lenses, 
has the air gap at the centre of the lens and will be referred to as the symmetrical 
design (fig. 2(6)). Here, owing to the mirror symmetry of the magnetic field 
about the mid-plane of the lens, only one half of the lens need be considered. 
Further, since the mid-plane of the lens is an equipotential surface, it may be 


* The symmetry of the complete iron circuit should not be confused with the symmetry 
of the axial field distribution. 
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replaced by a plane of infinite permeability. It is therefore only necessary to 
provide data for the unsymmetrical design. The design curves in this paper 
consequently refer to the unsymmetrical design in the absence of the lens bore; the 
effect of the bore on the curves is considered separately. It may be noted here that 
when the dimensions and the ampere turns of a magnetic lens are scaled by a factor 
N, the field at corresponding points in the scaled and original model remains 
unchanged. Lens dimensions are given in relative units in terms of the pole face 


Winding 
. Space 
N 


NN 


(2) Unsymmetrical Design (2) Symmetrical Design 


Fig. 2. Magnetic circuit arrangements. 


diameter D,. ‘The relative flux density B/B, is defined as the ratio between the 
flux density B at any point in the iron and the flux density B, in the parallel part 
of the air gap. B, is given by B, =47 N1I/10S, where NIJ is the number of ampere 
turns in the air gap. 


§4. METHOD OF INVESTIGATION 


Flux measurements were made on experimental lens models in which all 
parts of the magnetic circuit were accessible, and the shapes of which could be 
altered. Most measurements were made under unsaturated conditions in the 
iron. Separate measurements were made under conditions of pole piece 
saturation. 

In order to measure the flux distribution, search coils were placed at various. 
points in the magnetic circuit and the flux traversing them was measured with a 
fluxmeter. 


§5. ‘THE MAGNETIC CIRCUIT 


Figure 3(a) shows a simple unsymmetrical magnetic circuit that illustrates 
several important aspects of magnetic design. An air gap of length S is formed 
between a flat end-plate and solid cylindrical central core of diameter D, and 
length Ly,,;. The return path for the flux is not shown. ‘The flux entering the 
pole face near the axis is approximately parallel. Leakage flux from the end-plate 
enters the curved sides of the cylinder as shown schematically in fig. 3 (a). Figure 
3 (b) shows how the relative flux density B/B, through any cross section varies 
with the relative axial distance L/D, from the pole face for three values of the ratio 
of gap length to pole face diameter S/D,. The total flux, and therefore the flux 
density in the cylinder, increases with increasing values of L/D,. Consequently in 
such a design premature saturation of the iron occurs in the part of the core 
farthest from the air gap. This sets a limit to the maximum air gap flux density, 
which in extreme cases may be a small fraction of the maximum flux density in the 


iron. 
2, F-2 
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Where high flux densities are required in the air gap, the flux density intheiron _ 
must be kept below that inthe airgap. This may be achieved by tapering the pole 


piece, as shown in fig. 4(a), so as to increase the iron cross section. Figure (45) 
shows the relative flux density B/B, at a distance L/D, along the pole piece, for 
taper-angles of 25°, 45°, 55° and 70° respectively, with S/D,=0-2. When the 
angle 0 is small, e.g. 25°, the increase in iron cross section is not sufficient to prevent 
the initial rise in flux density. On the other hand, if @ is made greater than 70° the 
total flux intercepted by the pole piece becomes large, necessitating correspondingly 
larger dimensions for the rest of the magnetic circuit. Further discussion, there- 
fore, will be restricted to angles lying between 45° and 70°. 


D, 
S/D, = 0-2 
palo 
& 
S} 25: 
O=70° 55° 45° 
) 1-0 2:0 
L /D 0 L/p 2:0 
1 
() (B) 
1, Sa - (aN Simple magnetic circuit, Fig. 4. (a) Pole piece with taper- 
(6) flux density distribution along angle @, (b) effect of taper-angle 9 — 


the central core of a simple mag- 


_central on the flux density distribution 
netic circuit. 


along the pole piece. 


When the relative flux density has fallen to a small enough value, the taper may 
be stopped and the core continued as a cylinder of diameter D,, as shown by the 
dotted lines in fig. 4(a). The flux density will now increase along the cylindrical 
part of the core. The resulting distribution along the core is shown in fig. 5 (a) 
for S/D, a 0-2and@=45°. Three curves are shown for values of D,/D, of 2,3 and 
4 respectively. ‘The value of D,/D, fixes the outside diameter of the core. Since 
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the power dissipated in the energizing coil increases with increasing values of 
D,/D,an upper limit is set for this ratio. 'Thesmallest value of D,/D, is determined 
by the greatest flux density that can be allowed at the root of the core. If the flux 
density at the root of the core, or elsewhere, is allowed to exceed that in the gap, 
then at high excitations this part of the iron circuit will have a low permeability, 
resulting in a loss of ampere turns. Saturation of any part of the iron circuit will 
limit the maximum air gap flux density. A good design will allow a factor of safety 
by restricting the flux density in the core to about one-half to two-thirds of that in 
the air gap. For the design illustrated, a value of D,/D,=3 is adequate. 

Figures 5 (b) and 5 (c) show the corresponding distributions for S/D, =0-2 with 
@=55° and 70° respectively. For S/D,=0-2 the safe value of D,/D, is seen to 
increase only slightly with taper-angle. 

The distribution of flux density along the core is affected by the finite length of 
the core and the presence of the end-plate. This is shown in the curves of fig. 5. 
The full lines represent a relative core length L,,,,/D,=3 and the broken lines 
Lnax/D,=6. The effect may be neglected for values of D,/D, greater than 3. 


4) J 2 3 4 i) 6 
L/D, 

Fig. 5. Flux density distribution Fig. 6. Flux density distribution along 
along the pole piece and central the pole piece and central core for 
core with S/D,=0-:2 and for S/D,=0°3 for taper-angles of 45° 
taper-angles @ of 45°, 55° and 70°. anda) 


Figure 6 shows the effect of increasing the S/D, ratio to 0-3, using angles of 
45° and 55° respectively. ‘The curves are in general similar to those of fig. 5 but 
the relative flux density at corresponding points is greater, since the leakage 
flux becomes greater as the air gap is widened. A slight increase above unity in 
relative flux density now takes place in the pole piece at small values of L/D,. For 
6 =55° this increase amounts to a few per cent above the air gap flux density. ‘Thus, 
to a first approximation, the gap width S/D, should not exceed 0-3 if the flux 
density in the iron circuit is to be everywhere less than that in the air gap. 
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§6. THE EFFECT OF THE LENS BORE 


So far, the effect of the bore on the flux density distribution has not been 
considered. When a hole of diameter D is bored through the pole face, the 
parallel flux is redistributed and a strong fringing field arises at the edge of the 
hole. A detailed discussion of the field distribution at this edge, and its effect on 
the imaging properties, is given by Liebmann (1953). In order to study how the 
redistribution of flux affects the design of the magnetic circuit, a pole piece model 
was made with a parallel bore into which an accurately machined iron plunger was 
fitted. The flat end of the plunger was arranged to be level with the pole face. 
On withdrawing the plunger, the change in flux distribution in the pole piece could 
be measured-by means of suitably placed measuring coils. It was found that in 
the range of S/D, between 0-1 and 1-0 the reduction in flux entering the pole piece, 
caused by the bore, was small compared with the resulting reduction in iron 
cross section. For example, a reduction in iron cross section at the pole face of 
33%, caused by the bore, decreased the flux entering the pole tips by only 5%. 
The main effect of the bore, therefore, is to increase the average flux density in the | 
immediate vicinity of the pole face by a fraction approximately equal to the 
fractional reduction in iron cross section caused by the bore. Since a slight 
initial rise in flux density may take place in this region in certain designs, as shown 
previously, it is advisable not to reduce the iron cross section in the region of the 
pole face too seriously if high flux densities are required in the air gap. For this 
reason the pole face diameter D, should be made at least three times the bore 
diameter D. Liebmann (1953) has shown that this is necessary if close agreement 
is to be obtained between calculated and measured focal properties at high air 
gap field strengths. 

As an illustration of the use of the B/B, curves, consider the design of an 
unsymmetrical objective lens to operate at an accelerating voltage of 50 kv with 
6000 ampere turns and a field strength H,, of 19000 oersteds, i.e. B, = 19 000 gauss. 
With S/D=1, D is found to be 0:-4cm. In order to minimize saturation of the 
pole face, a value of S/D,=0-3 and 0=55° would be chosen, giving D, = 1:33 cm. 
Allowing a total core length of at least 10cm to accommodate the winding, 
L/D, 27:5. The curves of fig. 6 (6) for S/D, =0-3 apply. By making D,/D,=4, 
i.e. D, =5-3 cm, the relative flux density in the cylindrical core does not rise above 
0-6 By, 1.e. 11500 gauss. The same data can be used for an objective lens to 
operate at 500kv with 12000 ampere turns by scaling the dimensions and the 
ampere turns by a factor of two. 

Consider now the magnetic design of a symmetrical projector lens, to operate 
up to 150ky, having a bore of 0-2 cm, an S/D ratio of 1:5 and 4700 ampere turns in 
the gap.* Here S=0-3cm and H,=19700 oersteds. The design proceeds as 
for an unsymmetrical lens with S=0-15cm and H, unchanged. By making 
D,=0-75cm and 6=55°, the B/B, curves of fig. 5(b) for S/D,=0-2 apply. 
Choosing D,/D, =4, D, becomes 3 cm. 


§7. CONCLUSION 
By the correct choice of lens dimensions the magnetic conditions that have been 
assumed in theoretical calculations can be closely approximated. The magnetic 
circuit of a lens designed for high resolving power should, in general, satisfy the 
following conditions. ‘The pole face diameter D, should be at least three times as 


* For the optimum design of magnetic projector lenses see Liebmann (1952). 
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large as the lens bore D. An angle of pole piece taper of between 50° and 60° is 
usually the best choice. ‘The relative air gap length S/D, (referred to the unsym- 
metrical design) should not exceed 0-3. Probably the most important dimension 
is the outer diameter D, of the central core; this should generally be greater than 
three times the pole face diameter in order to avoid saturation of the iron circuit. 
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The Effect of Pole Piece Saturation in Magnetic Electron Lenses 


By G. LIEBMANN 
Research Laboratory, Associated Electrical Industries Ltd., Aldermaston, Berks. 


MS. received 20th November 1952 


Abstract. The imaging properties of magnetic lenses in the absence of iron 
saturation are now well known, but there has been some doubt up to what flux 
densities the calculated lens performance would be correct. It is shown here that 
the effect of iron saturation in the pole piece tips is equivalent to an apparent 
increase in lens dimensions, apart from a loss of m.m.f. in the iron, which depends 
on the design of the magnetic circuit as a whole. Published data for unsaturated 
magnetic lenses can still be used beyond the onset of pole piece saturation if these 
effects are taken into consideration. A practical limit of lens operation is reached 
for a flux density in the iron near the air gap which would make » = 50. 


§1. INTRODUCTION 


EVERAL systematic investigations of the imaging properties of symmetrical 
magnetic electron lenses of given geometry in which infinite permeability 
of the iron was assumed, so that the imaging properties became unique 

functions of lens geometry and lens excitation, have been carried out during the last 
few years (van Ments and le Poole 1947, Lenz 1950a, Liebmann and Grad 1951, 
to be referredtoasI). ‘The part played by iron saturation in setting a limit to the 
improvement of such ‘ideal’ lenses is well known; a theoretical study of a 
particular magnetic lens under conditions where the pole pieces are highly 
saturated was carried out by Hesse (1950), and a similar approximation method 
was used by Lenz (1950 b) to show the ‘field broadening’ effect of saturation. 

In view of the full design data now available for lenses under unsaturated 
conditions, it was thought desirable to see how far these data can be used before 
saturation atthe pole piece tips makes itself felt, and what quantitative modifications 
would have to be made in the use of these data under saturation conditions. In 
the present investigation it has still been assumed that the iron circuit as such is 
of sufficient cross section everywhere to ensure that the pole piece tips saturate 
before any other part of the iron circuit. This condition has very often not been 
satisfied in practice. An investigation of the design of the iron circuit as a whole 
has been carried out by Mulvey (1953), and the results of this paper are 
complementary to his work. 


§2. MrTHOD oF INVESTIGATION 


The pole piece assembly of a symmetrical electron lens of gap width S and bore 
diameter D is shown in fig. 1. The field distribution within such lenses for finite 
values of permeability was studied by setting up models of the pole pieces (see 
fig. 2) on a resistance-network analogue; this was of the (r, x) type described by 
the author (Liebmann 1950), except that wire-wound precision resistors were used 
in the apparatus, and that the new network was larger. In all models R= D/2 =10 
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mesh units and L=100 mesh units, whereas S/2 was varied from 6 to 20 mesh 
units (S/D = 0-6 to S/D=2). ‘The midplane of the lens and the end-plane of the 
pole piece were assumed to be equipotential surfaces of m.m.f., and a potential 
difference of ‘Iy)=1 was applied in the model to these two Sac, While this 
investigation covered different pole piece shapes, the most detailed information 
was obtained for ‘idealized’ lenses in which the pole faces are perpendicular to 
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Fig. 1. Pole piece assembly of magnetic electron lens. 


the axis (A— A” in fig. 2) up to a great distance from the axis, where the flux lines 
are parallel to the axis and the flux densities in the air gap and in the iron are 
identical (numerically equal to H, of I). 


Plane of Symmetr 


Fig. 2. Pole piece model investigated by resistance-network analogue. 


It had been shown (Liebmann 1950) that the resistance-network analogue can 
solve the equation governing the problem 


civ (hai rn ee sy” Be (1) 
if the local values of the network resistances are given the values 
i= RAM nt gece eee (2) 


where Ry is the value of the network resistance at the point (r, 2) representing the 
permeability of air z=. All those network resistances which occupy the area on 
the network which corresponds to the space taken up by iron in the lens are there- 
fore shunted to values Ry’ as indicated by eqn. (2). 
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The experimental procedure is to select a flux density B and find the correspon- 
ding value of ju/1) from the (B, H) curve of the iron used for the pole pieces and 
then carry out the shunting of the network resistances as required. As it is 
awkward to measure flux densities (corresponding to currents) within the resistance 
network, but easy to measure field strengths as the potential difference between 
adjacent network studs (taking the third difference correction into account if high 
accuracy is required), it is more practicable to use the (1/49, H) relationship. ‘This 
is shown in the left part of fig. 3 for three materials, a ‘ commercial ’ iron which has 
been used for some years in the manufacture of electron lenses for electron micro- 
scopes (full line), ‘ electrolytic’ soft iron (broken line), and 50/50 cobalt—ron 
(dotted line). The last two have been taken from page 25 of Magnetic Circuits 
and Transformers (M.1.T. 1943). In the double-logarithmic representation of 
fig. 3 the «(H) curves become straight lines over the most important range 
t/49 =10 to p/u9=1000, which is very convenient for the present purpose. 
However, this representation obscures the genuine difference between soft iron and 
50/50 cobalt-iron and, more important, the quick rise in permeability with a _ 
reduction in flux density. Therefore j./1) as a function of flux density B has 
also been plotted for the three types of iron (in the right half of fig. 3). In this 
investigation the j/wy values referring to the ‘commercial’ iron were used. 
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Fig. 3. Permeability as function of magnetic field strength H and magnetic flux density B | 
for three types of iron. | 


A difficulty arises through the dependence of /u) on H. While for the 
‘idealized’ lens the field strength is uniform at a great distance from the air gap, 
where H = Hy =(49/) Hy, it increases strongly near the corner A in fig. 2. “Henge 
different values of ju/j9, as obtained from fig. 3, apply in the region 
A—A’—A”—A", i.e. different values of Ry’ would have to be used there, but the 
field distribution in this region is not known beforehand. One might therefore 
carry out an approximation process, by first shunting the network for the space taken 
up by iron, using the same value of j/) in working out the resistance values Ry’ 
from eqn. (2). One would then measure the ensuing field distribution H (r, z) 
in the network model and carry out modifications of the shunt values, using these 
measured values of H(r,z) to find the appropriate /u) values from the graph, 
fig. 3. After the resistance modifications a new H(r, z) plot would be obtained, 
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new resistance values worked out, etc. This process would have to be carried on 
until the field distribution has become ‘self-consistent’, i.e. until the z/u, values 
determined from fig. 3 for the field strength H(r, z) measured in the network are 
identical with those actually used in working out Ry’ for the model from eqn. (2). 

In this form the approximation process is not convergent near the corner A. 
The process is greatly improved by combining it with an extrapolation method. 
In this, as a first step, uniform permeability is assumed throughout the iron, 
for example a permeability of u/u)=50 is assumed, corresponding to Hy=395 
oersteds. (This corresponds to a field strength in the air gap at great distance 
from the axis of H,=19-8kilo-oersteds.) Now the relative value of the field 
strength in terms of H; is measured in the network model, and this ratio F= F, 
(‘first approximation’) is plotted, for example, as a function of z for given values of 
r =constant (fig. 4(a)). The new values of p/u, are then read off fig. 3 for each 
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Fig. 4. Field strength increase factor F=H(r, z)/H; as function of axial distance z for 
given values of radial distance r at the three stages of the analogue iteration process. 
(a) Initial stage : uniform permeability (measured values of F’). (b) Second stage : 
after first analogue modification (measured values of Ff’). (c) Third stage: curves 
give predicted values of F, used in setting up final analogue model; points give 
values of F measured in this model, and showing ‘ self-consistency ’. 


value of F,, taking into account that F,=1 is equivalent to 395 oersteds. ‘The 
network resistance shunts are then modified according to these new values of 
f/f, and a new plot of relative field strength P=, (fig. +(6)) is taken. No 
|g Values are determined for F,, but a new distribution of relative field strengths 
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F, is calculated from F', and F, according to the relation 
ff Pg Fel Pee renee (3) 

The second modification of the values of the resistances in the area 
A—A’—A”~—A"is based on the plot of the F; values (fig. 4(c)). Upon measuring 
the field strength in this modified model it was found that the model was ‘self- 
consistent’, as the /u, values determined for the measured field strengths were 
identical within measuring accuracy with the j/j1) values used in working out the 
modified resistances for the area A—A’—A”—A”. A few typical measured 
‘final’ values of F, bearing out this ‘self-consistency’, for S/D=0-6, 1 and 2, for 
the same resistance modifications near corner A, are shown in fig. 4(c). 

The amount of modification required before ‘self-consistency’ is reached 
depends on the initial value of u/u); it is the greater the smaller the initial ju/p1. 
The excitation, in ampere turns, required to produce the initial value of ju/t, 
i.e. to produce the corresponding parallel field in the air gap of value H,, can be 
easily worked out from the lens dimensions S and L.* 


§3. REsULTs FoR Lens S/D=1 

As expected, the most marked effect of the beginning of iron saturation appears 
near the corner A. Here the m.m.f. has a value of ‘f’=0-751 for the lens S/D=1 
and an initial value of u/) =50, as compared with ‘’ =0-833 at the pole face at a 
great distance from the axis (in the first approximation, using uniform ju/19, the 
m.m.f. at the corner was ‘f'=0-812). The field strength in the iron rises near the 
corner to H~13 000 oersteds, corresponding to a flux density of 35 kilogauss, for a 
field strength of Hy =395 oersteds or flux density of B = 19-8 kilogauss in the main 
body of the pole piece. An equipotential plot of the m.m.f. is shown in fig. 5. 
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Fig. 5. Equipotential plot of m.m.f. in electron lens at incipient iron saturation Si D= "te 
H,=395 Oe, j/p9=50. 


The lens properties are determined by the distribution of field strength along 
the axis. For an applied m.m.f. of ‘ly =1 the field (0V’/dz)) along the axis would 
be represented by curve 1 in fig. 6 for large values of /uy. An increase in excita- 
tion such that H;~395 oersteds at a great distance from the air gap, as in the present 

* The method given here of obtaining the field distribution within the iron can, of 


course, be applied to other problems, e.g. the field distribution in the pole pieces of magnets, 
or in the armatures of electrical machines. 
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example, changes this distribution to that given by curve 2infig.6. The maximum 
value of (0't'/dz)) drops slightly more (3-7°%) than would correspond to the loss of 
m.m.f. in the pole pieces for uniform permeability (,1/,49 = 50), to(0V'/02) max = 0°669 
instead of to (H)/H,) (A‘’/4S) =0-834 x 0-833 =0-695 (see fig. 7 of I). In addition, 
the field curve is slightly broadened, its half width increasing from a/R, = 1-13 for 
curve | to a/R) =1-19 for curve 2, and a ‘tail’ is added, corresponding to the uni- 
form field Hy at a great distance from the air gap, where o’/dz=0-0167. 
Subtracting this parallel field from the measured curve, taking into account the 
decrease of this parallel field near the gap as obtained by separate measurements 
and shown in curve 3, one obtains curve 4. 


x (in units R) 


Fig. 6. Axial field distribution in electron lens at incipient iron saturation S/D=1, as 
measured on analogue. Curve 1: p/yp=0. Curve 2: p/w o=50 (Hy=395 Oe). 
Curve 3: field due to uniform field in iron, H;=395 Oe. Curve 4: values of 
curve 2 minus values of curve 3. Circled points: values of H(z, 0) for substitute 
unsaturated lens with R=1-:02R, and S=1-05S) (see fig. 7 (d)). 


One can therefore describe the effect of high flux density in the iron by these 
modifications of the field curve of the ‘ideal’ lens: (i) a reduction in the ‘ effective’ 
number of ampere turns, or value of magnetic potential ‘Ip, inthe ratio 1: 1+ 2L/uS, 
with a simultaneous superposition of a parallel field of length 2Z and field strength 
2o/(wS+2L); (ii) a broadening of the field curve, with a simultaneous decrease 
in its height. 

One can represent the field broadening by a change of geometry of the pole 
piece tips. Measurements taken on the resistance-network analogue have shown 
that the changes in the equipotential lines in the air space surrounding point A 
due to incipient saturation of the pole tips can be represented by a change of the 
pole faces as shown by the broken lines in fig. 7 (a), the outline of the modified pole 
piece representing the magnetic equipotential line ‘’=0-833, for p/uy)=50, 
L/R=10. Apart from the superposition of the parallel magnetic field in the lens 
bore, and the drop of m.m.f. in the pole piece, this modification of the shape of pole 
piece yields an equipotential plot which is indistinguishable from that obtained for 
the model representing the correct spatial distribution of jz/j19, except quite near 
the inner surface of the pole piece bore. 
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From a practical point of view it is more convenient to express the broadening of 
the field curve and its reduction in height by an increase of the gap length S and a 
smaller increase of the lens bore D=2R, as shown in fig. 7 (5), because then it is 
possible to correlate the lens data for unsaturated and partially saturated pole 
pieces. In the particular example ju/14)=50 one finds a best representation for 
the ‘idealized’ lens by S=1-05 Sy, D=1-02 Do, with Tpo,=0°833 and p2/W9 = %, 
the suffix zero referring to the actual physical dimensions of the lens. The axial 
field values for this modified pole piece geometry are entered as circled points in 
fig. 6. 

§4. OTHER RESULTS ; 

Two further lenses investigated in detail, for 4/4) =50, were symmetrical lenses. 
of the ‘idealized’ type shown in fig. 2, with S/D=0-6 and S/D=2. It was again 
found that a modified pole piece shape as shown in fig. 7(a) gives a close corre- 
spondence with the measured field data, and that the broadening of the axial field 
distribution can be represented with sufficient accuracy by an apparent increase in 
gap length S and lens bore D, as shown in fig. 7(b). These results are collected 
together with those for the case S/D = 1 in table 1. 


Table 1. ‘Idealized’ Lenses, 1/5 =50 
Field in - Gap length (x Do) Lens bore ( Xx Do) 


(S/D)o (F/¥o)pote iron (Oe) actual apparent actual apparent 
0-6 0-75 395 0-60 0-70 1-00 > 4-02 
1 0-833 395 1-00 1-05 1-00 1-02 
D 0-909 395 2-00 2-04 1-00 1-02 


- 


(@) (ie 


Fig. 7. Equivalent unsaturated pole piece geometries representing saturated pole piece 
tips. (a) Best equivalent geometry. (b) Equivalent geometry used in practice (see 
circled points in fig. 6). 


One sees that the apparent increase in lens bore is slight and independent of 
S/D, whereas the apparent increase in gap length is the more pronounced the 
shorter the gap. 

The three lenses listed in table 1 were also investigated for the condition 
[4/49 = 100, equivalent to a field strength of 185 oersteds in the iron at sufficient 
distance from the corner. ‘The same effects were found as in the case ju/u) =50, 
but the changes in field shape etc. are about one third in magnitude; a more 
important effect in this case may be the drop of m.m.f. in the iron circuit. 

Higher initial field strengths than H =395 oersteds were not investigated, as 
for these the modifications required in the resistance-network model would have 
had to be extended over a much larger part of the network. One would expect to 
find the same effects as in the case discussed here in detail, except that the field 
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broadening, or equivalent modification of pole piece geometry, and the loss of 
ampere turns would be greater. However, as seen from the example given in § 6, 
lenses are not operated in practice under such highly saturated conditions. 

A few other lenses where the pole pieces were truncated cones, as in fig. 1, 
were studied more briefly by the method of § 2. It was again found that the effect 
of high flux density in the iron could be described by the two modifications given 
at the end of §3. Ifthe pole face was left wide enough in the model, i.e. the outer 
diameter of the face was at least three time the bore diameter, the changes were 
identical with those for the corresponding ‘idealized’ lenses of table 1, where then 
the value of 1/1) refers to the part of the iron adjacent to the pole tip (Mulvey 1953). 
If the pole face was made smaller, the field broadening, i.e. the increase in the 
equivalent geometrical parameters S and D, was greater than for the lenses of the 
type shown in fig. 2 for equal flux density in the iron adjacent to the pole tip.. 
As one might have expected from an inspection of the equipotential plot, fig. 5, 
field broadening is considerable if the annular pole face of a conically truncated 
pole piece is of small width, unless the cone angle approaches 90°. 


§5. COMPARISON WITH EARLIER INVESTIGATIONS 


Field measurements on an asymmetrical magnetic lens under saturation con- 
ditions were carried out by Dosse (1941), who found an increase of the half width 
of the field curve with excitation. It is difficult to compare these measurements 
with the results of this paper in view of the asymmetry of the pole pieces and the 
relatively short gap length of Dosse’s lens, where the broadening effect becomes 
noticeable already at an axial field strength of about 7 kilo-oersteds. However, the 
general trend of Dosse’s results is similar to that found here. 

It is also not possible to compare quantitatively Hesse’s (1950) results with 
those of this paper, as the geometrical data given by Hesse are not complete, and the 
case for which detailed field data are given is one of extreme saturation of the pole 
pieces. ‘The axial field distribution curves for the unsaturated and the saturated 
pole pieces were therefore plotted from Hesse’s data, and from the shapes of these 
curves relative values of S/D and D were obtained, using the field values for 
unsaturated symmetrical lenses given in I. From this one finds for Hesse’s 
unsaturated lens, which has asymmetrical field distribution, a value of S)/D ) =0-54. 
Saturation produces considerable asymmetry in Hesse’s lens, but the right-hand 
part of the field distribution can be matched by an equivalent unsaturated field 
distribution with S,;=1-63.S, and D,=1-:12D). For the left-hand part of the 
field the equivalent change of geometry is still greater, S,~1-9 Sy and D,~ 1-2 Dy. 
This shows that it is possible to express the modifications of an ‘ideal’ lens even 
under conditions of severe iron saturation by the two effects listed in §3._ Another 
interesting fact is that the ratio air gap change to lens bore change is the same 
(about 5: 1 for S/D~0-6) for incipient saturation as investigated in this paper and 
for extreme saturation as investigated by Hesse. 

The numerical example by which Lenz (1950 b) illustrated his approximation 
method for the field determination in saturated lenses gives results similar to those 
of this paper, but again it is difficult to compare the results in detail, mainly owing 
to the asymmetrical geometry of Lenz’s example. If one assumes D equal to the 
mean value of the two bore diameters of Lenz’s lens, the unsaturated condition 
corresponds to S/D~0-45, whereas under saturation, corresponding to ju/4)™50, 
one finds S/D~0-56. This agrees quite well with the data of our table 1. 
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$6. IMAGING PROPERTIES OF LENSES UNDER INCIPIENT IRON SATURATION 


In § 4 it was shown that iron saturation at the pole tips can be described by (i) 
a reduction in the effective m.m.f. across the air gap (‘loss of ampere turns’) with 
the simultaneous appearance of a weak parallel field in the lens bore, and by (11) 
an apparent increase in the physical dimensions S and D of the lens. Which of 
these effects is the more important will depend on the design of the iron circuit. 
In an ‘idealized’ lens, with indefinitely large iron cross section, the first of these 
two effects is by far the stronger at the onset of saturation; the effect of the parallel 
field in the lens bore is negligible as the refracting power is proportional to [H7dz. 
This is illustrated by the example S/D=1, u/u) =50, with such values of S, Do, 
NI and V, that the lens excitation parameter k? = 0-022 H,? R?/V,=1 for p/p >. 
From the data given in I and in § 4 of this paper one obtains the data of table 2. 


iTable. 2 
No. be f/Ro 2/Ro Remarks 
1 ea) 1-09 0-68 = 
2 50 iL ogy 0:99 Corrected for drop of m.m.f. across gap 
3 50 1-36 1-02 As 2, and corrected for field broadening 
4 50 1-35 1-01 As 3, and corrected for parallel field in bore 


The data given in the last row agree within 0-5 °% with f/R, and 2;/R, values obtained 
by trajectory computation for the measured field distribution given by curve 2 
in fig. 5. 

The influence of these effects on the lens characteristics is the more pronounced 
the shorter the relative gap length S/D, as shown in table 1. For the ‘medium’ 
case S/D=1 the correction of the dimensions of an ‘idealized’ Jens due to field 
broadening in working out the imaging properties is negligible for u/u, > 200; 
for j1/49 = 100 this correction leads to an increase of the focal length by about 1°%, 
whereas this increase is about 3° for po/u»=50. ‘The main effect here is the loss of 
m.m.f. in the iron, which can be calculated from the length of the iron circuit and the 
flux density in the iron, neglecting the increase of flux density at the pole piece tips 
(in well designed ‘real’ lenses the flux density in the iron drops with distance from 
the air gap, according to Mulvey, and the loss of m.m.f. will be unimportant as 
further discussed below). 

As a quantitative illustration of the application of the foregoing results to a 
practical case, the focal lengths of two electron microscope objectives, one with 
S/D =0-6 and one with S/D = 1, will be worked out from figs. 2 and 15 of I, under 
conditions of incipient iron saturation of the pole piece tips. The following 
dimensions are assumed: lens bore D = 3-0 mm, gap length S = 1-8 mmand 3-0 mm 
respectively, length of each pole piece L=40mm. ‘The iron is assumed to be 
‘commercial’ soft iron (full lines, fig. 3), and the accelerating voltage V =75 kv 
(V,=81kv); the cross section of the iron circuit is assumed to be indefinitely large, 
as in fig. 2. As before, a value of j/ is chosen, the corresponding value of A is 
read from fig. 3, and H, =(u/o)H is found. From H and H, and the dimensions 
of the lens the number of ampere turns (NJ)g across the air gap and the total 
number of ampere turns (NJ), for the lens are obtained. From(NJ)g, V,and fig. 2 
of I the excitation parameter k? = 6 (NJ)q?/V, is determined, and with this fo/Rp, 
hence fis found from fig. 15 of I. For such high values of j/j1y that field broadening 
has begun, the equivalent change of S and D has to be taken into account in reading 
off 6 from fig. 2 of I and in the subsequent evaluation of f. The result is plotted in 
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fig. 8. ‘The two curves marked 1a and 1b refer to the lens S/D =0-6, the two curves 
2a and 2bto S/D=1. Curves 1a and 2a represent the focal taeie in millimetres 
of the two lenses, assuming ju/ 4g = 00, whereas for the curves 1b and 2b account had 
been taken of the effects of the drop of m.m.f. in the iron of the pole pieces at high 
excitations and of iron saturation at the pole tips according to table 2. The major 
part of the difference in the focal lengths in this example is due to the drop in m.m.f. 
The arrows mark the excitation values where field broadening begins, ju/z) having 
fallen to approximately 200 for S/D =0-6 and to approximately 120 for S/D=1, 
with consequent increase inf by 1%. At an excitation of 6000 ampere turns field 
broadening has increased the focal length by 4% for lens S/D =1, but by about 18% 
for lens S/D=0-6. One sees from this example that at very high flux densities the 
focal length curves are considerably modified, the more so the shorter the gap 
length. ‘This is in agreement with the experimental results of Ruska (1944). 
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Fig. 8. Computed focal lengths of two lenses as function of lens excitation. Curve (1a) : 
‘ideal’ lens S/D=0-6 (u/uo=% ). Curve (1b): ‘ real’ lens S/D=0-6 (H/o as in 
fig. 3). Curve (2a): ‘ideal’ lens S/D=1 (u/po= ). Curie (2b): ‘real’ lens 
S/D=1 (p/p as in fig. 3). Arrows mark the excitation values where pole tip 
saturation effects (field broadening) become noticeable. V=75 kv, D=3-0 mm, 
2L=80 mm. 


In the greater part of the foregoing dicussion (except in § 4) the changes in the 
lens properties due to finite permeability had been considered under the assumption 
of an indefinitely large iron cross section. ‘This implied a uniform flux density in 
the iron at a long distance from the air gap. Mulvey’s (1953) measurements have 
shown that this assumption is not justified. In a badly designed iron circuit the flux 
density increases with distance from the gap (see for example Mulvey 1953, fig. 6, 
curve for D,/D, =2), and when saturation effects have to be taken into account it is 
then mainly the roots of the pole pieces and not their tips which saturate and thus 
limit lens performance. In a well designed iron circuit (Mulvey 1953, fig. 6, 
curve for D,/D,=3) the flux density drops with distance from the air gap before 
rising again. ‘lhe average value of flux density in the iron is then so low that the 
relative reduction in the m.m.f. developed across the air gap, 

Sy 2, Si2+L dj 

PS sz Bo’ 
is small owing to the rapid rise of z/) with decrease in B, as seen from the right- 
hand side of fig. 3. In this case field broadening at the pole tips at high flux 
densities will be the main limit to lens performance. 
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The way to determine lens characteristics under conditions of high flux density 
in practical cases is therefore to consult Mulvey’s paper on the expected flux 
distribution and work out from this (a) the loss of ampere turns 6'¥’/¥’ in the iron, 
(6) the average flux density in the pole tips (without the flux increase at the edge of 
the bore), which is numerically equal to H, used in I, and hence the value of 1/19 to 
be used. From this, and the value of S/D, the apparent changein Sandin Dean 
be determined from the data of this paper. Thenthelens propertiescanbe worked 
out from I, as shown in the preceding numerical examples. 

In conclusion, one can say that for average flux densities in the pole tips 
corresponding to 4/4) > 100 the lens data of ‘ideal lenses’ as published in I can be 
used if the iron circuit is properly designed. This value of 1/4) corresponds to 
18 kilogauss for ‘commercial’ iron and to 22-5 kilogauss for 50/50 cobalt—iron. 
Saturation effects will become progressively noticeable if the flux density is further 
increased, but can be taken into account in applying the available lens data as far 
as will be normally required in practice. In view of the sharp drop of u/u» with 
increasing B, the practical limit of flux density in magnetic electron lenses is that 
flux value for which p/p49%50. Above this flux density loss of ampere turns in the 
iron and field broadening become severe. 
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Transient Creep in Pure Metals 
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The Cavendish Laboratory, Cambridge* 
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Abstract. A constant stress testing machine of small inertia and with continuous 
strain recording has been built. The loading was by air contained in metallic 
bellows whose wall stiffness was compensated by a ‘negative spring’. The 
initial strain rate was standardized at 1% per second. Polycrystalline copper 
and aluminium have been investigated between —196°c and 140°c. At low 
temperatures, the creep curves fitted «=«logt+c,; at higher temperatures 
they fitted «=ft'*+c,. These are called « and f creep respectively. In an 
intermediate temperature range the curves fitted «=«logt+ff*+c,. The 
results have been confirmed for cadmium and commercially pure aluminium, 
and also for aluminium with only a few grains per specimen. In a series of 
increment tests the stress was altered by small amounts at various times during 
a creep curve; in the « range only, the curves after the increments were similar 
to segments of the parent curve. The effect of testing a specimen at increasing 
stresses and different temperatures was also investigated; in the « range only, 


an equation of state, that is F(a, «, de/dt, T)=0, was obeyed. A theory of 


% creep is developed: an exhaustion theory is applied to a metal whose strain 
hardening is defined by a reference curve. The rise of activation stress during 
a creep curve and the slope of the reference curve are deduced from the increment 
and creep tests; and the slope agrees numerically with the stress-strain curve 
at —196°c. From an equation of state, values of the mean activation energy 
at a strain rate of 10 4cm/cm/sec, and the frequency of thermal fluctuations 
are obtained. 


§ 1. INTRODUCTION 


HEN an annealed single metal is loaded, the deformation continues 
after the load is applied; at first, the rate of deformation decreases, 
and finally, at high temperatures, it reaches a constant value. This 
paper reports an experimental and theoretical investigation of the decelerating 
or transient creep; a brief report has appeared elsewhere (Wyatt 1951). 
It has been generally accepted in this country (Andrade 1910, Orowan 1947) 
that the transient creep curve is given by 


Se DE Crt eee AIEEE GLY i PE (1) 
However, others (Phillips 1905, Chevenard 1934, Laurent and Eudier 1950) 


have used 
CHOC Ce hee 8 een (2) 


In this investigation, the creep curves of wire specimens under constant 
stress have been measured, using a new machine with pneumatic loading and 


* Now at Imperial Chemical Industries, Billingham, Co. Durham. 
26-2 
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continuous strain recording. The load could be applied rapidly and readings 
obtained within a second. 

The main investigation has been with polycrystalline high conductivity 
‘copper and polycrystalline spectroscopic purity aluminium. A few tests have 
been made with three grades of commercial purity aluminium, spectroscopic 
purity cadmium, and aluminium with only a few grains per specimen. 

It was found that, for each metal, the creep curve at low temperatures was 
given by eqn. (2) (« creep), and, at higher temperatures, by eqn. (1) (8 creep). 
The transition temperature range was lowered by increased stress: thus, for 
copper the transition with 10 kg mm occurred at about 170°c, and with 
26 kg mm? at about 30°c. 

Theories of transient creep have been given by Orowan (1947) and Smith 
(1948) who derived eqns. (1) and (2) respectively. Orowan reported some 
experiments he carried out with Los which demonstrated that an equation of 
state, that is F(a, «, de/dt, T)=0 did not exist. He emphasized that any theory 
that led to an equation of state must be wrong. 

In this investigation, a series of increment and decrement experiments were 
made in which the applied stress was increased and decreased a small amount at 
various times during the creep. Also, the temperature was changed between 
tests on one specimen at increasing stresses. ‘These experiments demonstrated 
that an equation of state existed in the « range, but not in the f range. 

A theory has been developed by applying the exhaustion theory of Smith 
to a strain hardening material with a reference stress-strain curve as suggested 
by Orowan. An equation of state is implicit and has been derived. The theory 
leads to a numerical relation between the shape of the creep curve and the slope 
of the stress-strain curve at low temperatures which is satisfied by the 
observations. Values for the mean activation energy for a given strain or creep 
rate and the value of the frequency of thermal fluctuations are obtained. 


Part Il. EXPERIMENTS 
§ 2. APPARATUS 


The principle of the machine is illustrated in fig. 1. The specimen occupies 
the full length between a piston and one end of the cylinder, in which the piston 
moves without friction. ‘The air pressure on the specimen side is set to give the 
required stress ; the other side is evacuated. During creep, if the usual assumptions 
are made that the volume of the specimen remains constant and the reduction 
of area is occurring uniformly along the specimen, a constant true stress on the 
specimen is maintained by the isothermal expansion of the air according to the 
perfect gas law. 

Pneumatic loading gave a machine with small inertia. ‘The mass of the 
moving parts in the actual design was 0-6 kg and the maximum load was 22:5 kg. 
Hence, the machine was suitable for investigating the initial part of the creep 
curve, and for the increment experiments, when the strain rates altered rapidly 
and inertia effects might have masked the true creep curve. 

The design is shown schematically in fig. 2, and a photograph of the apparatus 
in fig. 3. The piston and rigid cylinder were replaced by two elastic bellows, 
whose wall stiffness was counterbalanced by a negative spring, and the specimen 
was placed externally. 


Transient Creep in Pure Metals 461 


The load was obtained by setting the air pressure in the lower bellows to 
between zero and one atmosphere absolute (at higher pressures the bellows 
became unstable and bowed as a strut); the upper bellows were permanently 
evacuated. ‘The force of the air pressure on the diaphragm dividing the bellows 
was transmitted by the loading frame to one end of the specimen, the other end 
of which was fixed to the main frame. The specimen was gripped in axially 
loading shackles of the rolling ball type. 

The negative spring is shown schematically in fig. 4. It consisted of six 
equal links, freely joined at their ends, with a helical spring placed across the 


las 


Sy) 


bs 


Fig. 1. Principle of constant 
stress creep testing machine. 
S=specimen, P = piston, 
a=ait, v=vacuum. 


Fig. 2. Scheme of apparatus. 
A=axial loading shackle, 
B=bellows, D=diaphragm, 
G=guides, L=loading 
frame, N=negative spring, 
S=specilmen. a—aiti., 
v=vacuum. 


Note: Q as mentioned in the text 
refers to the centre plate, not 
P the bottom one. 


Fig. 4. Negative spring. 


diagonal AB. The unloaded length of this spring must be equal to links X and Y 
(these two links need not be the same length as the others). The forces P required 
to maintain equilibrium can be shown to be proportional to the separation of 
links X and Y, where the constant of proportionality equals the spring 
characteristic. ‘The negative spring was laterally unstable and the loading 
frame was kinematically restrained by ball-bearing guides to move along the 
axis of the specimen. 
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To neutralize the stiffness of the bellows the negative spring must be set up so 
that it is closed (X on Y) when the two bellows are equally compressed, i.e. when 
the loading frame is not loaded and both bellows are open to the atmosphere. 

The range of movement of the central diaphragm was limited because bellows 
only behave as helical springs when used in compression; thus, for bellows with 
a free length /, and an elastic range d, the distance between plates P and Q in 
fig. 2 was arranged to be 2/,—d. The movement was further limited, to less 
than d, by axle interference whereby the negative spring operated in one 
direction only, but an increase, to a limit of d, was achieved by displacing the 
unloaded position of the loading frame with a light spring attached between the 
frame and the ceiling. The negative spring was then set up so that theoretically 


Fig. 3. Apparatus. 


it would close at the new unloaded position of the loading frame, and the 
characteristic of the diagonal spring was made equal to the combined 
characteristic of the bellows and light spring, which was measured. 

It was necessary that the spring characteristic and the effective area of the 
bellows should be independent of the pressure difference across the walls; the 
spring characteristics of several makes of bellows were therefore measured, first 
with both bellows open to the atmosphere and secondly with both evacuated. 
It was found that bellows with U-shape corrugations were superior to those 
of V-shape. ‘The thinnest wall to withstand a one-atmosphere pressure difference 
was chosen to reduce the friction in the negative spring. ‘The bellows used, which 
were made by the Radio Corporation of America, had an external diameter of 
2in., an internal diameter of 13? in. and a wall thickness of 0-004in. The 
spring characteristic of a single bellows was 1-1 kg/cm. 
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The length of the specimen was equal to the combined volume of the lower 
bellows, pipe lines and pressure gauge, divided by the effective area of the 
diaphragm. ‘This length was found from measurements of the force—position 
curves of the loading frame with the apparatus in the operating condition, that is, 
with the upper bellows evacuated and air in the lower bellows. A graph of the 
inverse of the load plotted against the position of the loading frame was linear 
and the correct length was deduced from the intercept value on the position 
axis. The lengths at three different pressures in the pressure range were 
9-1, 9-9 and 10-4cm. This variation did not noticeably affect the linearity of 
the curve obtained at one pressure because the pressure change was small. 
Nor did it seriously affect the stress constancy during the flow in a creep test. 
The stress change Ao on a stress o during strain « was given by Ao/o =(1—r)e 
where 7 is the ratio of the correct volume (specimen length times effective area 
of bellows) to the actual volume. The specimen gauge length was 10-0.cm. 

The stress was deduced from readings of the pressure gauge which was 
directly calibrated and in which the deflection of a bellows was detected by an 
optical lever. ‘The maximum load was 22-5kg and could be measured to 
+0-1°% of maximum. 

The extension was recorded by projecting a graticule attached to the loading 
frame on to the slit of a rotating drum camera. With a magnification x 200, 
the strain could be read to 2x 10~°. The maximum movement of the loading 
frame was $cm which corresponded to a 5% strain. By turning a nut at the 
bottom end of the specimen, the loading frame could be returned to the start 
of its range and further strain accommodated; at the same time the volume was 
increased 5°, to correspond with the new specimen length. ‘Typical recordings 
are reproduced in fig. 5. 

The specimen was surrounded by a Dewar flask. Low temperatures were 
obtained with liquid nitrogen or methyl alcohol and solid carbon dioxide. Above 
room temperature the flask was filled with medicinal paraffin oil, and above 
140°c with ‘Arocolor 1248’, heated by two electric coils, one of which was 
controlled by a ‘ Sunvic’ bimetallic thermostat. The temperature was measured 
with a chromel—alumel couple with control to +4°c; uniformity of temperature 
was obtained by use of an electric stirrer. 

The systematic error in stress constancy due to incorrect correlation between 
specimen length and bellows volume had a maximum value Ao/o =0-06 « which 
may be compared with the stress change in a constant load test Ac/o=«. ‘There 
was also an initial error due to isentropic expansion of the gas, but the expansion 
rapidly became isothermal. Random fluctuations of the temperature of the 
air in the bellows were less than +4°c, ie. Aco/o< +0:08%. ‘The friction and 
hysteresis of the bellows was +15 g, which, for an average specimen area of 
1:0 mm? and a minimum test stress of 6 kgmm~’, gives Ao/o= +0-25%. At 
higher loads, the percentage error was proportionately less. 


§ 3. PREPARATION OF METALS FOR ‘TESTING 
The metals tested were as follows: 


(a) High conductivity copper. ‘The spectrographic analysis of the sample 
was As 0:0001%, Bi0-0003%, Fe 0-001%, Pb 0-0003°%, Ni0-0001°%, Ag 0-0001%, 
Sn 0:0001%. The material was received as hard drawn wire in a coil. It was 
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straightened and brought to size by pulling, which extended it about 5%. 
It was cut to specimen lengths and batches of fifty were annealed im vacuo at 
420°c for two hours. he grain size was 0:02 mm. ‘The wire diameters were 
1-20 mm and, for higher stresses, 0-87 mm; results showed no size effect. 

(b) Fine grain spectroscopic purity aluminium. This sample, which was 
obtained from Johnson, Matthey and Co. had less than 0-002°% impurities. 
The material was received as hard drawn wire and was prepared as for copper 
except that annealing was at 400°c im vacuo for one hour. The grain size was 
found to be 0:15 mm. The wire diameter was 2:02 mm. 

(c) Large grain spectroscopic purity aluminium. The material was from the 
same rod as (b).- The large grains were produced by the critical strain technique. 
The specimen cross section was 1-5 mm square; the grains occupied the full 
cross section and were about 1 cm long. 

(d) Commercial purity aluminium in three grades. ‘The analyses of these 
samples, which were given by the Aluminium Wire and Cable Co., are shown 
in table 1. The material was supplied annealed as straight wire of 2 mm diameter. 


Table 1. Analyses of three grades of Commercial Purity Aluminium 


Grade Si Fe Cu Mn Al 

99-8% 0-09 0-08 0-002 0-002 Balance 
99:-5% 0-09 0-16 0-007 0-095 Balance 
99-0% 0-24 0:50 Trace 0-02 Balance 


(e) Spectroscopic purity cadmium. ‘This sample was obtained from Johnson, 
Matthey and Co. Spectrographic examination revealed faintly visible lines of 
lead, calcium, copper and silver, estimated at less than 0-001°% impurity. The 
material was received hard drawn, straightened by pulling and annealed at 45°c 
in air for 14 hours. 

§ 4. "THE START OF THE CREEP TEST 


It should be understood that the constant stress creep curve actually includes 
the period when the stress is being increased from zero up to the test stress. The 
strain during loading has been called the sudden strain, but this is misleading 
as the loading cannot be instantaneous. It has arisen by fitting eqn. (1) to later 
parts of the curve and then extrapolating to zero time. 

Preliminary experiments were made to investigate the effect of the loading 
rate on the creep curve. While the loading frame was held by a stop, the air 
pressure in the lower bellows was adjusted to give the desired test stress; the 
stop was then removed at different speeds and recordings were taken. Typical 
creep curves for copper at 18 kg mm ™ and 27°C are given in fig. 5. 

The variations between curves at the same stress could be due to the 
non-existence of an equation of state (Orowan 1947) or to an overshoot effect 
(Los, unpublished). In the latter, the kinetic energy of the loading frame distorts 
the creep curve by momentarily loading the specimen above the test stress 
provided by the air pressure. ‘This effect could not be calculated because the 
creep theories were uncertain, and an unsuccessful attempt was made to remove 
the kinetic energy by making the loading frame hit an equal mass. Another 
method of reducing the overshoot was to remove the stop more slowly, but in 
the limit the test became a tensile test at constant strain rate. A standard was set 
at an initial strain rate of 1% per second, at which the overshoot was only 
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35 gmm-. It is interesting to note the influence of machine inertia: if the 
stop is removed very rapidly compared with the follow-up rate of the loading 
frame, the overshoot is independent of the mass of the frame, but at the slower 
rates used in these experiments the loading frame remains in contact until the 


=1073 


= 

3 
w 
= 
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Strain 


Fig. 5. Recordings of creep curves with copper at 27°c and 18kgmm-”. The initial 
strain rates in cmcm'sec™! and overshoot stresses in gmm~ are: (a) 0-01, 3-5; 
(6) 1-0, 350; (c) 1-0, 500 (produced by doubling the mass of the loading frame). 


stress is fully applied, and the overshoot decreases with reduced mass. Thus, 
for a given overshoot, the load can be applied more rapidly with this than with 
a conventional machine. 


§ 5. RESULTS OF CREEP EXPERIMENTS 


In these experiments a new specimen was used for each test, and the load was. 
applied in the standard manner described above. 


(a) Copper 

Copper was tested with stresses from 6 to 18 kg mm™ over the temperature 
range —196°c to 170°c, and with stresses up to 38 kg mm7~ at —196°c. The 
standard duration of a test was forty minutes, and the results were confirmed 
with tests lasting four days. Typical results are given in figs. 6, 7 and 8, in 
which the total strain is plotted against time on a logarithmic scale. ‘The exact 
position of zero time is unimportant after a second or two. At low temperatures 
the graphs are approximately linear and eqn. (2) holds approximately; the 
actual strain at longer times is less than the theoretical. At the higher temperatures 
the graphs become concave upwards, especially at longer times. ‘The transition. 
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Fig. 8. Creep of copper at —196°c. The stresses Fig. 9. B components of the creep | 
in kgmm~?, and total strains at 2 seconds are: curves in fig. 7. 
(1), 10, 22 x 10-*; (2) 14,41 x 10>; (3) 22,89 x 10>; 

(4) 26, 110x10-%; ; (5) 30, 142 10-8; (6) 34, 172 10-3; 
(7) 38, 208 x 10-2, 
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temperature range is lower for higher stresses. It was found that the curves fitted 
an expression of the form 
essulop ta. Cie cs ahatnle ton eat. (3) 

This is shown in fig. 9 for the curves at 18 kg mm™?; the « component, given by 
a straight line in the log (time) plot, has been subtracted from the total strain 
curves of fig. 7 and the difference, the 8 component, is plotted against (time)". 
The slope of the line representing the « component was adjusted to make the 
strain-(time)"* graph linear. ‘The lines were then almost tangential to the 
first part of the total strain—log (time) graphs, especially if the 8 component was 
small compared with the « component. § creep increases rapidly from zero 
as the stress or temperature is increased and rapidly dominates the « creep. 


6 kg mm-? 
= 10kgmm-2 a 
x l4kg mm? 
e@ I8kgmm? 
22 kg mnv? 
26 kgmm 


> + 


1 . 
100 200 300 200 500 0 20 A0 60 80 100 120 
Temperature (°k) € Strain x1o73 


0. Variation of « with temperature for Fig. 11. Stress—strain curves for copper at a strain rate of 
‘opper at the different stresses: The en- 10-4 cm/cm/second. 

lircled points give the mean slopes of the 

otal strain—log(time) curves over the first 

00 seconds, i.e. before subtracting the f 

omponent. 


The variation of « with temperature and stress is given in fig. 10. When 
only « creep is present, « is obtained directly from the slopes of the total 
strain—log (time) graphs. When f creep is also present, it is necessary to subtract 
the 6 component from these curves. 
| In fig. 11, the stress-strain curves at constant strain rate are plotted at various 
/ temperatures. These have been taken from the creep curves. ‘That this is 
permissible will be shown below in the increment experiments. 


(b) Fine Grain Aluminium 


Fine grain aluminium was tested at — 196°c with stresses from 2 to 6 kg mm™, 
and at 27°c and 70°c with lower stresses. The results at —196°c are given in 
fig. 12, which shows that only « creep was occurring. Results at 27°c are given 
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in fig. 13. Up to 3 kg mm” the creep curve fits eqn. (1). Some non-linearity 


occurs initially which may be due to « creep, but 8 creep is dominant and 
remains so down to the lowest stress which’gave recordable creep. At 5kgmm™, 


which was the highest stress which the machine could accommodate because of 


the large strains occurring, this plot becomes concave downwards, showing 
deviations from eqn. (1) which are of the opposite sign to those which would be 
caused by steady rate creep. Variations of 8 and initial strain with stress and 
temperature are given in fig. 14, which shows that these vary rapidly. 


(c) Large Grain Aluminium 


Large grain aluminium was tested at —196°c and 27°c (figs. 15 and 16). 
With this material, 8 flow was obtained at — 196°c by raising the stress sufficiently. 
Otherwise, the results for fine grain metals were confirmed. 
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Fig. 12. Creep of fine grain 0 ee 10 iB 
aluminium at —196°c. The Bg ed 
stresses in kg mm~? and the Fig. 13. Creep of fine grain aluminium at 27°c. . 


total strains at 2 seconds are: 
IN, US MO 8 183,45 OAL SCO e 
CAD, Sei IO 


at 2 seconds are: A,2,9 107%; B,3,27 x10; 
CoS ll 2 <1 0m 


(d) Commercial Purity Aluminium 


Three grades of commercial purity aluminium, as detailed in §3, were 
tested at —196°c and 27°c. The creep curves were found to fit eqns. (2) and (1) 
respectively. ‘The results are tabulated in table 2 for a stress of 6kgmm°. 
It will be seen that impurities have a very much larger effect in the B range. 


Table 2. Tests of various grades of Aluminium at 6 kg mm”? 
Purity (%) at —196°c at 27°c 
Total strain Total strain 
at 2 sec. . at 2 sec. B 
99-99 0-038 il Seq) 0-230* LOD 1058* 
99-8 0-017 Mos Sei" 0-033 (Send 
99°5 0-010 OB al0= 0-021 0°6x10= 
99-0 0-010 0:35 10 0-023 0-6 x 103 


* at 5°75 ko mime: 


(e) Cadmium 


Cadmium was tested as representative of the hexagonal metals. The: 
results are given in fig. 17. At —196°c the curve fits eqn. (2) and the results. 
for face-centred cubic crystals are confirmed. At 27°c and 2 kg mmr? the curve: 


did not fit eqn. (1). 


The stresses in kg mm~? and the total strains. — 
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All the materials were tested for recovery creep on unloading, but none was 
detected. On reloading, copper in the « range continued approximately the 
creep curve from the point at which it had been terminated by unloading. On 
reloading aluminium in the f range, the initial total strain and creep rate were 


Fig. 14. Fine grain aluminium. <A 
and B curves give the total strain 
at 2 seconds at 70° and 27°c 
respectively. Cand D curves are 
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Fig. 16. Creep of large grain 
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Fig.15. Creep of large grain aluminium 
at —196°c. The stress inkgmm~? 
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Fig. 17. Creep of cadmium. A, —196°c, 
6 kg mm’; B, 27°c, 2kgmm-*. The 
total strains at 2 seconds are: A, 9x 10-3; 
Bas alm 
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larger than before unloading, and they increased the longer the material was 
left unloaded. There was unfortunately not time to investigate this effect fully. 


§ 6. INCREMENT EXPERIMENTS 


These experiments investigated the effect of increasing the applied stress 
by a small amount during a creep test. The specimen was loaded initially to 
some stress, which will be called the parent stress, in the standard manner used 
for a normal creep test. After various times, called the delay times, the stress 
was increased slightly by removing a weight from the loading frame. ‘The weight 
caused negligible error in the stress constancy during the parent creep curve. 
The weight was removed either suddenly or by using a light spring and no 
difference in the curve was detected. Experiments were made in the « and the 
B creep ranges. 


a Range 
Copper specimens were tested at 27°c, with parent stresses from 
6 to 18kgmm?, and with increments from 0-1 to 0:4¢kgmm~?, which were 
applied after delay times between 8 and 2400 seconds. 


Strain 


4 
1 
Strain 


| 
0 10 20 30 40 50 60 
(min-upper curves) 
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Fig. 18. Increment tests in w range. Copper at 27°c and 
parent stress 14kgmm~-®. Specimen area 1:12 mm?. 
The figure against each curve gives the increment in 
grammes. 


‘Typical results are given in fig. 18. The parent curves for different specimens 
have been slightly (+ 2%, total strain) shifted parallel to the strain axis so that 
each coincides with a standard curve just before the increment is applied. 

It was found that the curves after the increment were the same shape as 
segments of the parent curve. ‘Thus, in fig. 19, an increment of w, at A was 
followed by a curve which was the same shape as the segment of the parent 
curve beginning at B. B will be called the repeat time. 

The following method was used to obtain the repeat times. The strain after 
the increment was plotted against log (time), with the time zero chosen by trial 
to give a straight line parallel to the parent curve (fig. 20). This method gives a 
repeat time which is based on the correlation of the shape of the curves over a 
long time, and is more accurate than direct fitting of the curves, because sometimes 
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more strain occurred in the first ten seconds after the increment than was 
required for fitting the curve for, say, the following ten minutes. 

The repeat times for various increments and delay times at each parent stress. 
are given in table 3. 


Table 3 

Ss A D I R 

6 1°42 15 100 1 
40° 100 3:5. 

100 100 8 

100 200 3 

600 100 70 

2400 100 200 

2400 200 25 

10 1-10 8 100 1 

15 100 B 

40 100 9 
40 200 0-8 

100 100 14 

600 100 75 

600 200 25 

2400 200 70 

2400 300 50 

14 1-09 see fig. 18 
18 1-04 8 100 4 
8 200 1:25 

15 100 ‘i 

AS 200 2 

40 100 15 

100 100 40 

100 200 17 

100 400 2 

600 100 300 

600 200 110 

600 400 10 

2400 100 650 

2400 200 370 

2400 400 30 


S=parent stress (kg mm~*); A=specimen area (mm); D=delay time (sec) ; 
I~increment (g); R=repeat time (sec). 


It was also found that if an increment w, applied at A, fig. 19, gave a repeat 
time B, and an increment w, applied at C gave a repeat time A, then an increment 
w+, applied at C gave a repeat time B. Hence, it was possible to obtain a 
single curve giving the repeat time for any increment applied at any delay time. 
This has been done in fig. 21, which is obtained as follows: starting at any 
point A at 2400 seconds, an increment of 100g repeats from 750 seconds, 
hence B, and one of 200g from 250 seconds, hence C. Now draw a curve 
through these points. ‘The zero for the increment tests at 600 seconds 
(corresponding to the point A for the tests with a delay time of 2400 seconds) 
is then the point at which this curve intercepts the 600-second abscissa. ‘The 
same symbol has been used to mark points which were obtained from tests at 
the same delay time. It can be seen that all the symbols lie on a single curve, 
which would be so whatever axis scales were used. By plotting the increment 


472 O. H. Wyatt 


against log(time) a linear plot was obtained. The slopes of this line for various 
parent stresses are given in table 4. The slope increases at higher parent 
stresses; in other words, the higher the parent stress, the greater the increment 
required to obtain a given repeat time from a given delay time. 


Table 4. Slopes of increment (in kg mm?) against In(time) (time in seconds) 


Parent stress (kg mm?) 6 10 14 18 
Slope x 10? 3-9 5°5 8-0 10-8 
Total strain x 10° 11 30 55 86 


It follows from these results that a creep test at one stress is not affected by a 
test on the specimen at a lower stress as long as the increment is sufficient to 
bring the creep rate up to the standard loading strain rate. 
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Fig. 20. Obtaining the repeat times for the curves in figure 18. D—=delay time (sec); 
{=increment (g); R=repeat time (sec). 


B Range 

Fine grain spectroscopic purity aluminium specimens were tested at 27°c, 
with a parent stress of 3 kg mm ®, and with increments of 0-03 and 0-06 kgmm~ 
which were applied after delay times between 7 and 2400 seconds. The composite 
results are given in fig. 22. ‘The same procedure has been adopted of super- 
imposing the parent creep curves just before the increment. The curves are 
not similar to the parent curves, and no analysis has been achieved. If the 
increment was large enough to produce an initial creep rate up to the standard 
loading rate, the curves following the increment fitted equation (1). The value 
of B and the total strain at 2 seconds depended on the history. 
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§ 7. DECREMENT EXPERIMENTS 


The applied stress was decreased by small amounts at various times during 
a creep test, otherwise the procedure was the same as for the increment tests. 
Only the « range was investigated, using copper at 27°c, with a parent stress 
of 10 kgmm™ and decrements from 0-3 to 0:5 kgmm™. 
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ig. 21. Increment experiments in the a Fig. 22. Increment experiments in the f range. 
range. Copper at 27°c and 14 kg mm7~?. Fine grain aluminium at 27°c and parent 


stress 3 kg mm~*. Increments of 100 g (A 
curves) and 200 g (B curves) at delay times 
of 8, 120, 600 and 2400 sec ; specimen area 


3-07 mm?. 
400 Tr 0:36 
E 
= E 
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25) ~_— 
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Ee 
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<— a 
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oO oO 
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Time (minutes) 
Fig. 23. Decrement experiments in a range. 
Copper at 27°c and parent stress 10 kg mm~?. oul ; 2 
: : 5 0 
Delay times 8, 15 and 40 sec, specimen area Time (seconds) 7 sa 
1:10 mm’. ‘The figure against each curve 
gives the decrement in grammes. Fig. 24. Decrement experiments in « range. 


The composite result of tests on several specimens are given in fig. 23. The 
curves after the decrement are similar to segments of the parent curves at a 
later time, and the same analysis as for the increment tests can be made. 
Figure 24 gives the equivalent of fig. 20, and the slope of this graph is the same 
as for the increment tests at this stress. 


§ 8. TEMPERATURE CHANGED BETWEEN ‘TESTS 


A specimen was tested at several stresses at one temperature, unloaded, and 
its temperature changed. It was then reloaded to a stress at which creep occurred 
and recordings were taken at this and higher stresses. 


a Range 
A copper specimen was tested at — 196°c at several stresses up to 15 kg mm ?, 
unloaded, and three days later tested at 27°c. ‘The load was increased slowly, 
PROC. PHYS. SOC. LXVI, 6—B 2H 
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flow began at 14 kg mm™, and tests were taken at 15, 16 and 18 kg mm”. All 
the creep curves were identical with those of a directly loaded virgin specimen, 
that is, the total strain at, say, 2 seconds, and the slope of the strain—log(time) 
graph were the same. These, and the increment and decrement experiments, 
show that copper in the « range obeys an equation of state, F(c, «, de/dt, T) =0. 


B Range 

A fine grain aluminium specimen was tested at — 196°c at several stresses up 
to5 kg mm™, producing a total strain of 3 x 10-2 cm cm™. It was then unloaded, 
and three days later tested at 27°c. No flow occurred up to 3kgmm™. The 
creep results at 4 and 5 kgmm® are given in fig. 25. ‘These are very different 
from direct loading of a virgin specimen. 

Another specimen was tested at 27°c and 3kgmm™ for sixteen hours 
unloaded, and later tested at —196°c. The load was increased slowly and flow 
started at 3:9kgmm™?. ‘Tests were then taken at 45 and 6kgmm™. The 
slopes of the strain-log(time) graphs were the same as for direct loading, 
although the total strain at 2 seconds was about double. 


PART lle" an LORY: 
§ 9. THEORY OF « TRANSIENT CREEP 


Suppose that the stress-strain curve of the metal at absolute zero temperature 
is given by OA (fig. 26), to be called the reference curve, and that the curve at a 
finite temperature 7 and at a constant strain rate 7 is given by OB. 

It is postulated that in both cases there occurs the same deformation process 
(or processes which are indistinguishable by mechanical tests but not necessarily 
by metallography). At zero temperature there are no thermal fluctuations and 
the process is triggered by stress alone. At finite temperatures fluctuations of 
thermal energy occur in the metal and the same process is triggered by the 
combined action of stress and thermal fluctuations. The nature of the 
deformation process is not specified. 

The deformation will be initiated at many places, which will be called soft 
spots, and these may be correlated with parts of the reference curve. Suppose 
soft spot groups X,, Xj, x; and x, are associated with sections OD, DF, FG and FA 
respectively. ‘Then, if stress o, is applied at zero temperature, group x, will 
be triggered and the state of the material will be given by D. If the temperature 
is now increased, spots in groups x, x3 and x, will be triggered. 

For a given applied stress, every spot has associated with it an activation 
energy and activation stress which are the minimum additional energy and 
stress respectively required to trigger a deformation process there. For an 
applied stress o, suppose the distribution of soft spots xj, x; and’ x, against 
activation stress and energy are as given in fig. 27: the number of spots with 
activation stress between 6 and @+d6 at time ¢ is N(0, t)d0; similarly for the 
activation energy. ‘The broken line gives the initial distribution N(0, 0) or 
N(E, 0) when the metal is in state D. (0, 0) can be deduced from the reference 
curve, since it equals the product of the slope at o,+6 times the contribution 
to the macroscopic strain of a triggered soft spot. N(E, 0) will then depend on 
the relation between F and 6. It will be assumed that N(E, 0) is constant with 
respect to # during a creep test. After a time, some of the spots will have been 
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triggered by the thermal fluctuations and the distribution will be as shown by 
the continuous line, whose shape will now be calculated. 
If x systems are exchanging thermal energy, the number which will have 
energy between A and A +4dA is given by Boltzmann’s law dx = const. e-4/k? dA. 
Integrating, we obtain x=const [e~4/*7]9. kT; hence x/kT=const. At any 
instant the number of systems with energy. A or greater is 


co 
= = yen aikT 
X>4= I. dx = xe ; 


Consider now the soft spots with activation energies between E and E+dE 
(fig. 27 (6)). They require thermal energy E or greater to trigger them and, at 
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ig. 25. Creep of fine grain aluminium speci- 
men at 27°c after testing it at —196°c. 
The stresses in kg mm“? and total strains at 
Decate- A 4,32 <10e7;.5,, 111 x10. 


any instant, N(E, t) e~”/*” will have that energy. Then the number of spots 
which will be triggered in the next time interval dt will be 


dN(E, t)= —N(E;t) 2"? v dt 


_ where v is the frequency of thermal vibrations and, integrating, 


: N(E, t)=N(E, 0) exp {—e-#/*” vet}. | 

Consider the value of EF at which N(E, t) is some fraction, say p, of its initial 
| pelue: pP=mexpia—exp (HRI )ivile eae (4) 
! Hence AE OES AMEE eT es ) 


This is independent of p, therefore the thermal front remains constant in 
' shape as it advances towards the higher energy spots. We will locate its position 
by the mean activation energy E,, at which N(E, t)=3N(E, 0). Similarly for 
/ the mean activation stress 6,,. 

} The creep strain rate is given by the product of the spots eliminated per 
- second times the contribution to the macroscopic strain per spot, which will be 


- assumed constant, say S: 


| de dE SNE, 0)RT 
=, = SME, = Peers” ETS) Bhs co (6a) 


_ whence e=SME,O)RTInt+const. — ss... (6b) 
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It is evident from eqn. (4) that p increases rapidly from almost zero to nearly 


unity in a small range lying on either side of the mean activation energy. Thus — 


the creep rate is very largely due to the triggering of spots close to E, and the 
higher energy spots contribute little. It therefore makes little difference if 
these are not present and there is only a band of energies present at any time. 
The higher energy soft spots could then be created by the triggering of these 
spots. his appears to be physically more realistic than assuming that all the soft 
spots are present initially. Hence, the theory need not be regarded as a pure 
exhaustion theory. 


§ 10. CREEP CURVES 


It was found that the experimental creep curves in the « range fitted 
approximately eqn. (2). Comparing this with eqn. (66), we have 


a=(In10) SM(E.ORT. = +. ook keane (7) 


In fig. 10, « was plotted against temperature and found to be approximately 


proportional to it. This would be the case if SN(E, 0) was constant, but it 


varies with total strain. In fig. 28, «/T has been plotted against strain. In 
general, the points obtained from the various stresses and temperatures form a 
continuous curve, although at a given strain the value of «/T obtained at higher 
stress and lower temperature is greater than that at lower stress and higher 
temperature. The increase of SN(E, 0) during a creep curve can be seen to be 
small but positive and therefore the difference between theoretical and actual 
strain cannot be attributed to an error in the assumption that S.NV(£, 0) is constant. 


$11. IncREMENT TESTS AND RELATION BETWEEN CREEP CURVE AND 
REFERENCE STRESS-STRAIN CURVE 


These can be interpreted as evidence of the movement of a thermal front of 
constant shape. Altering the stress is equivalent to shifting the (6, t) ordinate 
in fig. 27 (a): an increment Ao reduces the activation stress of all spots by that 
amount, and is therefore equivalent to moving the ordinate Ac to the right 
without altering the shape of the curve. This, of course, does not hold for the 
N(E, t) curve unless F is a linear function of 6. The creep that follows will be 
the same as occurred during the parent creep curve when the front was the same 
distance from the ordinate; the total strain has altered so little that SN(E, 0) 
is constant, compared with the situation with large stress increases. The 
decrement tests will follow the same pattern in reverse. 

Hence the increment tests enable the movement of the front to be measured. 
Figure 21 shows the rise of mean activation stress during creep. It is given by 


Py = Aint COUSt =” Gases ee eae (8) 


where 4 is constant with time and varies slowly with strain, but may be taken 
as constant during tests at one parent stress. Values of A have been given in 
table 4. 

It will be seen that the greater strains (i.e. after the loading period) at higher 


stresses are due to the front advancing through a greater stress range, as well as | 


to the decreased slope of the stress-strain curve, to which it has been attributed 
by Orowan. 


EE eee eee ee 


Transient Creep in Pure Metals 477 


Substituting the specific value E,, for HE, in eqn. (5) and integrating we 
obtain E,,=RkT Int+const. Hence by eqn. (8) 


kT 
Biers ale Ai uh baer aa (9) 


where A and B are functions of the total strain. Values of A were obtained only 
at one temperature, but it is probable that A is proportional to T since the relation 
between E£,, and 6,, will not depend on temperature. 

Equation (9) should be compared with that due to Becker, which is usually 
accepted: E=const. 6?. Perhaps eqn. (9) is an approximation to this, since it 
has been deduced from only a small range of 6. Thus, in the increment tests 
at 18 kgmm®°, @,, had a value greater than 4 kg mm, whilst it altered by only 
0-5 kg mm. The approximate value of 0,, is obtained from the stress-strain 
curves at constant strain rate and it is greater than the difference between these 
curves at — 196°c and 27°c (see § 12). 

The slope of the reference curve can be deduced from eqns. (8) and (2) to be 
(d6,/de),, =(A/x) In 10. 

In table 5 the deduced slopes of the reference curve are compared with the 
slopes of the stress-strain curve at —196°c and 10-4cmcm™sec™, which is 
the nearest approach to the reference curve obtained experimentally. It will be 
seen that the experimental results provide a numerical check of the validity of 
this theory. 


Table 5 
Total strain x 10 10 30 54 86 
Reference curve slope 
(kg mm~?) x 10-7 3-0 23, 1:8 1-6 
Stress—strain curve slope x107-? 2:7 2D 2 1055) 


These experiments also demonstrate that there is no point in a creep curve 
at which ‘sudden’ extension finishes and creep begins. During the loading the 
thermal front will be just so far ahead of the applied stress that the free creep 
rate, that is, the initial creep rate if the stress is momentarily held constant, 
equals the applied strain rate. During loading and subsequently, the deformation 
process is being triggered by the applied stress and thermal fluctuations. It is 
therefore misleading to discuss the ‘start’ of creep. 


§ 12. "TEMPERATURE CHANGING 'TESTS 


It has already been postulated that the same deformation process occurs at 
all temperatures (in the « range) and that at different temperatures the thermal 
fluctuations cause different strains. If a stress is applied, the shape of the 
thermal front is determined by the temperature, and the value of the mean 
activation stress 0,, by the temperature and the strain rate. It has already been 
pointed out that it follows from eqn. (4) that the front between triggered and 
non-triggered spots occurs in a narrow band of E or 0. It follows that, as a close 
approximation, the fundamental state of the metal can always be given by a point 
on the invariable reference curve, irrespective of the temperature at which 
straining occurred; it is an approximation because the shape of the front depends 
on the temperature. If the metal is in condition F, fig. 26, through being strained 
at absolute zero, all the soft spots associated with OF have been triggered and 
none from FA. On the other hand, if the same total strain be obtained at a finite 
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temperature, some of the OF spots will remain and some of the FA spots will 
have been triggered ; the middle of the front will be centred on F. The distribution 
curve becomes less square in form as the temperature is raised. But, in the 
temperature range in which only « creep occurs, it is permissible to consider 
the fundamental state of the material to be fixed by a point of the reference curve. 

This is confirmed by the tests in which the temperature was changed between 
taking creep curves at increasing applied stresses. It was found that the creep 
curve was independent of previous straining history as long as additional 
straining occurred at the start; this is sufficient to eliminate any differences due 
to the different shape of the front at different temperatures. 


§ 13. EQUATION OF STATE 


This theory of transient creep leads to an equation of state, F(a, <, de/dt, T) =0, 
which was found to exist in the experiments. 

Let the reference curve be given by o,=R(e). Following the discussign of 
the previous section, the applied stress is givén by o, =0,—96,. 

Therefore 

op= Re) 205 Oe eee (10) 
where @,, is the mean activation stress at which half the spots are triggered. 
6,, 18 a function of «, de/dt and T. From eqn. (4), putting p=} and E=E£, 
In 2=vt exp (— E,,/RT). 

From eqn. (6a) t = SN(E, 0)RT/(de/dt). 
Hence substituting 


(de/dt) In 2 7 
SNE, ORT XP \— Ele?) 


i.e. Ey, =kT In aes a ins 
By eqn. (9), writing A/kT=C), 0,,=C,Em+C, where C, and C, are functions 
of the total strain e. 
Hence CeCe aa { 
Substituting in eqn. (10) 
o, =R(e)+ CRT In {(de/dt) In 2}— C,RT In {vSN( E, 0)RT} + C. 


de Che 


a 


vSN(E, 0)RT 
(de/dt) In 2 \ 


where C), C,, v, S, N(E, 0) are functions of the total strain only. 


§ 14. VALUES OF v AND E,, 


Consider the variation of the applied stress with temperature for a fixed 
strain and strain rate. Rearranging eqn. (11): 
o  R(e)+C, 
Cha CR 
Hence, if (T'In T+ o,/C,k) is plotted against 7, the points should be on a straight 
line. This is shown in fig. 29 for copper at various strains; C,k was deduced 
from the increment tests, since C\k= A/T and A is defined by eqn. (8). The 
slope equals [In{(de/dt) In 2}—In (vSN(E, 0)k]. Inserting the value of SN(E, 0) 


Telnet +[In {(de/dt)ln 2} —In {vSN(E, 0)R}]T. ... (11.2) 
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which by eqn. (7) may be deduced from the creep curves, the frequency of thermal 
fluctuation is obtained; values are given in table 6. These are considerably 
higher than those usually accepted in dislocation theory. The values are 
dependent exponentially on the terms in eqn. (11a). Hence any approximation 


Table 6. Frequency of Thermal Fluctuations in Copper 


% Strain 15 3 6 10 
v SP ahOes Bey << OK OKO Dix (022 


Table 7. Activation Energies at Strain Rate 10-* sec"? 


Strain x 102 1:5 3 60 100 
E,,/RT (ev) 38-7 41 433 46-8 
Ey, at 27°C (ev) 1 1-06 1:12 1-21 


in the earlier steps of this theory will produce a large error in v. One such 
approximation is the relationship between E£,, and @,, which has been discussed 
in §11. 
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E,, is obtained from eqns. (4) and (6a) with p=3, whence 
de_ SNE, O)RT (—E.,/RT) = av exp (— E,,/Rt) 
die Slat trast In 10 In 2 


Values of E,, are given in table 7. 


§ 15. CONCLUSIONS 


There are two types of transient creep in pure metals. At low temperatures 
and stresses, « creep predominates and the strain is proportional to log (time) ; 
at high temperatures and stresses, 8 creep predominates and the strain is 
proportional to (time)"*. In an intermediate range the creep is compound. 
In the « range only, when the stress and temperature are altered in a specimen, 
the metal obeys an equation of state F(a, ¢, de/dt, T) =0. 


480 O. H. Wyatt 


% creep and the experiments in the « range can be explained by a theory in 
which the deformation occurs by the thermal activation of soft spots whose 
distribution is represented macroscopically by a single stress-strain curve or 
reference curve. All creep, speed and temperature effects can then be 
considered in terms of the shape and position of the front dividing activated 
from non-activated spots. [ creep may be related to some recovery process. 
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Abstract. Two or more dislocation lines meeting at a point constitute a node. 
In face-centred cubic lattices a dislocation can split into two partial dislocations. 
The requirements of crystal geometry impose certain limitations on the arrange- 
ment of partial dislocations at a node. The various possibilities are discussed. 
It is shown that some nodes are fixed relative to the lattice, while others can 
move by glide processes in certain crystallographic directions. The length of 
dislocation line joining two nodes can function as a Frank—Read source. The 
effect of the node structure on the behaviour of the source is considered, and it is 
shown that such a source may progressively change its character during the 
process of dislocation production. 


§ 1. INTRODUCTION 


HE concept of a dislocation, which plays such an important role in current 

theories of the mechanical properties of crystals, is of general validity and 

is not restricted to any particular crystal structure. For simplicity of 
exposition it has been usual in the past to consider a simple cubic lattice, and 
many general theorems can be satisfactorily established on this basis. If the 
matter is to be pursued into greater detail, however, it becomes necessary to 
consider the limitations imposed by each particular type of lattice. One 
important case which has received some attention is that of the face-centred 
cubic lattice. It was pointed out by Heidenreich and Shockley (1948) that a 
| dislocation lying in a {111} plane can dissociate into two partial dislocations 
+ separated by a ribbon of stacking fault, the ribbon lying in the {111} plane, which 
) is the glide plane of the dislocation. If the energy is diminished to any 
) considerable extent by this dissociation process, almost all dislocations will 
t tend to lie in {111} planes, and be so dissociated. ‘This idea provides a natural 
| basis for an explanation of the almost universal occurrence of {111} planes as 
_ glide planes in face-centred cubic crystals. 

There are four essentially different sets of {111} planes, lying parallel 
respectively to the four faces of a regular tetrahedron, and the ribbons of stacking 
» fault, which can be regarded as constituting the extended dislocations, must be 
thought of as confined to these planes. One obtains a very convenient 
» nomenclature by using such an imaginary tetrahedron as a basis of reference. 
» Corresponding to the fact that each atom has twelve nearest neighbours, there 
are twelve possible Burgers vectors for the simplest perfect (i.e. undissociated) 
dislocation. These are all equal in magnitude (=, say) and are representable 
by the six edges of the same tetrahedron, each considered in two senses. If a 
» perfect dislocation dissociates into two partials, the Burgers vectors of the partials 
will lie in the glide plane, and will be representable by the two lines which join 
- the ends of the appropriate edge of the tetrahedron to the mid-point of that face 
' which is parallel to the glide plane. 
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Figure 1 represents the four faces of the tetrahedron opened out so as to lie 
in one plane. ‘The vertex D was originally below the plane of the paper. The — 
following nomenclature will be used. Vertices of the tetrahedron will be denoted 
by A, B, C, D, the mid-points of the opposite faces by «, f, y, 5 respectively, 
and the faces in which these points lie by (a), (b), (c), (d). Burgers vectors will 
be specified by their two end points, thus: AB, AB. 

If several dislocation lines meet at a point it is geometrically necessary that 
the sum of their Burgers vectors be zero (Frank 1951). The vectors must be 
defined in some consistent manner from the viewpoint of an observer, situated 
at the point in question, and looking outwards along each dislocation line in 
turn.* In a face-centred cubic lattice this condition alone clearly permits 
2, 3, 4 or—in principle—any number of perfect dislocation lines to meet at a 
point, forming a 2-fold, 3-fold, etc. node. So long as the dislocations are 
dissociated into partials, they will be constrained to lie in {111} planes, but no 
restriction is placed on their directions in those planes. ‘The strain energy in 
the surrounding crystal can be regarded as conferring on the dislocations a line 
tension. Thus, in the absence of any crystallographic restrictions on their- 
positions, three dislocation lines meeting at a point in an otherwise perfect crystal 
subject to no externally applied stress would be straight, would lie in one plane 
and would make angles of 120° with one another. In a well-annealed real crystal, 
even when any possible crystallographic restrictions are imposed, it is reasonable 
to assume that the configuration at a threefold node will tend to be not very 
different from this. 

One is thus led to the concept of a three-dimensional network of dislocation 
lines existing in a crystal. ‘The mechanism proposed by Frank and Read (1950) 
for the generation of new dislocations envisages a finite length of dislocation 
line, ‘anchored’ at its ends, about which it can rotate, so producing one new 
dislocation loop per revolution. It has been suggested that the side of any mesh 
of the dislocation network may act as such a Frank—Read source. The purpose 
of this paper is to consider what limitations, if any, the dissociation into partial 
dislocations will impose on the possible dislocation nodes, and on the behaviour 
of the Frank—Read source. ‘This approach draws attention to the essentially 
three-dimensional nature of the processes taking place, which it is easy to 
overlook when making a theory of work-hardening, or creep, or similar phenomena. 


§2. 'TWoroLp NopEs 


Throughout the following we consider that all dislocations lie in {111} planes, 
in which they dissociate in the manner proposed by Heidenreich and Shockley. 
We begin by considering the meeting of two dislocation lines. The Burgers 
vectors of the two perfect dislocations must be equal and opposite and, in the 
above notation, can be taken as, say, AB and BA. ‘Two possibilities now arise: 

(i) The two dislocations lie in the same plane, say (d). ‘The first will have 
dissociated into Aé and 5B and the second into B8 and 8A. According to the 
rule given in the Appendix, the only possible arrangement of these is shown 
in fig. 2(a), in which the lines represent the position of the dislocations, and the 


*'The force of much of the discussion which follows depends on a clear appreciation 
of the geometrical relations involved. Since there is a certain element of arbitrariness 
in the formal definition of a Burgers vector, the viewpoint adopted here is summarized 
in the Appendix. 
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symbol attached to each specifies its Burgers vector, defined by an observer 
situated at the node O. Owing to the mutual repulsion of the partial dislocations, 
the configuration of fig. 2(a) will be able to reduce its energy by changing into 
2(6), and this will therefore be the condition actually found. No restriction is 
placed on the directions of the partial dislocation lines in the plane. ‘The above 
is, in fact, simply a description in terms of present concepts of a bend in a 
dislocation ribbon. 

(ii) The two dislocation lines do not lie in the same plane. Since the Burgers 
vectors are AB and BA, the only possible planes in which they can lie are (c) and 
(d). If AB lies in the plane (c), say, its partials will be Ay and yB. BA must 
then lie in plane (d), and its partials will be BS and 5A. It is not now possible 
by any combination of these quantities to form two twofold nodes of partial 
dislocations, as was done above, and still satisfy the fundamental condition of 
zero vector sum at each. We can, however, satisfy this condition if we form two 
such nodes and then join them by another dislocation line, whose Burgers 
» vector lies along the direction dy (fig. 3(a)). ‘This would be described as a 
dislocation with vector y6 if seen from O’ and as dy when seen from O. The 
direction of the vector is along the join of the mid-points of two faces of the 
tetrahedron and its magnitude is b/3, as can readily be seen from the geometry 
of the tetrahedron (4 is the Burgers vector of a perfect dislocation, 1.e. the length 
of an edge of the tetrahedron). 

The dislocation with vector 6y must, by definition, lie along the line of 
intersection of the planes (c) and (d), i.e. it must be straight and parallel to AB. 
Since AB and dy are necessarily at right angles, it must have edge character. 
Any movement, however, is dictated by possible movement of the dislocations 
with vectors AB and BA. ‘These can move each in its own glide plane, and will 
probably be able to carry 5y with them; if this happens, it will be moving 
parallel to its own length. It is peculiar also in that it cannot exist in a perfect 
lattice. It represents, in fact, the singularity where a ribbon of stacking fault 
bends from one {111} plane to another.* ‘There are twelve possible Burgers 
» vectors for such dislocations, comprising six oppositely directed pairs. 

Such a stair-rod dislocation will be characterized by a certain energy per unit 
» length. An ordinary dislocation ribbon will adopt that separation of the two 
partial dislocations which makes its energy per unit length a minimum. ‘The 
_ possibility therefore arises that the system of fig. 3 (a) may reduce its energy by 
) adopting the configuration of fig. 3(b). ‘The increase in energy caused by 
» reducing the width of the ribbons at their ends has been more than compensated 
| by the reduction in length of v6. In the limit, if y6 were to shrink to zero length, 
» we would have a fourfold node of partial dislocations. This is the situation 
which has hitherto always been assumed to exist, but the above argument shows 
_ that it is, in fact, only a limiting case, and unlikely to be found in practice. 

If the signs of the quantities involved in the above argument be considered 
in detail, it will be found that it has been tacitly assumed that the dislocation 
| ribbon bends from one {111} plane to another in such a manner that the two arms 
_ make an acute angle with one another. It can also make the same change in 
» such a manner that the included angle is obtuse, and the same kind of argument 
* can be applied to this case also. It is found that the Burgers vector to be 


* The descriptive name ‘ stair-rod’ dislocation has been suggested by Mr. F. R. N. 


| Nabarro. 
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associated with the singularity at the bend now has a direction parallel to the 
line joining the mid-points of two opposite edges of the tetrahedron, and a ~ | 
magnitude equal to two-thirds of this length, i.e. is equal to 1/2b/3. There 
are six such vectors, three and their negatives. In the particular case shown in 
fig. 3(c), for example, it is equal to yA+ 6B when seen from O, and to A$ + By 
when seen from O’. The sum of these two quantities (=yA+A5-+ 6B + By) 
is clearly zero as required. The direction of either is along the join of the 
mid-points of AB and CD. No simple notation is obvious to describe such a 
vector: but one which is self-consistent and tractable emerges if we note that 
the mid-points of AB, y3, «8 and CD are collinear and equally spaced. ‘The 
vector in question can thus be represented by CD|aB (or a8 |y5 or y5|AB), 
where the order of the letters on either side of the vertical bar is immaterial 
(i.e. CD|a8=DC|a® etc.) and the symbol denotes a vector equal to twice 
the join of the mid-points of CD and «8. We thus have 


CD|a®8 etc. =Ca+ DB=CB+ Da 
=yA+ B= 7B+ 5A. 


The negative of this vector will be denoted by aB|CD etc. Since CD|a® is 
perpendicular to AB, the singularity again has edge character. We may note 
also that CD|a® is perpendicular to y, i.e. the Burgers vectors of the two 
singularities which can lie along AB (when a ribbon bends from plane (c) to 
plane (d)) are at right angles to one another. 


§3. "THREEFOLD NODES 


We turn now to the consideration of threefold nodes, and again there are a 
number of different possibilities. 

(i) All three dislocation lines lie in the same plane, say (d). ‘The principle of 
zero vector sum requires that their Burgers vectors be AB, BC and CA (or the 
negatives of these quantities); these will split up into partials AS+ 8B, etc. 
There are two cases to be considered, depending on the cyclic arrangement 
of the three dislocation lines. ‘The first is shown in fig. 4(@). When the 
dislocations split into partials, these can cancel in pairs near the node and 
produce the configuration shown in fig. 4(b). The second is shown in fig. 4(c). 
When the dissociation takes place there is no obvious way in which they can 
rearrange themselves which does not increase the energy of the system. Thus 
there appear to be two different types of co-planar threefold node (figs. 4(b) and 
4(d)) which can be conveniently distinguished as ‘extended’ and ‘contracted’ 
types respectively. Both types can move as a unit in the glide plane without 
difficulty. 

(ii) Two only of the dislocation lines lie in the same plane. Let the plane be (d) 
and the two Burgers vectors concerned be AB and BC. The third dislocation 
must therefore have vector CA, and since, by hypothesis, it does not lie in (d), 
it must lie in (b). The partial dislocations are thus A$+6B, BS+6C and 
CB+BA. Possible configurations can perhaps be most simply discussed by — 
regarding them as combinations of simpler units already described. Thus we 
may take either of the co-planar threefold nodes (figs. 4(6) and 4(d)) and cause — 
one of the ribbons to bend through either an acute or an obtuse angle, the 
bending taking place at the node itself. In this way the four arrangements _ 
shown in figs. 5(a)-(d) are obtained. It is possible for all of these to move by 
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glide processes but only in the direction AC, each dislocation ribbon moving 
in its own glide plane. 

It should be remembered that no restriction is placed on the direction of the 
dislocation lines (except stair-rod dislocations). This brings to light another 
feature. Suppose, for example, that in fig. 5(a) the two dislocation ribbons 
lying in plane (d) are made to rotate away from each other. The configuration 
of fig. 5(e) will eventually arise. The two partial dislocations 6B and B6 will 
now be able to annihilate one another near the point O, and thus give rise to 
fig. 5(f) which, in turn, will probably be able to reduce its energy by turning 
into fig. 5(g). In the same way, if the two dislocations of fig. 5(b) are caused 
to rotate, the arrangement of fig. 5() would arise, and this in turn would 
probably contract to fig. 5(¢). Thus by a rotation of dislocation ribbons in 
their own glide plane, about a node as a pivot point, it is possible for a contracted 
node of the type 5(a) to change continuously into an extended type 5(b) and 
vice versa. The same argument applies, of course, to figs. 5(c) and 5(d), and 
we shall meet other examples Jater. 

(111) Finally, it may happen that no two of the dislocation ribbons le in the 
same glide plane. It is again convenient to think of this situation arising from a 
co-planar threefold node by the bending of two (or three) of the ribbons into 
different {111} planes. Now, although the direction of a ribbon in its glide 
plane is arbitrary, the direction of the line of bending is not : it must be parallel 
to one of the edges of the reference tetrahedron. ‘Thus if one of the dislocation 
ribbons, which is considered to remain unbent, lies in plane (d) and has as its 
vector AC, then the two bend lines must be parallel to the directions BC and 
' BA, and the vectors of the other two dislocations will be CB and BA. 

Subject to this limitation, the two bend lines can be arranged in four different 
ways, giving rise to the four types of node shown in figs. 6(a)-(d). ‘These 
diagrams are all drawn on the assumption that the two dislocation ribbons which 
_ do not lie in the plane of the paper are both above it. If either or both of them 
_ are below the plane of the paper other configurations arise, but these introduce 

no novelty into the discussion at this stage, and need not be considered further. 
| The partial dislocations are lettered according to the rule given in the Appendix, 
and it will be observed that all the stair-rod dislocations are of one or other of 
the two types already encountered. 

The direction of the dislocation ribbon which lies in the plane of the paper 
is, as usual, quite arbitrary and if we consider it to be rotated about the node 
by 180°, quite a new situation arises (figs. 7(a)-(d)). It is now no longer possible 
to satisfy the rule of zero vector sum at all the partial nodes without postulating the 
existence of two new types of stair-rod dislocation. It is not difficult to show 
that these would have Burgers vectors of magnitudes 4/55/3 and 4/76/3 
respectively, with directions which bear no simple relation to the reference 
tetrahedron. (Their representation involves the use of the points of trisection 
of the edges.) This suggests that the nodes of figs. 7(a)-(d) may not, in fact, 
exist in that form at all but may take up the contracted arrangement exemplified 
in fig. 7(e), which is derived from 7(a). It will be difficult to decide between 
the two by any argument based on energy considerations. In fact it may not 
have much meaning to ask whether high-energy stair-rod dislocations of this 
type exist for a short distance close to a node. The lattice will be rather violently 
distorted for some little distance from such a point, and it may be a deceptive 
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simplification to represent a dislocation by a geometrical line and, a ee a 


contracted node by a point.* 

(iv) Whatever the detailed configuration at a node may be, we can draw some 
general conclusions from the previous discussion. (a) T'wofold nodes can always 
move by glide processes, albeit in one direction only relative to the lattice. 
(b) Threefold nodes of the type discussed under (ii) above are subject to the 
same limitations as twofold nodes. (c) Threefold nodes discussed under (iii) 


above cannot move at all by glide processes. These latter will form ideal anchor | 


points for the operation of a Frank—Read source, but the other types are not 
completely excluded. (d) The ribbons of stacking fault will probably either 


all come to a point at the node (contracted type) or will all be bounded at the node | 
by one (or two) dislocations of the stair-rod types already discussed. (e) Fourfold 
nodes, and those of higher order, are unlikely to be important, since they will © 
usually be able to split up into threefold nodes joined by short lengths of new | 


dislocation lines. 
§4. OPERATION OF A FRANK—READ SOURCE 

We proceed now to consider the implications of the structure of a node on 
the operation of a Frank-Read source. The essential feature of this process 
is that a dislocation rotates in its glide plane about a point on its length and gives 
rise to one unit of slip each time it completes one revolution. It is suggested 
that one possible type of anchor point for this rotation is a dislocation node. 
We enquire first whether the structure of the various types of node will have any 
effect on the first revolution, and consider later the results of repeated operation. 


(i) The First Revolution 

The behaviour is found to depend on the nature of those other singularities, 
in addition to the dislocation ribbon whose motion is being considered, which 
also lie in the glide plane. We consider four cases in turn. (ia) The glide plane 
contains no other singularity, e.g. the dislocation CA of fig. 5(a) rotates in 
plane (b). The rotation proceeds unhindered and calls for no comment. 
(ib) The rotating dislocation terminates in a stair-rod, e.g. BA of fig. 3 (a) rotates 
in plane (d) or CA of fig. 5(b) rotates in plane (b). Taking the former as an 
example, figs. 8(a)-(f) represent successive stages in the motion of BA. As 
the applied stress is increased, a time will arrive when the partial dislocation 5A 
lies very close and almost parallel to y& (fig. 8(b)). The resultant yA formed 
by the coalescence of these two will almost certainly have a lower energy than 
the two separately, and thus they will combine to give fig. 8(c). The dislocation 
line OO’ is now an ordinary partial, and no longer constrained to lie in any 
particular direction; thus it may move in plane (c)—depending on the shear 
stresses acting in this plane—and so transform the node at O into a contracted 
type, with four partial dislocations meeting at a point. But whether or not this 
takes place, a further rotation of the moving dislocation can give rise to fig. 8 (e), 


either through the intermediate state of fig. 8(d), or directly by a splitting up | 


of the contracted node at O. The full dislocation with vector BA has thus 
pivoted round through 180°, so that whereas it started by making an acute angle 


with the rest of the node (stair-rod dislocation 8y), it now makes an obtuse angle — 


* We may note that similar arguments can be applied to contracted nodes of types 
already considered, e.g. figs. 5 (a) and (c), and even fig. 4(d). It is usually possible to 
think of the partial dislocations uniting to form some new type of high energy for a short 
distance before they reach the central point. 
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(stair-rod dislocation AB|CD). If the process is continued on similar lines, 
we pass through the state shown in fig. 8(f) and eventually return to the original 
configuration of fig. 8(a). (ic) The plane of the rotation includes two stair-rod 
dislocations: e.g. AC of fig. 6(a) rotates in plane (d). We have already seen 
that when the rotation has proceeded through 180°, the node will probably have 
changed from the extended type of fig. 6(a) to the contracted type of fig. 7 (e). 
It is not clear what the intermediate stages will be in detail, but they will almost 
certainly involve a gradual shortening of the two stair-rods. A further rotation 
of 180° will restore the status quo ante. (id) The plane of the rotation includes 
a second dislocation ribbon: e.g. AB of fig. 5 (5) rotates in plane (d). Here we 
must distinguish between the two directions of rotation. If this is anticlockwise, 
the two dislocation ribbons will eventually coalesce in the immediate vicinity 
of the node, and any further movement will come about by the branch AB 
sliding along the branch BC, the resulting co-planar threefold node being of 
the extended type (fig. 9(a)). The details of a clockwise rotation are more 
difficult to follow. A reasonable guess would be that the rotation converted 
the node from the extended to the contracted type (figs. 9(6)-(d)). AB would 
then be able to slide along the other side of BC, the co-planar threefold node 
being this time of the contracted type. 

Thus in three of the four cases the splitting of the dislocations into partials 
gives rise to little hindrance to the rotation of one of them in its glide plane 
about the node; the second and subsequent revolutions will be no more difficult 
than the first. Moreover, these three include the important case in which all 
the dislocation ribbons lie in different glide planes, and the node itself is thus 


' unable to move by glide processes. In the fourth case ((id) above) only a 


limited rotation is possible—less than one complete revolution—and it is 
impossible to discuss the further behaviour without a knowledge of the nature 
of the adjoining nodes in the dislocation network. 


(ii) Repeated Operation of a Source 
It has been implied above that when the dislocation ribbon can complete 


one revolution around the node, then the status quo ante will have been restored, 
_ and the way be open for another similar revolution. ‘This, however, cannot be 
. exactly true. For when a number of revolutions have been completed, giving 


rise, let us say, to a number of dislocation loops from a Frank—Read source, 


, then one half of the crystal in the neighbourhood of the source will have moved 
_ relative to the other half (separated from it by the glide plane) by an amount 
_ which is the product of the Burgers vector and the number of loops generated. 
- This motion will, of itself, have altered the situation at the node. 


Suppose, for definiteness, that we consider the node to be of that type in 


_ which the three dislocations move in different glide planes; this is the most 


firmly anchored of all types. Let the source be in plane (d) and have Burgers 
vector AC. Then the vectors of the other two dislocations will be either (a) CB 
and BA or (b) CD and DA. Consider the former possibility only for the moment. 
A dislocation with vector CB must lie either in plane (a) or in plane (d). By 
hypothesis it does not lie in (d); thus it must lie in (a). Similarly the third 
dislocation BA must lie in (c). Then, representing the glide plane (d) as the 
plane of the paper, it is probable that of the two dislocations which do not lie 
in (d), one will be above it and one below it. This is by no means a firm 
crystallographic requirement, but if we recall that dislocation lines have some 
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of the properties of elastic cords, and that at high temperatures they will possess 
a considerable freedom of movement, then it will be seen that it represents a 
position of much greater stability than that in which both lines lie on the same 
side of the glide plane. If this condition is in fact satisfied, then after a number 
of dislocation loops have been generated, one half of the crystal, carrying with 
it the dislocation CB, will have moved as a more or less rigid body relative to the 
other half, which contains the dislocation BA. 

A number of different possibilities arise, but it will suffice to consider only 
one of them in detail as an example. Nor is it necessary, at this stage, to consider 
how the full dislocations split up into partials. The initial configuration might, 
for example, be that shown in fig. 10(a); this represents a dislocation of edge 
type, with vector AC, which can act as a source in the plane of the paper, being 
anchored by a dislocation CB lying above the plane and one BA lying below the 
plane. In the glide motion both the two last named can be regarded, in the 
first place, as moving rigidly with the crystal in which they are situated, so that, 
after n loops have been produced, they will meet the glide plane in the points P 
and R respectively where PR lies parallel to AC and is of length nb. The source 
dislocation AC will continue to lie in the same glide plane, so that the situation 
in fig. 10(6) will arise. To satisfy the principle of zero vector sum, however, 
the points PQR must clearly be joined by dislocation lines with vectors as 
shown in fig. 10(c). PQR have been drawn collinear, but it will be seen at 
once that this need not necessarily be. Since these dislocations must lie in the 
plane of the paper—the glide plane—they will split up into partials as shown 
in fig. 10(d). If this state of affairs did arise, or any of the numerous possible 
variants of it, the source would still be able to operate as usual. The dislocation 
in the glide plane can slide along PR, pivot around either of the end points P 
and R, and slide back again on the other side of PR by processes which have 
already been considered. 

But it is, to say the least, doubtful that the situation of fig. 10(d) will in fact 
occur: for it should be noted that all of the nodes at P, Q and R can now move 
by simple glide processes in the glide plane. Whether or not they will do so, 
and in what direction, will depend partly on the direction of the dislocation 
lines which do not lie in the glide plane and, to an even greater extent, on the 
nature of the forces exerted on these dislocations by the applied stresses. We 
can imagine two extremes : (i) the points P, Q and R separate to considerable 
distances once the applied stress has done sufficient work to break up the original 
threefold node. (ii) The points P, Q and R continually move together again 
as each new dislocation loop is formed. ‘This is the more interesting possibility, 
and has the effect of moving the anchor point of the source a distance 6 (the 
Burgers vector) in a direction at right angles to b for every loop formed. | 
Moreover there need be no co-ordination between the behaviour of the anchor | 
points at the two ends of any one source, so that the source length may either | 
increase or decrease as successive loops are formed. Alternatively, a dislocation | 
originally of purely screw character may develop some edge character as the glide 
proceeds. 

The second possibility mentioned at the beginning of this section (namely 
that the two anchoring dislocations have vectors CD and DA) can be discussed | 
in a similar manner. Since CD and DA both have a component normal to the | 
glide plane (d), then, if they lie on opposite sides of it, the sweeping dislocation, | 
on completing each revolution, will have moved out of its glide plane by one | 
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lattice spacing. ‘This gives rise to a number of interesting possibilities, con- 
| sideration of which, however, must be left to another occasion. 


§5. CONCLUSIONS a 

The main results of this discussion may be summarized as follows: 

(a) It appears possible for a dislocation ribbon in a face-centred cubic lattice 
to bend from one {111} plane to another without the two partial dislocations 
coming together at the bend. As a corollary, the same kind of behaviour may be 

expected at a ‘jog’ in a dislocation (see Mott 1951). 
(6) Of the various threefold nodes which can be imagined, some can move 
by glide processes, but only in certain restricted directions relative to the crystal 
lattice, while others are unable to move by glide processes at all. 

(c) Such threefold nodes, and particularly the latter group, may act as the 
anchor points at the ends of a Frank—Read source of dislocations. In this event 
; the structure of the node will not usually prevent the operation of the source, 
) but it is not certain that it may not provide a certain energy barrier which has to 
) be surmounted each time a dislocation loop is generated. 

(d) With the repeated operation of a Frank—Read source, even the most 
) firmly anchored node may progressively move. In this way it is possible that 
+ such a source may necessarily change its length (in either sense) as the production 
} of new dislocation loops proceeds. 

In default of any quantitative estimates of the relative energies of the various 
» arrangements of dislocations, much of the discussion must remain somewhat 
) speculative, and it is doubtful if any useful purpose would be served by any 
+ more detailed study of the particular questions here considered. It is possible, 
however, to use with advantage the notation of the present paper to discuss 
S other problems of dislocation geometry, such as the formation of sessile 
+ dislocations. ‘The ‘dislocation reactions’ discussed by Cottrell (1952) can be 
* described as follows: If a dislocation with vector DC lying in plane (b) and 
| another CB, lying in plane (d), both happen to lie parallel to AC, then they can 
+ combine to give a dislocation with vector DB, whose line must also lie parallel 


i . 

: eeeAC, 1.e. Dc (b) + CB (d) —DB (b, d), 

where the notation of the right-hand side indicates immediately that the 
‘dislocation lies along the intersection of planes (b) and (d) and that it cannot 
i glide in a {111} plane. This is the equivalent of 

i 4a[101] + 4a[011] =4a[110). 

“If the original dislocations are both dissociated before the reaction takes place, 
+ we have instead DB +BC+C5+5B=DB+85+5B, 

where it is no longer necessary to specify the planes explicitly. Here the presence 
‘of the component 85 emphasizes the fact that the dislocation lines must have 
‘a certain direction (i.e. parallel to AC) and that the resulting combination is 
| sessile in the restricted sense of Lomer and Cottrell. ‘The equivalent reaction 
‘in the other notation is 

4a[112]+ 4a [211] + 4a[112] + $a[121] = ta[112] + 4a[112] + 4a[ 110). 
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APPENDIX i 


The formal treatment here given is based on that of Frank (1951). We first 
define the Burgers vettor of a dislocation line. We choose any point on the line 
as origin and assign, arbitrarily, the positive sign to one direction of the line 
leaving this origin. Looking outwards from the origin along the positive direction 
of the line, we make a circuit in the crystal in a clockwise sense: this circuit must 
link the dislocation line and close on itself. We make a ‘corresponding circuit’ _ 
(Frank 1951) in a similar and similarly orientated perfect crystal, i.e. one 
containing no dislocation line. This circuit will not close on itself. ‘The 
additional displacement needed to close the circuit in the ‘reference lattice’ 
is the Burgers vector of the original dislocation. 

We next give a rule for determining the direction of the slip movements 
involved when a specified dislocation line moves in a specified manner. We 
consider an observer to be situated in either of the semi-infinite crystals 
separated by the glide plane, and to be looking towards this plane. We make | 
a rotation of 90° in a clockwise sense from the positive direction of the dislocation 
line; this defines the positive direction of dislocation movement. Then when 
the dislocation line passes across the glide plane in the positive direction as so 
defined, that half of the crystal towards which the observer is looking will move 
relative to the half in which he is situated by an amount equal to, and in the 
direction of, the Burgers vectors. 

Thirdly, we consider the question of partial dislocations in face-centred cubic | 
crystals. As has already been stated, it is convenient to refer to a regular } 
tetrahedron, whose faces are parallel to the four {111} planes of the lattice. It 
should be noted that there are two essentially different ways of constructing and | 
lettering such a tetrahedron, which are mirror images of one another. One of | 
these should be chosen and used consistently. Once chosen, it is uniquely | 
orientated relative to the crystal. All operations are to be carried out from the | 
viewpoint of an observer situated outside the tetrahedron. 

Consider now a dislocation with Burgers vector, say BC, and lying in plane (d). | 
If it splits up into two partial dislocations their vectors will be B& and 8C, but |} 
we must now set up a rule to decide which vector is to be associated with which } 
dislocation line. ‘This is as follows: ‘The positive direction of the dislocation | 
line is already specified; then for an observer situated outside the tetrahedron, | 
and looking in the positive direction, the right-hand component will be B& 
(Roman-Greek) and the left-hand component &C (Greek-Roman). | 

If the rule given above for the direction of slip is applied to the passage of } 
such a dissociated dislocation across a glide plane, it will be found that the} 
sequence of movement of the atoms so specified is consistent with the zigzag | 


movement which would clearly take place. Moreover, in a perfect crystal no}} 
other mode of dissociation is possible. 
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Abstract. Methods of measuring work function are discussed. An apparatus. 
based upon Kelvin’s original method for the measurement of contact potential 
difference and suitable for use in vacua of 10-§mm Hg is described. The 
value of contact potential difference between copper and silver films evaporated 
on to tungsten sheets was found to be 0-28 + 0-03 volt, the silver being positive 
with respect to copper. 


§ 1. INTRODUCTION 

HE principal methods for the determination of the work function of a 

metal which depend upon either the study of thermionic emission or its 

photoelectric properties have certain limitations. Accurate thermionic 
emission data can be obtained only with the highly refractory metals such as 
tungsten, molybdenum or tantalum, and this method has little application to 
the lower melting point metals. Methods based upon the photoelectric effect 
have general applicability but require difficult and elaborate techniques if the 
best results are to be obtained; this limits their use as methods available to 
all laboratories. ‘The patchy or non-uniform structure of some surfaces may 
also result in the determination of values of work function which are not 
representative of the surface by these methods. 

The contact potential difference between two clean metal surfaces is 
numerically equal to their difference of work function; this fact enables the 
work function to be determined from contact potential difference measurements. 
Such measurements have usually involved the use of free electrons as in the 
diode, electron beam and magnetron methods. ‘The use of electron beams is. 
a disadvantage when measurements are made on patchy surfaces. 

It is difficult to see how patchy surfaces can be avoided, for the studies of 
thermionic emission, field emission and contact potential difference measurements 
on single crystals provide reliable evidence for the variation of work function 
with crystal face (Herring and Nichols 1949). In general, therefore, a poly- 
crystalline film of metal presents a surface comprised of patches of different 
work function; these patches may differ in work function to the extent of 
several tenths of a volt, and the value measured for the whole surface may 
depend upon the method of measurement used. Measurements based on the 
photoelectric effect yield values weighted in favour of the areas of low work 
function. Contact potential difference measurements with the electron beam 
method as used by Anderson (1949) and Mitchell and Mitchell (1951), involving 
the comparison of (electron current, retarding potential) characteristics for a 
beam of electrons striking the surfaces, would also be affected by the patchy 
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nature of the surfaces, although not to the same extent as the photoelectric 
method. A further consideration which limits the use of the electron gun 
method is the effect of reflection of the electrons by the surfaces under 
investigation. If these surfaces possess different electron reflection ratios for 
electrons with thermal energies, then the parallelism of the cut-off characteristics 
can be changed; furthermore, the relative displacement of these curves is also 
altered, resulting in errors in the measured contact potential difference. ‘This 
method should therefore be used only when the two substances have similar 
electron reflection ratios for thermal electrons; the latter condition is satisfied 
when the retarding potential characteristics have identical shapes in the region 
immediately preceding and during cut-off. 

The original method of Kelvin does not encounter the above difficulties; 
the true average contact potential difference between the surfaces is measured, » 
and the method lends itself to the investigation of processes affecting the work 
function of a metal more easily and more reliably than the former methods. 
The metals whose contact potential difference is required form the active 
surfaces of a condenser. If a contact potential difference exists and the capacity 
of the condenser is changed, a flow of charge results. When one plate is caused 
to vibrate, an oscillatory flow of charge is obtained which can produce a signal 
voltage capable of being amplified and registered on a cathode-ray oscilloscope. 
This signal may be reduced to zero by applying an external potential in series 
‘with the condenser; this potential is then equal and opposite to the contact 
potential difference. 

This principle has been used in the design of apparatus for the measurement 
of contact potential difference in air and in vacua of 10~->mm Hg, but such 
apparatus is not suitable for operation under the best vacuum conditions. 
The method described below may be used under the highest vacuum conditions, 
and is easily adapted for studying factors affecting the work function of metals. 
In this apparatus a varying capacitance is produced by an extremely. light 
mechanical shock causing the vibration of a condenser plate attached to a 
tungsten wire. 


§2. APPARATUS 


The condenser was formed by two circular plates of tungsten sheet, 
diameter 2 cm and thickness 0-0025 in. One of these plates was spot welded 
to a straight tungsten wire, diameter 0-3 mm, length 2:5 cm, the other end of 
the wire being welded to a nickel rod, diameter 1 mm. The second plate carried 
a polished tungsten wire, original diameter 0-6 mm, polished to a diameter 
0-55 mm, mounted at right angles to the plane of the disc. This wire was 
polished electrolytically until it would just slide easily into a short length of 
stainless steel tubing, length 6 mm, this tube being attached by nickel tape to 
a nickel rod, diameter 1 mm. ‘The plate was prevented from sliding out of 
the tube by welding a small piece of nickel rod to the end of the tungsten wire 
to act as a stop (fig. 1). ‘The polished wire mount for the plate moved freely 
in the tube, which formed a convenient guide and support for the second disc. 

These plates were attached to the two central wires of a ten-wire pinch. 
The nickel rods were bent and cut so that the plates were parallel, opposite 
one another, and separated by a gap of not more than 1 mm when the nickel 
stop was against the steel tube. On tilting the pinch the plates could then 
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be separated by a distance of about 2 cm by allowing the second plate to slide 
in the guide tube. In this way the plates could be separated or brought close 
together merely by a slight tilt of axis. 

The remaining eight wires of the pinch were distributed about its 
circumference and served to carry the screen, evaporators and other accessories 
described below. A factor to be considered in the design of this apparatus was 
the shielding of the condenser and supports from stray electrostatic charge 
that might reside on any neighbouring insulator surface: in addition, it was 
necessary to screen from unwanted signals. For this purpose a molybdenum 
screen in the form of a cylinder, length 1-5 in., diameter 1-5 in., sheet thickness 
0-0025 in., with partially closed ends, was used to surround the condenser 
assembly. The top of the cylindrical cage was closed by two segments of 
molybdenum sheet, allowing sufficient room for the nickel rods to pass through. 
The bottom of the cage was closed in a similar fashion, but a 1 cm gap running 
parallel to the condenser plates was left. In this gap a helical filament of 0-2 mm 
diameter tungsten wire was mounted, and was used to de-gas the condenser 
plates by electron bombardment. 


Fig. 1. The arrangement of the Fig. 2. Cross section through the central plane 
condenser plates. of the apparatus showing the condenser 
plates separated for the deposition of metal 

from the evaporators E. 


The metals used were deposited on to the tungsten plates by evaporation 
in vacuo. For this purpose evaporators consisting of filaments of molybdenum 
wire, diameter 0-3 mm, were used as shown in fig. 2. 

The molybdenum cage also served as a screen for the evaporators, which 
were mounted in the central plane of the system, one on either side of the cage. 
In order that the evaporated metal would strike the plates when at their 
maximum separation, two doors were cut into the molybdenum cage and 
bent inwards as shown in the diagram. Each evaporator could deposit metal 
at oblique incidence on one plate only; furthermore, metal from one evaporator 
could not strike the other. 
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All the parts essential to the measurement of a contact potential difference 
were carried by one pinch which sealed comfortably into a tube, diameter 3 in., 
length 7 in. Gauge and getter tubes were added in the usual way. All parts 
were fastened both to one another and to the pinch by spot welding, and all 
were capable of adequate de-gassing either by electron bombardment or by 
eddy current heating. 

A further advantage of this design was that when the metals were evaporated 
almost the whole of the inside surface of the glass envelope was covered with 
metal. This layer acted as a getter and, furthermore, made a second Faraday 
cage to screen the condenser system since the conducting layer could be earthed 
by a tungsten wire spring contact to the molybdenum cage, which itself was 
always maintained at earth potential when measurements were made. ‘The 
parts not covered by evaporated metal were the two central pinch wires, where 
extremely good insulation was required; these were screened by the molybdenum 
cage. A small area at the bottom of the tube and two narrow longitudinal 
sections did not receive evaporated metal; these parts were therefore initially 
covered with a layer of aquadag which was baked into the surface. It was 
convenient to make the connection from the cage to this aquadag covering. 
After evaporation the whole of the inner surface was covered with a conducting 
layer. 

‘The glass and metal parts were cleaned using the accepted techniques for 
high vacuum work. In addition the metal parts were also heated to 850°c in 
a stream of hydrogen. Reference should be made to the paper by Mitchell and 
Mitchell (1951) for details of these procedures. 

The evaporator beads were prepared by fusing short lengths of Johnson 
Matthey H.S. pure copper and silver wire on to the V’s of the molybdenum 
filaments. This process was carried out in a stream of hydrogen, the filament 
having been cleaned by flashing in hydrogen. The pinch was sealed into the 
glass envelope using a glass lathe, an atmosphere of nitrogen being maintained 
in the tube during this process to prevent contamination by flame products. 
A sensitive ionization gauge and a molybdenum filament getter tube were added. 

The tube was exhausted on a mercury diffusion pump backed by a rotary 
oil pump. ‘Two liquid air traps were used, one on the high vacuum side and 
the other to separate the diffusion pump from the greased joints that were 
used in the backing side. This latter trap was immersed in liquid air throughout 
the whole of the pumping procedure. 

The usual high vacuum practice was followed, and between baking at 450°c 
the metal parts were de-gassed. ‘The molybdenum cage was easily heated to 
1000°c by eddy current heating. The cage, however, screened the two tungsten 
plates which at this stage were always placed at their maximum separation; 
they were de-gassed by heating to 1000°c by electron bombardment. The 
ionization gauge was de-gassed by electron bombardment and the getter filament 
by flashing to above 2000°c. 

Before sealing the tube from the pump the evaporator filaments were 
repeatedly flashed to de-gas the metal beads and sufficient metal deposited to 
cover the inside of the glass envelope. The constriction was de-gassed at dull 
red heat and the tube sealed off with both evaporators and the getter filament 
hot. ‘The pressure after sealing from the pump was never greater than the 
limiting reading of the ionization gauge, 3-5 x 10-8 mm Hg. 
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The tungsten plate always moved easily in the guide tube after the de-gassing 
treatment described. 

Variation of the capacity of the condenser formed when the plates were at 
their minimum separation was provided in a very simple manner. Gentle 
tapping of the glass envelope caused the plate attached to the tungsten wire 
to vibrate; being in a vacuum the plate vibrated quite freely, the internal 
friction of the tungsten being the only source of damping. 


$3. THE ELECTRICAL CIRCUIT 


The condenser was placed in series with a potentiometer, the whole being 
shunted by an 8-megohm high stability carbon resistor. The signal 
generated across this resistor was first amplified by a single valve amplifier 
using an E.F.37A tube and then by the amplifiers of a cathode-ray oscilloscope. 
An estimate of the signal voltage developed across the resistor is given below. 
This estimate is based upon the assumption that the distance between the 
condenser plates varies sinusoidally with time. The exact nature of the 
vibration is not simple harmonic in form, but a reliable estimate may be made 
with this assumption. ; 

dV, the voltage across the resistor, is given by : PS a 
RV Aup cos pt 1 / 
4rd (1+asin pt)? 9x10" 
where R=resistor value (8 x 10°Q), V =potential across condenser, A =area of 
condenser plate (7 cm?), p/27=frequency of vibration (~50 c/s), d=normal 
separation (0-1 cm), « =amplitude of vibration (0-05 cm). 

Using these numerical values, V3, =5 x 10°% v. 

The maximum signal for a difference in potential of 0-01 v between the 
condenser plates is therefore 5«10-°v. With the amplifiers used it was. 
possible to measure potentials to this accuracy. Precautions were taken to 
eliminate microphonic noise, and all leads were carefully screened to avoid 
amplification of unwanted signals. The E.F.37A tube was chosen for its. 
anti-microphonic properties and extremely low grid current. 

The vibrating plate, being surrounded by an earthed screen, also had 
capacitance to earth. It was shown experimentally that the variation of this. 
capacitance caused when the plate vibrated was too small to influence the 
measurements. 


oV= volts, \% 


$4. PROCEDURE 


All electrodes other than the condenser plates were earthed. ‘I'he condenser 
plates were separated by tilting the tube and the metals under investigation 
evaporated; the movable plate was then placed into the measuring position. 
The wall of the tube was gently tapped with the finger and the signal on the 
cathode-ray screen reduced to zero by adjustment of the potentiometer. 
A millivoltmeter measured the external potential applied to the condenser. 
With this apparatus a measurement of contact potential difference to within 
+0-01 volt could be made in less than one minute after the evaporation had 
been completed. 

The contact potential difference between evaporated layers of copper and 
silver was found to be 0:285+0-03 v, silver being positive with respect to. 
copper. This result is the mean of measurements on ten pairs of films. In 
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the first tube of this pattern a nickel cage was used, but nickel evaporated on 
to the evaporator beads during eddy current heating; the evaporators were 
therefore contaminated with nickel, which readily forms solid solutions with 
copper and silver. This tube gave a result 0-4-0-35 v, but no significance has 
been attached to it for the above reason. Molybdenum metal has been used 
in all subsequent tubes. 

No change in contact potential has been found to occur with time after the 
evaporation: the same value of potential has been measured a week after 
evaporation as was measured immediately after the evaporation was made. 
It is considered that the values given above are representative of clean copper 
and silver surfaces. 

The excellent vacuum conditions are attributed not only to the careful 
pumping schedule but also to the gettering action of the large area of evaporated 
metal that covered the inside of the glass envelope. It was not, necessary to 
immerse the getter tube in liquid oxygen to maintain the vacuum. 


§5. Discussion 
The value of contact potential difference determined in this work may be 
compared directly with the measurement made by Mitchell and Mitchell, who 
used the electron beam method; their value for the contact potential difference 
is 0:-28+0-05 volt. The agreement between the two measurements is very 
good. In both cases measurements were made on Johnson Matthey H.S. pure 


copper and silver metal, tungsten being used as a substrate and good vacuum, } 


conditions maintained. 

Further discussion of Mitchell and Mitchell’s value may be made in the 
light of recent measurements of electron reflection ratios at low energies (Myers 
1952). ‘This work showed that clean surfaces of copper and silver evaporated 
on to de-gassed tungsten possessed electron reflection ratios 0-1 and 0-12 
respectively for electrons with thermal energies. ‘Tungsten immediately after 
being heated to above 2000°c also possessed an electron reflection ratio of 
0-12 for electrons with thermal energies. ‘The similarity of electron reflection 
ratio for the three materials is an assurance that the reflection effect is of no 
significance in connection with Mitchell and Mitchell’s measurements on 
copper, silver and tungsten. ‘The comparison of the two measured values of 
contact potential difference indicates that for these metals the electron gun 
method gives a close approximation to the average contact potential difference 
between the surfaces, the values of work function determined being consistent 
with the contact potential difference measured by the Kelvin method. 

In the light of the above discussion the values of work function determined 
by Mitchell and Mitchell for copper and silver layers evaporated on to tungsten 
may be taken as standard values for these surfaces. Copper or silver layers 


deposited on tungsten therefore form convenient standards of comparison for | 


further work function measurements by the Kelvin method. 

The measurement of the contact potential difference between copper and 
barium and silver and barium by Anderson shows the contact potential between 
copper and silver films to be zero. These metals were however deposited on 


glass substrates. ‘There can be no question of the difference between this | 
result and those presented in the former paragraphs being due to contamination | 
or faults in the method of measurement, and both sets of measurements should | 
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be considered to be reliable and representative of the materials used. ‘To explain 
the divergence of the two sets of results it is necessary to assume that the kind 
of substrate used has a pronounced effect upon the condition of the surface and 
its work function. 

The recent measurement by Anderson (1952) of the work function of silver 
evaporated on to tantalum sheet (4:31 ev) is 0-16 ev less than his earlier value 
for silver on glass and agrees very well with Mitchell and Mitchell’s value 
(4-33 ev). Tantalum and tungsten possess similar crystalline structures and 
have approximately similar lattice constants. Furthermore, in sheet form 
they both present coarsely crystalline surfaces; they may therefore be considered 
as equivalent substrates. The experiments of Anderson (1936, 1941, 1949, 
1952) and Mitchell and Mitchell may therefore be taken as further evidence 
for the structure dependence of the work function. More direct tests could 
be made by measuring the contact potential difference of silver (copper) on 
glass against silver (copper) on tungsten using the Kelvin method. 
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Abstract. Measurements of voltage gradients and visible channel diameters for 
hydrogen sparks (100-200 a, rectangular current pulses) at 1 atmosphere pressure, 
are described. ‘The results are discussed in terms of the physical properties, 
such as the gas temperature, of the channel. It appears from the drift current 
equation, on insertion of measured values of current and electron density, that 
the electron drift velocity fits a constant pressure (arc-like) condition for the 
channel better than a constant density condition. ‘The results are consistent 
with a channel temperature of about 15 000°. Diffusion processes, in the later’ 
stages of spark channel expansion, are also discussed. 


§ 1. INTRODUCTION 
[se physical processes involved in the formation, expansion and final 


decay of gaseous spark channels have been studied by various workers. 

over a considerable period. In the present paper it is proposed to discuss 
the voltage gradients and channel expansion rates in short sparks in hydrogen of 
cylinder grade purity (0:-5-1°%, oxygen) at about atmospheric pressure using 
rectangular current pulses of the type described in previous publications (Craggs 
and Hopwood 1947 a, b). 

The work on short sparks, with rectangular current pulses lasting, say, 
1-10 psec has so far included for hydrogen discharges preliminary measurements. 
of afterglow durations, etc., and determination of ion concentrations from Stark 
effect measurements and excitation temperatures (Craggs, Williams and Hopwood 
1948). ‘The present data on spark channel radii have been combined with the 
Stark profile work to extend the earlier experiments on ion concentration 
measurements, and values for mean ion concentrations are used in the present 
paper for the purpose of investigating further the electron drift current equation 
(see § 4). 

In order to clarify the scope of this paper, it is of value to refer to fig. 1 
(Plate I) which shows the development of a hydrogen spark channel at the mid-gap. 
position with various current pulses, 1, 4 and 10sec in duration (110 amperes). 
This is reproduced schematically in fig. 2 where the regions AB, BC and CD are: 
AB, the initial part of the channel expansion process starting from the streamer 
channel at A which is not normally distinguishable in this type of record; 
BC, the period during which the channel expansion is relatively slow although 
the constant current is still flowing ; CD, the afterglow period. The present paper- 
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refers mainly to BC, with a little discussion of AB. Recent work on the afterglow 


period will be reported elsewhere. 

Figure 1 was taken with the streak camera technique in which a vertical image 
of the spark channel is focused on to a horizontal slit, arranged to pass light from 
a chosen part of the channel; usually, as in the present work, the centre of the 
channel is used to avoid the effects of metal vapour as far as possible. Then the 
image of the selected part of the channel is focused, after reflection from a 
rotating mirror, on to a photographic plate (as shown in fig. 6) and as the mirror 
rotates a streak image, showing radial growth as a function of time, of the central 
part of the channel is seen. 

In the following, the application of the drift currerit equation [=nev to the 
spark channel will be discussed (J is the current density, m the electron density, 
and e and wv respectively the charge and drift velocity of the electron). The 
purpose of this paper is to report measurements of J, based on measured radii 
of the luminous channels, and X, the longitudinal electric potential gradient in 
the channel for discharges with simple and sharply defined current pulse shapes. 
From previous work n was obtained for the same discharge conditions, and 
so v can be deduced either from J and 7 or, on taking assumed values of 7, and T, 
(the electron and gas temperatures in the channel), from X. It is thus possible 
to make certain deductions about 7, and the conditions in the channels; these 
are of value in the absence of direct measurements, which are difficult to make 
and not likely to be available for a considerable time. 


Radius 


Fig. 2. Schematic representation of spark channel expansion. 


In particular it has often been assumed, as mentioned below, that the spark 
channel expands from its narrow state, existing at the instant of complete 
bridging of the gap with the breakdown plasma, to its final state (~1 mm diameter 
for currents ~100 a) at constant density. Recent work (Drabkina 1951) on the 
initial shock wave expansion process (AB of fig. 2) suggested that, contrary to 
the above, a constant pressure state is quickly reached and evidence in support 
of this is given below. 

The distinction between constant pressure and constant density régimes 
should be clearly drawn. An example of the former is an arc in equilibrium, 
whose properties are time independent, and which has a plasma pressure equal 
to that outside the discharge region. ‘The latter is typified by the earliest part 
of a spark channel expansion when the shock point coincides with the luminous 
boundary of the channel (as shown by Gegechkori 1951) which then has a high 
internal pressure (of the order of tens of atmospheres). After a time of about 
0-5 psec (see fig. 1) the channel expansion rate slows down, and the shock wave 
separates from the luminous envelope (Gegechkori 1951) which then expands 
by a diffusion process, discussed below. 
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§ 2. EXPERIMENTAL ‘l'ECHNIQUES 


The current pulses for the present work were obtained with artificial lines or | 
coaxial cables, in the normal radar modulator technique. A typical current pulse 
is shown in fig. 3 (Plate I). 

The voltage gradients were measured in the present work with a specially 
manufactured cathode-ray tube in which the insulation of one pair of deflector 
plates was made to withstand 20 kv, the maximum voltage applied to the spark gaps, 
without serious alteration of sensitivity at lower voltages. Thus, the voltage 
oscillogram of a spark showed the spot on the oscillograph screen only after about 
0-5 usec from spark breakdown. The oscillograph screen was carefully calibrated 
to allow for trapezoidal distortion, which was unfortunately appreciable; typical 
oscillograms are shown in fig. 4 (Plate II) and some corrected voltage gradient-time 
records, taken from the results of tests with different gap lengths in order to 
eliminate the effect of the electrode drop regions are given in fig. 5. The oscillo- 
grams were taken with repeated sparks and the results showed satisfactory 
reproducibility. The differences in the voltage gradients measured (a) at the 
end of the 6ysec pulses and (b) at the beginning of the recorded data for the 
10sec pulses are due to slight differences in the currents obtained with the 
different lines. It is estimated that the experimental errors in the voltage gradients 
(asin fig. 5)areabout + 15% fort=1psecand +5%fort=2psec. The difference 
between the gap spacing and the true spark channel length was checked with photo- 
graphs of the sparks and found to be negligible. 
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Fig. 5. Voltage gradients in the central part of hydrogen spark channels. 


The oscillograms were taken with sparks repeated about 100 times per second 
and the records reproduced (fig. 4) represent the photographic mean of 1000 traces. 
It was found that voltage variations from spark to spark were negligible (+5%) 
and that the slight blurring of the records was due to ‘ jitter’: in the time-base 
synchronization. 

The optical system of the rotating mirror camera is shown schematically in 
fig. 6. ‘The mirror was rotated at about 30000 r.p.m. and the single sparks 
necessary for the cross section streak photographs (see fig. 1) were tripped with the 
pulse from a multiplier photocell, illuminated at the appropriate instant by 
means of a small auxiliary reflector attached to the shaft of the main rotating mirror, 
so that close synchronism (to within about 0:1 .sec) between the correct mirror 
position and the spark initiation was obtained. 

The writing speed of the mirror M (fig. 6) on the film P was 1 mm/ysec and the 
overall magnification of the channel diameter by lenses L,, L, was about unity. The 
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temporal resolution of the camera may be defined as the time taken for the image of 
the slit S to move across a fixed point on the film P. Slit widths corresponding to 
resolution times of from 0-1 to 0-5 usec were used. Film calibrations were made by 
varying the overall transmission of the optical system. In the early work this was 
done by interposing graded gauzes at lens L, but it was subsequently found more 
satisfactory to place a Kodak neutral step filter in front of the slit S. About 
twelve streak photographs were taken for each gauze or step and the discharge 
conditions were maintained constant throughout. ‘The mean density at a fixed 
point (e.g. midway across the channel and 3 psec after breakdown) on the records 
was plotted against the corresponding value for the transmission of the optical 
system. 


5 Inches 


Fig. 6. Optical system of the rotating mirror camera. 
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§ 3. EXPERIMENTAL RESULTS 
(i) Voltage Gradients 


The voltage drop data for discharges between tungsten electrodes are shown in 
figs.5and7. Figure 7 shows typical (gap voltage-gap spacing) curves taken for 
various times during a 110a pulse of 6yusec duration. ‘The variation of voltage 
gradient in the region of the electrodes is apparent. Suflfciently far from the 
electrodes, the voltage gradient is constant and corresponds to that found byHigham 
and Meek (1950a) who generally used higher currents. Figure 5 gives voltage 
gradients, taken for the constant gradient part of, for example, fig. 7, as measured 
for various times during the period of current flow. The voltage falls so rapidly 
(from 15 kv) during the first microsecond that no measurements during this time 
were attempted. 

Detailed confirmation of the independence of channel voltage gradient (as 
shown in fig. 7) on the electrode material is provided by data obtained for gap 
lengths varying from 4 to 10 mm, lengths very much greater than the electrode drop _ 
regions, as indicated for example in fig. 7. The pulse length was 6 sec with a 
current of 110 amperes. 

The following electrode materials were used: Brass, Zn, Mg, Ag, Sn, Cu, Fe, 
Mo, Ptand W. ‘The voltage gradients at times of 1, 2, 3 and 5 psec for all the above 
were found to be respectively in the ranges 107 + 5, 92+ 7, 84 +6, and 73 +5v/cm, 
i.e. within the range of experimental error. 
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(ii) Apparent Channel Diameters 


The measurements of the apparent variations of light intensity across the © 
channel are exemplified by the series shown in figs. 8(a)-(A), for H, radiation 
isolated with a Wratten No. 27 filter, taken with 4sec current pulses (1104). 
Figure 8 (a) taken at t=0-5 psec shows a central trough, reported also by Holtham 
and Prime (1950) using 1000 pulses inthis laboratory. ‘The curves of fig. 8 refer 
to the microphotometer tracings of the streak photographs of the channels (such as 
those shown in fig. 1) corrected for the film or plate response measured as described 
in §2 and are termed J(x)/x plots. (x) denotes the intensity of the discharge 
measured external to the channel at distance x from the diameter parallel to the line — 
of sight and perpendicular to the length of the channel; J(x) is thus the integrated 
light, travelling in a given direction, from the whole depth of channel at x. Typical } 
microphotometer plots are given from which radial variations of intensity [(r)/r ! 
may be deduced using the procedure described elsewhere (see Holtham and — 
Prime 1950). Figure 8 was taken 7 mm from the cathode in a 12 mm gap. 
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Fig. 7. Total spark gap voltages (a) at 1 usec, gradient=104 v/cm; (0) at 2 usec, gradient= 
93 v/em; (c) at 3 usec, gradient=86 v/cm; (d) at 5 wsec, gradient=74 V/cm. 


It will be noticed, as shown clearly in the streak photographs (fig. 1), that 
the rate of channel expansion after about 0-5 usec is small compared with that 
during this early period which shows a mean radial expansion rate of about 
Imm/psec. When the current ceases to flow (figs. 8(f) to (z)) the channel 
apparently decays in such a way as to suggest an effective contraction. Figure 9 
shows all stages of the expansion process for 4 and 10sec discharges at 1104 
(cf. fig. 2). ‘These afterglows will be discussed in more detail elsewhere. 


§ 4, DiscussIon 


The channel cross sections of the present paper, together with the analysis 
of line widths previously undertaken enable radial variations of ion concentration — 
(Saxe 1948) to be made from which mean ion concentrations, measured for the | 
luminous channel cross section, can be found. Then, using the drift current _ 


equation 
I=nev 
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which ignores the positive ion drift current, v may be determined. The data 
for two examples are as follows: 

Case 1. t=3-9usec in 110a, 4ysec discharge; X=75v/cm, mean 
n=7-5 x 10!®cm-3-(note that this is one half of the Stark ‘ion concentration’ 
which includes electrons and positive ions, Craggs and Hopwood 1947a), 
2=8°8 x 10° cm sect. 

Case 2. t=2ysec in 110a, 4ysec discharge; X=90v/cm, mean 
a2—9-5 x 10!¢ cm, v = 7-0 x 10° cm sect. ; 

Then, if the electron mobility as a function of X/p, T,, (the gas temperature) 
and the electron mean free path (which is a function of the electron tempera- 
ture T.) are known, the drift velocity can be directly calculated and compared 
with that derived from the drift current equation. The comparison thus drawn 
should enable the physical properties of the spark channels to be further 
elucidated. Before the above calculation of v can be made, the following points 
should be raised. 


L(x) —> 


Spark Diameter ——> ee Spark Diameter ——> 
O-1l6mm 0-116 mm 


+ Fig. 8 (a)-(h). [J(x), x] plots for spark channels (H, radiation) at times of 0-5, 1, 2, 3, 


4, 4-5, 5, and 5-5 wsec respectively for figs. (a)—-(h), after commencement of current 
flow. ‘The same intensity units are used throughout. ‘The maximum diameters 
are respectively 0°88, 1-11, 1°33, 1:37, 1-4, 1:23, 1:18 and 0:95 mm. 


(a) At the present time no direct measurements of 7, and 7, are available, 
hence we can only try various values of 7, and 7,, in the formulae for the drift 


{ velocity v. It has been shown elsewhere (Edels and Craggs 1951b) that v is not 
so critically dependent on 7, (apart from variations in density due to temperature 
changes in a constant pressure régime) as on 7, and so, if we assume 7,=T, 


the resulting errors will not be large (see Edel and Craggs 1951), table 2). 

It may not be immediately apparent that a close approach to equilibrium 
between the electron and atom swarms (7,~ 7,,) in a discharge lasting only a few 
microseconds may be obtained. The relaxation time for the process is discussed 
by Margenau et al. (1946) and Weizel and Rompe (1947) and the former authors 
point out that since an electron loses on an average 2 m/ M of its energy per elastic 


collision it must make M/2m collisions to lose an appreciable part of its energy. 
_ ‘The time between collision is A/u where wu is the random velocity of an electron 
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and so the relaxation time is roughly 


M2 920x 10-4 
2mu 2x 108 
d here includes the effect of positive ion scattering (Gvosdover 1937) discussed 
below. This assumes that AT,>AT,, i.e. that T, falls rapidly from a value very 
much higher than 7, to a much lower value which is still so great that Ty, is 
negligible compared with T,. This probably applies to the earliest parts of a 
spark discharge. The fractional energy loss for an electron per elastic collision 
is, more accurately, (8m/3M)(1—T,/T.). If, however, the gas is heated by 
elastic collisions with an electron swarm whose temperature never greatly 
exceeds the value of 7, at, say, 3 usec then the appropriate relaxation time is 
(No/N.)(M/2m)A/u (where N, and N, are gas atom and electron particle densities) 
or, since Ny~10N, for the present case, of the order of 10-* second. 
(6) The electron mobility (R,) formula (Loeb 1939) must be correctly used for 
the present case when T,~T7,, and since the ion concentration is sufficiently 


~10-" sec. 


high (Gvosdover 1937) the extra electron scattering by the positive ions so. 


introduced may be important and should be considered. These matters are 
discussed more fully by Edels and Craggs (1951a, b) and need no further 
treatment here. 

(c) In order to calculate k, and to assess the positive ion scattering effect it is 
necessary to assume a value for the elastic collision mean free path of the 
electrons, i.e. in effect to assume a value of T,. This in turn presupposes a 
Maxwellian distribution of electron energies, and in the absence of experimental 
evidence to the contrary this assumption will be made. It is justified by the 
work of Druyvesteyn and Penning (1940), Cahn (1949) and others on electron 
interaction processes in high current density discharges. 

Putting 7,= 7, (and remembering that the results to be described are not 
critically dependent on 7, for a given 7’, and gas density) for a series of arbitrary 
values, the drift velocities will now be deduced for comparison with those 
directly calculated from the drift current equation (1), for case 2 where 
N,=9:95 x 10"7cm-%. ‘This comparison has been made by many previous 
workers on sparks (see Higham and Meek 1950a, b, and references there cited, 
especially the work of Flowers 1943 and Norinder and Karsten 1949), but they 
do not consider the elastic and positive ion scattering cross sections, and this we 
feel is no longer justifiable for the hydrogen spark channels in view of the fairly 
accurate direct measurements of ion concentration. Schulz (1947 a, b) has made 
similar calculations on arc discharges (see also Elenbaas 1951). 

The steps in the computation are therefore : 

(1) Deduce the elastic collision mean free path, taken at the mean energy for 
the given value of 7, and using the theoretical Ramsauer cross sections for atomic 


hydrogen (communicated privately to us by Professor Massey). The value of | 
T’, (= T.) gives the particle density necessary for the above calculation, if the spark » 


channel is considered at t = 2 usec (Case 2) to be at atmospheric pressure. If the | 
constant density régime is considered to persist to this time*, then the particle _ 


' * This has been usually the case in previous spark work, e.g. Craggs and Meek (1946), 
Norinder and Karsten (1949), Higham and Meek (1950 a,b) but was first considered 
doubtful by one of us (R.D.C.) after consideration of the initial expansion process as a 
shock wave mechanism, 
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concentration is twice atmospheric value because of virtually complete dissoci- 
ation. The shock wave work will be discussed elsewhere. Calculations are 
given in table 2 for both régimes, which are, at least, the possible extremes. 

The elastic cross sections for hydrogen, used in the calculations of table 2 are 
given in table 1. 


Table 1 
Electron 
energy (ev) 0-135 0-30 0:54 1:2 2:2 34 4:9 8-6 13:5 19:5 30-4 
Ps 1°76 x10? 1:-4210? 1:13x10? 76 54 40 30 17:6 10-5 6:5 3-5 


P.=effective area‘of all atoms in 1 cm‘ at unit pressure. If p=1mm Hg (0°c) then 
the effective area/atom is g where g=0-28 x 10-1*P, cm?. 


(ii) Correct the above mean free path in accordance with the Gvosdover theory, 
i.e. for positive ion scattering (Schulz 1947 a,b, Elenbaas 1951, Druyvesteyn and 
Penning 1940). The corrected mean free path is then given by 


1 
= NO+N+O+ ocroce (2) 
where N and N* are respectively the numbers of atoms and positive ions per cm* 


and O and Q* are the respective scattering cross sections. N should be taken at 
the appropriate density. 


A 


7 kT, e* 
Or= 5a (oats) eT escwse (3) 


(iii) From the final mean free path, deduced as in (ii), k, may be found (Loeb 
1939 and discussion by Edels and Craggs 1951 a, b) and so the value of z. 
The electron drift velocity for low ion concentrations is (Loeb 1939) 


1/2 
271 x 10°X (7) ee 


[i+ {1+ 11x 108M, \Xpyyepe (4) 


where M is the atomic weight, L, 9 is the electron mean free path for elastic 
collisions at 1 mm Hg pressure and 273°k, X is in v/em, and p is in mm Hg. For 
L,,) we can only take a mean for the Ramsauer cross sections over a reasonable 
_ range of electron energies, assuming a Maxwellian distribution. In the presence 
of an appreciable density of positive ions Nt L, 9 will be given by 1/(NQ+ N+Q*) 
- instead of 1/NQO, and (Gvosdover 1937) Q* is given by eqn. (3). 

The results of the computations of vare given in table 2 for comparison with the 
value of vw found from the drift current equation, i.e. 7x 10°cmsec4 
| (¢=2 microsecond). 


Dake X = 


‘Vables2 
T.=T, (°K) NOQ (cm?/cm') N*tQ+ (cm?/cm?) v (cm sec~) 
(i) Constant (atmospheric) pressure channel 
10000 tesa 108 Lie 10% 2:6 x 10° 
15000 0-8 x 108 mictaye< OY O:8eql0e 
20000 0-48 x 108 3-4 x 10 1-4 x 10° 
- (ii) Constant density channel 
10000 iil  S<¢1@# 108 0-9 x 108 
15000 IG. <ilO- 5-6 x 10% 1:8 x 10° 
20000 A ><il@ 3-4 x 103 Bon se Ne 


2 K-2 
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It will be seen that, for the constant pressure régime, a channel temperature 
of almost 15 000°K will give v in agreement with the drift current value, but that 
the constant density case results in very low values of v and would necessitate 
unreasonable values of T,, to give v of the order of 10°cmsec7'. 

The above treatment eters to the case of atomic hydrogen, since spectroscopic | 
-work has failed to reveal any appreciable molecular hydrogen emission. 
Figure 10 (Plate II) gives a spectrum of the discharge which shows only the 
radiation in the Balmer series of atomic hydrogen, greatly widened by the Stark . 
effect which we have used (Craggs and Hopwood 1947 a) to give the estimates of 
electron density used in the drift current equation above. Figure 10 shows no | 
evidence of the spectrum molecular hydrogen and the H, line is greatly | 
-over-exposed. With even longer exposures evidence of weak spectral continua, | 
partly due perhaps to bremsstrahlung, are obtained. Measurements of the : 
relative intensity of the H,, Hg and H, lines, as in fig. 10, have been taken with 1 
photomultiplier tubes, in order to investigate the excitation mechanisms in 
hydrogen spark channels and will be discussed elsewhere. 

Clearly, tungsten vapour from the electrodes would affect the results if : 
allowed to diffuse into the region of the channel being observed, but as the initial 
velocity of propagation of the electrode vapour clouds into the channel is of the 
order of 10®°cmsec~t, and falls below this figure further from the electrodes, 
the centre of a lcm gap will remain virtually free of vapour for 5ysec or: 
more (Williams et al. 1949). 

The spark temperature, on the assumption of thermal equilibrium, can be 
deduced from Saha’s equation. If the ionization potential V,=13-5ev, and 
the mean N,=0-95 x 10'"cm-* then the Saha temperatures for the cases of 
‘constant pressure and constant density are respectively 13500 and 9400°x. 
In the latter case the particle density is doubled to allow for complete dissociation 
and, in this case, the Saha temperature is inconsistent with the temperature = 
deduced from table 2. 

Kirschstein and Koppelmann (1937) have, in a similar manner, estimated | 
the temperature of certain arc discharges, in high pressure gas streams, from1 
‘current and electron densities and found values of about 15 000° with current t 
densities of the order of 20000 to 50000 a cm-, to be compared with our current t 
-densities of about 9000.4 cm-?. References to other earlier work in this field have : 
been given by Craggs and Hopwood (1947 a) and Edels (1950). | 

Further indirect information on the channel gas temperature is available if! 
the central fall in channel brightness shown in the records of fig. 8 (a) for example, , ; 
is indeed due to the gas being so near to complete ionization that the concentration i 
of excited atoms falls; this needs practically 100% ionization since the degree of f 
excitation at these temperatures is only of the order of 10-4. It is by no means 
certain that this explanation is correct but if the constant pressure régime is} 
reached quickly, the particle density will be low enough (7,,=10000-20000°x) 
for N, of the order of 10!’ cm-* to be equivalent almost to 100% ionization. This} 
simple argument seems to suggest, then, either that the constant pressure state 
is reached in two microseconds or less, or that some other mechanism explains + 
the low central channel intensity. 

The central low density trough is a consequence of the initial shock wave: 
expansion mechanism and the relevant theory has been discussed by various: 
authors, notably G. I. Taylor (1950). 


/ 
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The measurements of channel voltage gradient (figs. 5 and 7) should, it was. 
hoped, enable the mean electron energy to be calculated and this information 
would be of great value in considering recombination processes. Davydov (1935) 
has given a treatment by which the mean energy of the electrons in a discharge 
swarm can be calculated when 7,~T,. Usually (see Druyvesteyn and Penning 
1940 and Llewellyn Jones 1944 for references) the effect of T,, need not be, and is 
not, considered in low density, low current discharges. Davydov’s method 
uses a constant electron mean free path, which is clearly only an approximation, 
and gives the mean squared electron velocity as 


where f)=(4 +.B)’ exp — A, with A=mv?/2kT, and B=4(M/m)(eX//RT,)!” ; 
M and m are the atom and electron masses, and / the electron mean free path. 
The remaining symbols have their usual significance. It will be noted that / (and 
so T.) and T, must be known and this information is not available. We shall 
put 7,=15 000°xK=T, and deduce / from 7, (Maxwell distribution) correcting 
for the positive ion scattering as above, and taking ¥ =90v/cm. Tedious graphical 
integration gives the mean electron energy as 2:1ev, i.e. practically the same as. 
would be derived from T,=T7, for X+0. Note that this result is not critically 
dependent on /, i.e. on T,, but more so on T,. Indeed the exponential term in fy, 
above which does not involve X is of much greater importance than the 
res tof fj, which for our case is approximately equal to unity. Davydov’s formula 
in fact gives a Maxwell distribution if eX/(M/m)!?>kRT,, and a Druyvesteyn 
distribution 1fkT,,<eXl(M/m)!?, but in these spark channels eX/(M/m)!!?~kT,,. 

The channel expansion curves of fig. 9, which relate to the visibly luminous 


discharge, may be further discussed. We shall treat the initial (rapid) expansion 
| process elsewhere but on the assumption that the channel in its later stages 
' expands by diffusion its radial growth may be roughly calculated. We assume 
‘that the ambipolar diffusion of the charged particles determines the channel 
_ size, i.e. that the luminosity is accompanied by free electrons, as it would be if 


excitation by electrons or radiative electron/ion recombination were responsible 


_ for the light emission. 


Then the channel diameter d will change with time ¢ through the relation 


(Wilson 1951) 


2r =d=4-7(D,t)"? (for the diameter to 90% fall-off of intensity), ...... (6) 


where D, is the ambipolar diffusion coefficient. ‘The calculation of D, for atomic 
hydrogen at the high (unknown) channel temperature is difficult but the value 
for helium, and its temperature variation (Biondi and Brown 1949) may be taken 


/ as an approximation. At 15000°K, D, is then approximately 2 x 10% cm? sect 


and dr/dt for the channel approximately 2 x 10-? cm/sec, to be compared with 
the experimental value (fig. 11) of approximately 5 x 10-*cm/ysec. Figure 11 
shows that r varies as 1? after t~ 3 usec, as eqn. (6) demands. Also, for the 
initial part of the expansion, say for the times 0-2 sec in fig. 9, the theory of 


Taylor (1950) and Drabkina (1951) is applicable. This is when the expansion of 


the luminous channel coincides with the shock wave generated during the early 
part of the spark channel formation process. The rate of expansion however 
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is then much greater than it is during the later, diffusion, stage, i.e. the constants 

relating r? to ¢ in the two régimes are different. The resolution of the rotating” 
mirror camera used in the present work is hardly adequate for satisfactory 

resolution of the first 0:5 sec, as shown by the blurred envelope at the beginning | 
of the streak photographs of fig. 1. It must however, be emphasized that the 

importance of thermal excitation during and after current flow has still to be 

assessed and the relative contributions of electron/atom and atom/atom collisions 

(von Engel and Steenbeck 1934) to any such thermal excitation will need to be 

determined. If thermal excitation is important, with atom/atom collisions 

predominating, then the operative diffusion (see Edels and Craggs 1951a,b) 

process will be that of the ‘hot’ atoms in the channel. 

The fact (fig. 9) that the visible channel contracts at the end of the current 
pulse suggests, if recombination is responsible for the radiation, a-lower limit 
for the recombination coefficient, assuming D, to be known as above. Thus, on 
these assumptions, for the skirts of the channel to cease radiating «NN? >D,(0.N/dr) 
where « is the recombination coefficient and N the electron concentration at 
the periphery of the channel. ‘Taking N and dN/ér from unpublished work ~ 
of Hopwood e¢ al., « ~10-™. Further measurements will be made to investigate 
the validity of the above assumptions. 
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§ 5. CONCLUSIONS 


Measurements of the voltage gradient and channel cross section for hydrogen 
spark channels, carrying about 100 amperes for several microseconds, have been 
made. ‘T’he results are consistent with a channel gas (or electron) temperature 
(T, or T..) of about 15 000°k and with the establishment, in times less than 2 micro- 
seconds, of constant pressure (arc-like) conditions, in the channels. A knowledge 
of T, and 7, from direct experiments would be valuable and such work is being 
undertaken. 
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LETTERS: TO THE*EDITOR 


The Optical Constants of a Single Crystal of Germanium 


There has recently become available to us through the kindness of 
Mr. I. Cressell of the Marconi Wireless Telegraph Co., Ltd., Chelmsford, 
what appears to be a unique single crystal of germanium. ‘This was grown 
by cooling a molten ingot and has a hexagonal [111] face nearly a perfect plane 
(resistivity 8 ohmcm). Because of the size of this face and the perfection of 
the lattice as shown by x-ray examination it seemed desirable to measure the 
optical properties of the crystal. ; 

Two different reflection methods were used for the measurements in two 
wavelength regions. For wavelengths from 2-5, to 0-44 the method 
recently described by one of us (Avery 1952) was used, and in the ultra-violet 
from 0-44 to 0-25 measurements were made by one of the techniques 


described by Archard, Clegg and Taylor (1952). Facilities to carry out the | 


latter were made available to the authors by the generous co-operation of 
Professor A. M. Taylor of the University of Southampton. 


me |_T_[_T Jee Method 1 (Avery) 
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The results obtained are shown in the accompanying graph, in which the 
real and imaginary parts of the dielectric constant are plotted against wavelength. 
The variation of the imaginary part shows that in addition to the strong 
absorption band at 0:52, already reported by Brattain and Briggs (1949), a 
second and less intense band exists with its peak at a wavelength of 0-31 yu. 
The existence of an absorption band in this region has already been reported 
in evaporated layers of germanium by Gebbie (1952), although he found the 
strength of the band very much greater than that noted here. 

The refractive index of germanium in the wavelength range 2-0-2-5 pw as 
determined from these measurements is 4:00+0-05. This compares with 
the values of 4-40 at 2 arid 4-07 -at 2-6, obtained by Briggs (1950) from 
measurements using germanium prisms. 

One interesting feature of these results concerns the long wavelength tail 
to the main absorption band. For a number of reasons the techniques used 
for the measurements in this region are not capable of a high accuracy in the 
determination of small values of the imaginary part. Whilst the values shown 
for 2n’k at 1-1. and 1-3 may be in error by as much as a factor of two, it 
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appears that there remains considerable absorption in the 1-3 region, and 
that this absorption is not decreasing rapidly with wavelength. The trans- 
mission experiments of Fan and Becker (1950) show a sharp fall in the 
absorption coefficient of pure crystalline germanium in the region 1-6—-1-7 p, 
and if this observation is coupled with the present data, the structure of the 
long wavelength tail of the band may be as shown dotted in the figure. The 
similarity with the form found for the long wavelength tail of the compounds 
PbS, PbSe and PbTe (Avery 1953) is marked, and may suggest some similarity 
in the band structures. 

Calculations using classical dispersion theory show that, in contrast to the 
data for the lead compounds, these data are not self-consistent, i.e. if the theory 
holds there must exist further absorption bands at even shorter wavelengths 
to account for the high value of the dielectric constant in the infra-red. 
However, it is by no means certain that the simple theory need apply. From the 
shape of the absorption band at 0-52 a value of 0-8-1-0 can be given for 
the oscillator strength. 
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The Role of Convergence in Stereoscopic Vision 


In an article that appeared in the Proceedings of the Physical Society 
(Wright 1951), data were presented which were interpreted as evidence that 
'convergence movements of the eyes (apart from retinal disparity) are an 
important factor in stereoscopic depth perception. From this writer’s point of 
view the data do not warrant this conclusion. In the experiment reported, a 
subject views two laterally separated apertures (points) in the dark at a distance 
of 6 feet. The distance of one of the two points from the subject can be varied. 
The threshold data for the perception of the difference in distance of the two 
points were determined: (a) when the subject looked back and forth from one 
of the points to the other, and (6) when one point was constantly fixated. The 
thresholds for difference in depth were found to be lower when eye movements 
(and therefore convergence movements) were permitted than when they were not 
‘permitted. Now in case (6), in which one point was constantly fixated, the: 
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stereoscopic perception would depend upon the stimulus of a peripheral retinal 
disparity only, and the threshold of stereo-acuity would be related to the visual 
acuity for that particular peripheral part of the two retinas. In case (a), in 
which the eyes look successively from one point to the other, there will be an 
optimal stereo-acuity when the point of convergence is halfway between the 
two object points. This follows because at that convergence the retinal images 
of the two points will fall on retinal areas that give an average maximum visual 
acuity. Hence the optimal stereo-acuity will depend upon the visual acuity 
at peripheral angles corresponding to only half the angular separation of the 
two points. Now if one plots the threshold data (slopes of the probability 
function) for case (a) upon the same graph as those for case (5), but at only half 
the angular separation of the object points, the two sets of data will fall 
essentially on the same curve, certainly within experimental error. ‘This result 
shows then on the contrary that there is no influence of convergence movements 
as such on stereoscopic depth perception, that stereopsis is fundamentally only a 
function of disparity. 

Langlands’ failure to find stereoscopic perception in extramacular vision in’ 
flash illuminations is not evidence that disparity alone cannot be the stimulus 
for stereopsis. ‘The results of Hertel and Monjé (1947), and of Vilmar (1950), 
show that there is a time-depth threshold for stereoscopic vision, and this 
threshold increases toward the peripheral retina. The flash illumination and 
the depth interval used by Langlands probably were below these thresholds. 

Finally it should be pointed out that the fact that stereopsis can occur from 
double images was well known to Helmholtz and to Hering. ‘The latter’s 
‘dropping bead test’ gave convincing proof of this. However, there are limits 
of disparity within which stereopsis can occur with double images. Measure- 
ments of these limiting disparities have recently been made (Ogle 1952). 


Mayo Clinic, K. N. OGLE. 
Rochester, Minnesota, U.S.A. 
4th March 1953. 


HerrTev, K., and Monyjsé, M., 1947, Arch. ges. Physiol., 249, 295. 
OcLE, K. N., 1952, ¥. Exper. Psychol., 44, 253. 

Vi_mar, K. F., 1950, Klin. Monatsbl. f. Augenh., 117, 242. 
Wricut, W. D., 1951, Proc. Phys. Soc. B, 64, 289. 


Dr. Ogle is a leading authority on binocular vision and his comments on 
my paper are very welcome, especially as my own excursions into the subject 
as an active field of research are of comparatively recent origin. His alternative 
interpretation of my experiments, however, rests on the assumption either | 
that the brain utilized the visual information obtained during the rapid sweep of | 
the eyes ‘as they transferred their fixation from one target to the other, which 
seems extremely unlikely, or else that a fixation pause occurred midway between 
the two targets. 

The effect of such a pause was not overlooked, as the following quotation 
from the original paper will show: ‘‘ The observer was asked to try to transfer 
his gaze from P to Q in one fixation jump, and. certainly without any fixation 
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pauses midway between P and Q.... The observer was definitely discouraged 
from looking backwards and forwards several times, otherwise the risk of a 
fixation pause between P and Q would have been too great ”’. 

These instructions may not always have prevented fixation pauses, and an 
objective record of the eye movements during the experiment to check this was 
hardly feasible. Nevertheless, on most occasions, it can reasonably be assumed 
that fixations near the mid-point did not occur, an assumption which is 
supported by the ‘ blind spot’ experiment. For if the acuity for condition (a) 
were in fact due to observations made when the convergence point was midway 
between the two targets, then the blind spot would not have affected the acuity 
at @=14°, as in fact it did. Moreover, the fatigue effect which only intervened 
in the blind spot condition also confirms that the depth perception was not an 
artefact arising from fixation pauses intermediate between P and Q. 

For these reasons, it is impossible to accept Dr. Ogle’s conclusion that 
convergence has no influence on stereoscopic depth perception. With regard 
to his comment on stereopsis in the presence of diplopia, no claim was made 
that this was an original discovery; indeed, references were given to earlier work. 
But the surprise expressed when this effect was pointed out, has been so great 
that the phenomenon has obviously been overlooked by many people. These 
confirmatory experiments with different apparatus and under different observing 
conditions from those used in the past have certainly been of value to me in 
emphasizing the reality of what is after all a rather surprising result. 


Technical Optics Section, W. D. WricHrT. 
Imperial College, London. 
23rd March 1953. 


Room Temperature Brittleness of Chromium 


The room temperature brittleness of chromium has become a problem of 


- considerable importance in view of the current interest in chromium-base 


alloys for high temperature applications. Previous investigators (Kroll, Hergert 
and Yerkes 1950, Greiner 1950, and Gilbert, Johansen and Nelson 1952) have 


‘successfully hot-worked pure chromium, but the material produced was almost 


invariably brittle below temperatures ranging from 100-300°c. No convincing 


explanation of this behaviour has so far been advanced. 


In the present investigation chromium strip, varying in thickness from 


' 0-010 in. to 0-030 in., was produced by forging, swaging and rolling arc-melted 
' chromium ingots at a nominal temperature of 800—900°c. ‘The chromium used 


was prepared by the electrolysis of chromic acid (Greenaway 1951) and had the 
following chemical analysis: oxygen, 0-06% by weight; nitrogen, <0-001% 


by weight; carbon, <0-005%, by weight. No metallic impurities could be 


detected by spectrographic analysis. Contamination of the chromium from 


the atmosphere during working was avoided by sealing the billets in mild steel 


and/or stainless steel sheaths at all stages. Strip produced in this manner 
was tested in a simple bend test and some samples showed considerable 


ductility at room temperature whilst others appeared to be completely brittle. 
_ Microscopic and chemical tests revealed that contamination of the surface of 
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the chromium had occurred from the mild steel envelope during rolling and, 
when this contaminated layer was removed by chemical dissolution, the strip 
was almost invariably ductile at room temperature. The contamination caused. 
the surface layers to become hard and apparently brittle and this produced 
brittle fracture of the strip on bending. A further point was that the room: 
temperature ductility of chromium does not appear to be related to grain 
structure, or certainly not to the extent that is found in the case of tungsten and 
molybdenum. Rolling at a nominal temperature of 900°c produced elongation 
of the grains in the rolling direction, but specimens with an equi-axed grain 
structure formed by annealing after the final pass through the rolls, were just 
as ductile at room temperature after removal of the contaminated surface layer, 
although in this instance the specimens had sometimes to be reduced in 
thickness to a greater extent before ductility was achieved. ‘The room temperature 
ductility of these specimens was quite spectacular, and some samples could be 
bent through 180° and back again quite rapidly before fracture occurred. Some 
examples of chromium strip bent at room temperature are shown in the figure. 


Some examples of chromium strip bent at room temperature. 


Two conclusions can be drawn from this work: (a) chromium is not 
inherently brittle at room temperature, and (6) the brittleness of chromium 
appears to be associated with impurities in the metal. It would appear that 
the impurity causing the brittleness in the present experiments must have 
been absorbed from the mild steel envelope or from the air entrapped between 
the envelope and the specimen, so that the impurities most likely to be 
responsible are iron, carbon or nitrogen. Oxygen can almost certainly be 
discounted since there was a significant oxygen content in the original material 
and oxide inclusions were prevalent in the micro-structure of the rolled strips. 
Further investigation is proceeding to determine the specific impurity 
responsible. It is possible that the brittleness of chromium arises from the 
action of the impurity atoms in forming ‘ atmospheres’ around dislocations 
(Cottrell 1948) and that chromium behaves at room temperature in a similar 
fashion to iron containing carbon and nitrogen at liquid air temperatures. 
Churchman and Cottrell (1951) have shown that iron single crystals, in which 
the dislocations were ‘ anchored’ by carbon and/or nitrogen atoms, failed at 
the temperature of liquid air by twinning after a small amount of deformation. 
However, if the dislocations were not ‘anchored’, the single crystals deformed 
considerably by slip before fracture. This behaviour is attributed to the large 


increase in the temperature dependence »f mechanical properties which is. 
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found in a yield point system as compared with a system in which no yield 
point is shown. 

Thanks are due to the Chief Scientist, Department of Supply, Melbourne, 
Australia, for permission to publish this note, to Mr. H. T. Greenaway of these 
Laboratories for supplies of chromium, and to Professor J. Neill Greenwood, 
Research Professor of Metallurgy, University of Melbourne, for the use of a 
Swaging machine. 


Aeronautical Research Laboratories, H. L. Warn. 
Department of Supply, Melbourne, Australia. F. HENDERSON. 
17th March 1953. 
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REVIEWS OF BOOKS 


Fundamentals of Engineering Electronics, by W. G. Dow. Pp. xvii+627. 2nd 
edn. (New York: John Wiley; London: Chapman and Hall, 1952.) 
68s. 

It is becoming more and more difficult to define the scope of electronics. 
The subject today is concerned with the motions of electrons and ions under 
electric fields in vacuo, in gases, and also in metals, as well as with the important 
surface or boundary phenomena occurring at the electrodes. The fundamentals 
of electronics therefore involves a great deal of modern extra-nuclear statistical 
physics. ‘The vast borderland between physics and light electrical engineering 
is of equal interest to the physicist and electrical engineer, and some 
knowledge of the fundamental physics of the phenomena of electronics is of 
very great importance to the modern electrical engineer. The Fundamentals 
of Engineering Electronics by William G. Dow was written primarily with the 
view of providing students of electrical engineering with a reasonably complete 
and satisfactory account of the fundamental physical processes required for 
the understanding of the operation of electronic devices, and it appears to the 
reviewer that this object is achieved. ‘This volume is a revised and modified 
edition of the author’s book published in 1937, and it certainly provides the 
electrical engineering student with an excellent introduction to basic physical 
principles and the more elementary quantum and statistical aspects of electronics. 

The first three chapters are concerned with the mathematical treatment of 
the motion of electrons zm vacuo under electric and magnetic fields, with 
applications of the analysis to ultra-high frequency systems, magnetrons and 
cathode-ray tubes. ‘The next four chapters are devoted to a treatment of 
electrostatic fields and space charge currents by means of conformal trans- 
formation. Considerable use is made of potential energy diagrams throughout. 
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The short seventh chapter is devoted to thermionic cathodes and thermionic 
emission; no mention is made of the decay characteristics of pulsed thermionic _ 
emission. 

The quantum and statistical concepts in the modern theory of metals are 
introduced in a clear and simple manner in Chapter VIII, and extended to the 
case of semiconductors. This second edition contains an excellent account 
of the energy level behaviour of semiconductors. After this the author returns 
to deal with thermionic emission in the presence of high fields (Schottky effect) 
and field emission of electrons is dealt with briefly : a more systematic treatment 
of the subject would perhaps have been desirable and the account of field 
emission is not really adequate in view of its great importance in discharge 
phenomena. The influence of these effects and of contact potentials in 
electronic valves is discussed. Mention should certainly be made of the excellent 
elementary account given of the ionization and excitation of atoms, and the 
electronic structure of atoms. This covers the ground necessary for introduction 
to the more specialist treatment of these subjects. Chapters IX and X deal 
with the design of amplifiers; as here a knowledge of fundamentals is not. 
strictly necessary, there seems no very great justification for the inclusion of 
this matter in the book, since this aspect is adequately treated in many others 
which are devoted solely to the properties of electrical circuits. Chapters XII 
and XIII are of a more fundamental character and deal with Maxwell—Boltzmann 
statistics with applications to electron emission and noise. 

Photoelectric devices and the amplification of currents by ionizing collisions 
between electrons and gas molecules are treated in Chapter XIV. It is perhaps 
unfortunate that the definition of Townsend’s « given on p. 439 is incomplete : 
the words “ in the direction of the applied field ”’ should be added. Chapter XV 
treats qualitatively the development of the Townsend type discharge, glow and 
arc discharges, and is a good introduction to the subject. 

In a volume which attempts such a comprehensive survey of the basic 
physical processes of the motions of electrons and ions in gases, it is unfortunate 
that it was not possible to bring up-to-date the comparatively short treatment 
of electrical breakdown on pages 510-513. The account given here is short and 
entirely qualitative, and, in the light of experimental work published since 
1950, completely misleading to the student. The MKS system is used 
throughout. A highly pleasing feature of the book is the inclusion of a list of 
problems at the end of each chapter. A student who works through all these 
can certainly feel that he has understood the subject-matter. From the choice 
of question it would appear that the author is an accomplished teacher. 

The book of 627 pages is well presented and bound, and apart from one ortwo 
printing errors (e.g. ‘ lies’ for ‘ lines’ on page 8) is up to the usual high standard 
of publication by Wiley. It will be found a most useful addition to the library 
of both physicists and electrical engineers as well as to production engineers, 
and it can be strongly recommended. Fi LL 


The Essentials of Fluid Dynamics, by L. PRANDTL. Pp. x+452. (London: 
Blackie and Son, 1952.) 35s. 


Lamb’s monumental book has reigned supreme for a good long time in the 
subject of fluid dynamics. Since Lamb’s first edition appeared in 1879, many 
other books have been written, mostly with the intention of providing accounts of 
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the subject more suited to the needs of students, and nearly all of them have 
claimed to be up-to-date and to be in tune with current research. In fact, the 
weight of authority of Lamb’s Hydrodynamics has laid heavily upon them, and 
the concessions to current interests have been of no great significance, consisting 
for the most part of the addition of one or two chapters at the end on topics like 
high speed flow, rather than a radical change in emphasis and outlook. It has 
been remarked that from reading Lamb’s Hydrodynamics you would never 


- realize that water was wet; and the text books written since 1879 likewise fail to 
‘convey the real facts about the motion of fluids. The point is that hitherto 
* text books have given prior place in the presentation to the case of jrrotational 
1 low-speed flow, doubtless because this case is mathematically tractable and 
| presents analogies with other branches of mathematical physics. It is known 


that a good approximation to irrotational flow does occur in practice in certain 
circumstances, but it is also known that the theory of irrotational flow can never 
explain certain vital—and, as we now think, rather interesting—aspects of the 


» flow of real fluids with viscosity and heat conductivity. The flow generated by a 
» sphere moving through a real fluid (it is a revealing indication of the present 
) position, that when referring to what happens in nature one feels obliged to say 


explicitly that the fluid is real) is radically different from that corresponding to 


+ the irrotational motion of a frictionless fluid, and analysis of the former case will 


always have more intrinsic interest for the physicist, however pean; its 


+ mathematical development may be. 


The book under review is an excellent account, probably the best of its kind 
now available, of the flow of real fluids (which may not have wetness, but do have 


' the properties relevant to dynamics). Professor L. Prandtl is one of the most 


distinguished of living German scientists, and has long been noted for his gift 
of clear and penetrating exposition. His own contributions to fluid dynamics 
have been the starting point for innumerable researches (his paper putting 


_ forward the theory of the viscous boundary layer provides an obvious example), 


and many able men have studied in his laboratory at Gottingen. Prandtl’s 
elementary account of fluid flow in The Physics of Solids and Fluids is well known 
and appreciated among students of the subject, and the present book has grown 
from this by a number of stages. In its present form the book under review is a 
translation of the third edition of a work first published in Germany in 1942. 
It has retained the style of the author’s chapters in The Physics of Solids and 
Fluids and has a very much wider scope. 

The book consists of four different and effectively self-contained chapters, 
preceded by a short introductory discussion of pressure relations applying to 
fluids in equilibrium. The first of these chapters is concerned with the dynamics 
of frictionless fluids, and by a careful choice of material the author has managed 
to put into 60 pages all the essential results, including a number (such as the very 
important momentum theorems for the fluid within a ‘ control surface ’, used to 
find expressions for the drag or thrust forces exerted by bodies moving through 
fluid) which are usually neglected in text books. ‘The second describes the 
motion of viscous fluids, and the associated phenomena of boundary layers and 
turbulence; the treatment is concise, very much to the point, and provides good 
reading for either the student or the specialist. Also included in this chapter is 
an account of the theory of aerofoils and of related devices, such as propellers, 
for producing thrust ona fluid. The third section deals with the high speed flow 
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of gases, not in great detail and, as elsewhere, avoiding mathematics where — 
possible, but nevertheless conveying the essential physical ideas involved in the — 
flow of a compressible fluid. The last chapter is on miscellaneous topics which, — 
as the author remarks, “‘ do not fit conveniently into the previous chapters but 
cannot be omitted from a comprehensive account of hydrodynamics’; cannot 
is the right word, despite the fact that, to my knowledge, no other book on fluid 
dynamics provides a description of cavitation, flow of solid—fluid mixtures, 
bodies in accelerated flow, rotating fluids, and in particular the effect of the 
earth’s rotation on currents in the atmosphere and oceans, flow of stratified fluids, — 
with applications to meteorology, forced and free convection, and many other | 
phenomena. It is in this last chapter that the breadth and penetration of | 
Prandtl’s understanding of his chosen subject really emerges. 

Now that proper tribute has been paid to this unique book, perhaps one | 
adverse comment may be permitted. There seems to be little mention of the — 
extensive developments that have occurred since the date of the earlier edition in 
1942 and very little, in particular, about English and American work. ‘This is 
hardly a criticism, for it is only the first edition that one has a right to expect to 
be up-to-date, and I mention it chiefly to warn prospective readers. An 
appendix of 90 notes and references to papers published in Great Britain and 
U.S.A. since 1939, prepared by Professor H. B. Squire and others, is given at the 
back of the book, but although they are well selected it remains true that the 
book gives an incomplete picture of the present position of research. 

To summarize, this is a book which can be read with profit by either students 
or specialists, either as a short reference work or as a book for browsing. Students 
of applied mathematics will find perhaps that there is insufficient formal theory 
for their needs, but all who find pleasure in neat explanations of physical pheno- 
mena, and who like to hear about new phenomena, will be well satisfied. The 
book fills admirably the long-felt need for a description of fluid flow as it is in 
nature. G. K. BATCHELOR. 


A Selection of Tables for use in Calculations of Compressible Airflow, by 
L. RosENHEAD and others; prepared on behalf of the Aeronautical Research 
Council by the Compressible Flow Tables Panel. Pp. viii+143. 
(Oxford: Clarendon Press, 1952.) 40s. 


Calculations of the various quantities describing the state of a gas which is 
moving at high speeds (that is, at speeds not small compared with the velocity of 
sound in the fluid) have become a routine operation for aeronautical and ballistic 
experts in recent years, and these tables have been prepared as an aid to such 
calculations. Some selections of tables of the required kind already exist, but 
the Panel appointed by the Aeronautical Research Council found them unsatis- 
factory and accordingly it set out to provide an ‘‘ authoritative selection of the 
more important tables dealing with compressible airflow, collected under one 
cover and guaranteed, as far as possible, to be free from error”’. All the 
indications are that it has succeeded, and the result is a well-printed volume of 
tables, easy to consult and to interpret. A companion volume of graphs of the 
tabulated quantities will appear soon, with a different size of page. 

‘The tables are grouped under six headings; Isentropic flow tables, giving the 
values of quantities derivable from Bernoulli’s equation when particles of the 
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fluid move without change of entropy; Characteristic tables, used for the 
calculation of supersonic flow by the method of characteristics; Shock tables, 
giving the relations between the states of a gas on the two sides of a shock wave; 
Tables for the reduction of pressure ratios, which are needed for the interpre- 
tation of the readings of various pressure-measuring instruments; ‘Tables 
of some algebraic functions occurring in calculations of high-speed flow; and 
Miscellaneous tables, mostly concerned with the physical properties of air. 
In all these tables the value of the ratio of the specific heats is taken as 1-4, in 
order to make them apply accurately to the choice of air as the fluid in motion. 
Readers who are not engineers may be irked a little by the use of the slug as the 
unit of mass. G. K. BATCHELOR. 


| Niederdruck-Stromrichterventile, by H. BERTELE. Pp. xii+239. (Vienna: 


Springer-Verlag, 1952.) 66s. 6d. 
The advances which have been made in static current-rectifying devices 


/ during the last few decades has rendered indispensable their use in many 
branches of electrical engineering. ‘Their application, not only for the supply 
| of direct current for the electrochemical and metallurgical industries, and for 
* the speed control of motors, but also to other control systems is an indication 
+ of their versatility. The present book deals with some of the latest developments 
} and is concerned mainly with low pressure current converters. 


In the first chapter the author has confined the subject matter to some of the 


+ more important features of current-voltage relations and waveforms, commuta- 
) tion oscillations, and a brief account of the high pressure Marx type of rectifier. 
} He has wisely omitted details of rectifier transformers and circuits which are 
» treated extensively elsewhere. ‘The second chapter is devoted to some of the 
- fundamental physical processes involved in the low pressure spark discharges and 
- includes sections on the elementary kinetic theory of gases, diffusion of ions and 
ionization and recombination processes. Basic physical processes which have 


important applications in rectifiers, viz. the ‘ownsend theory of the low pressure 


ra spark discharge, plasma theory, wall effects and the Langmuir—Child equation 
> are all considered. 


The important role of the cathode in supplying the electrons is also treated 
in detail in this chapter and electron emission from cold, thermionically heated, 


/ and incandescent cathodes is considered. A very brief account is given of 
* field emission and other possible mechanisms of electron emission from the 
cathode spot in pool type rectifiers. ‘This chapter contains one small error : 
the equation II, 48 is due to Sommerfeld and Bethe ; it is a modification of the 
) equation given earlier by Fowler and Nordheim. ‘The third chapter gives some 
» practical details of low pressure rectifiers, ignitrons and thyratrons. 


Chapter IV deals with technical details of the glass bulb, steel tank and 


| pumpless rectifiers and ignitrons, and discusses, in terms of the fundamental 


processes outlined in chapter II, some of the problems involved in the design 


_and operation of these units. ‘The latest type of high voltage ignitrons are 


described. ‘The last chapter deals with some aspects of the current and voltage 


' limitations and the life of rectifiers. An extensive bibliography is given. 


It is clear from the treatment of this complex subject that the author appre- 
ciates the importance of a knowledge of fundamental processes of electrical 
discharges in gases for the understanding of rectifier problems, and recognizes 
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the need for close co-operation between physicist and engineer in the design of — 
rectifiers. | 

This nicely bound and well printed book of 239 pages will be of most use to — 
those actively engaged in the design of rectifiers, but it will also be useful to 
engineers concerned with their operation and maintenance. C. GREY MORGAN. 


An Introduction to Scientific Research, by E. Bricut WILSON. Pp. xiii+375. 
(New York: McGraw-Hill, 1952.) 51s. 


It is a far cry indeed from the classical scientific method, with its sterile 
discussion of Mill’s canons, to Professor E. Bright Wilson’s book in which the 
approach is avowedly practical and utilitarian. In his preface the author stresses 
that research is only too often “‘a highly inefficient endeavour”’. Most of us 
will have to agree with him, if we are honest, but there will always be those 
who, conscious of the ‘ finger-sight’ of the greatest experimentalists, will 
doubt whether books can be of very much help. Such a defeatist attitude is 
quite indefensible when we think in terms of the newcomer to research. ‘There | 
are tricks of the trade which the experienced can hand on to the apprentices. 
The sooner they are learnt the better. There is enough to acquire by the hard | 
way of disappointment without refusing the very real assistance of this book. | 

It is impossible to write a book of this kind which will satisfy everyone. | 
Argument as to selection of material and depth of treatment of the various | 
topics is inevitable. Accepting the principle that the author’s book which | 
has been written is of greater interest than the reviewer’s which has not, the | 
fairest course is to indicate what ground the book covers. 

A brief outline dealing with the choice and statement of research problems 
(with some pointed remarks about the cost of experiments) is followed by a} 
good introduction to the use of literature, which could profitably be expanded | 
for the English reader, and an outline of classical elementary scientific method. } 

An outstanding feature of the book is the stress laid on the contribution 
of statisticians to the development of an ordered body of principles for the} 
design and analysis of experiments. This section of the book will prove off 
value even to those who have worked in research for many years without evert 
getting familiar with the ideas of randomization, replication, confounding, | 
levels of significance and so on. They will find an easy introduction to sampling} 
processes and the common sampling distributions such as the Binomial,| 
Multinomial, Chi-square, Poisson and Gaussian, as well as Analysis of Varianced 
in its simpler aspects. 

There are two chapters dealing with mathematical methods (existenced 


punched card computers, analogue machines, numerical solution of equations, 
etc.). Other chapters deal with the design of apparatus (servo systems, kinematic) 
design, feedback, ‘ noise’ limitations on measurements etc.), the execution off 
experiments, errors of measurement and reporting the results of the research. 
The above very brief catalogue should indicate that the author has coverec#) 
a very wide field in selecting his material and it is quite certain that workers | 
in all fields will find a considerable amount that will repay careful study. I{ } 
should not be counted as a drawback that an introductory book is only 
introductory. Professor Wilson achieves his avowed intention admirably anc 


his book can be strongly recommended for all research libraries. M. J. 
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Designing by Photoelasticity, by R. B. Heywoop. Pp. xvi+414. (London: 
Chapman and Hall, 1952.) 65s. 


Although many designers will disagree with Dr. Heywood’s suggestion that 
the art of design consists mainly of an accurate determination of the stresses in a 
component, they should find the collection of information on stress-concentra- 
tions given in the second part of his book of considerable value in saving them 
the task of exploring a formidable number of publications in order to obtain the 
stress-concentration factor for a particular notch. Much of the information is 
presented in graphical form so that factors for almost any combination of notch 
dimensions can easily be found. In addition to the well known standard cases 
of grooves, shoulders and holes, the author gives information on the strength of 
ribbed plates in bending, and on the stresses in Tee headed members. Unfor- 
tunately the important cases of the splined shaft and key way have not been 
dealt with as thoroughly as other types of notch. A complete chapter has 
been given to the subject of screwed fasteners, and this should be useful to the 
designer who can afford the luxury of special thread forms and nuts in difficult 
cases. ‘The final chapter could have been improved by a fuller treatment of the 
application of stress-concentration factors to cases of combined alternating 
stresses. 

In the first part of the book the author gives a simplified account of the 
photoelastic effect and of some of the methods of evaluating stresses. He 
confines his attention almost exclusively to the determination of peak stresses on 
an unloaded boundary, which, as he points out, are the cause of failure in most 
engineering components. Unfortunately the methods given are insufficient for 
the exploration of stresses elsewhere, and the presentation of the theory is 
inadequate for the interpretation of those accidental optical and stress-optical 
effects which are liable to appear even in the simplest of cases. ‘The author gives, 
however, much useful information on materials and techniques, and some 
illustrations, from his own work, of the application of photoelastic methods to 
the reduction of stress-concentrations. ‘The book is well produced and fully 
illustrated and includes a comprehensive and well arranged bibliography. 

H. T. JESSOP. 
T. H. LAMBERT. 


CORRIGENDUM 


Interferometric Studies of the Growth of Stearic Acid Crystals and their Optical 
Properties, by Ajit Ram VERMA and P. M. ReyNno ps (Proc. Phys. Soc. B, 
1953, 66, 414). 


P. 418. Table 1, column 5 (Multiple), item 2 should read: 
14x (43:5+0-6); 2x(32-6+0-5) 


and item 3 should read: 
2 G(49 Sl 2) 24 x (3954 1)37 3 x (3279+ 0:8) 
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Heat Flow and the Growth of Metal Single Crystals from the Melt 


BYrT A. J. GOSS 


The University, Southampton* 


Communicated by S. Weintroub; MS. received 18th November 1952, and in amended fornr 
5th February 1953 


Abstract. A simple theoretical relation is derived for the heat flow in a 
crystallizing metal rod and three cases corresponding to slow, medium 
(=5 mm min“), and fast rates of growth, are considered. Details are given 
of temperature-time traces obtained experimentally using a thermocouple 
embedded in the solidifying metals, viz. Bi, Cd, In, Pb, Sn and Zn. The shapes 
of the traces are of three types corresponding to the three cases considered 
theoretically. It is shown that an approximate value of the ratio of the thermal 
conductivities of the solid and liquid metal can be obtained from the experimental 
results for the slow rate of growth, and values of the ratio are given for the six 
metals used. ‘The importance of the heat flow on the form and orientation of 
the crystals is discussed. 


$1. INTRODUCTION 
T= flow of heat from the crystallizing metal during the growth of metal 


single crystals from the melt has been the subject of several previous 

investigations. Goetz and Hasler (1929), Palibin and Froiman (1933), 
Chalmers (1949) and Gow and Chalmers (1951), for example, have discussed 
the heat flow problem qualitatively and have postulated various possible influences, 
for example the direction of the heat flow, on the growth. These influences have 
been supported to some extent by experiment. ‘Theoretically, the heat flow 
problem has been tackled by, in particular, Roscoe (1934), Kuznecov and 
Saratovkin (1934) and Duran (1941). However, the assumptions made by both 
Kuznecov and Saratovkin, and Duran, were incomplete and their results are 
therefore of little practical value. ‘The heat flow in a crystallizing rod was 
considered in detail by Roscoe and his results are of considerable interest. 
Nevertheless, Roscoe was unable to obtain satisfactory agreement between 
his theoretical and experimental values. More recently Pomeroy (private 
communication) has modified and improved Roscoe’s treatment slightly but 
no experimental observations were made to test the revised relationship between 
the various factors controlling crystal growth. It would appear therefore that 
the various proposals regarding the influence of heat flow on crystal growth 
which have been put forward lack direct experimental confirmation. 

In the following a fresh attack is made on the problem. A simple relation 
(eqn. (2)) for the heat flow in a crystallizing rod is given and this is used to 
distinguish three particular cases which are of practical importance. Experimental 
results, obtained in the form of temperature-time traces, on the crystallization 
of several metals are then discussed and it is shown that the traces are of three 
types in qualitative agreement with the above theory. ‘The temperature of the 
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solidifying metal was obtained by a thermocouple embedded in the metal and — 
not, as in Roscoe’s work, by a thermocouple placed outside the mould containing 
the metal. | 

The conditions which are assumed to apply in the derivation of eqn. (2) are | 
very closely those which occur in practice for slow rates of growth, and, in this case, 
good quantitative agreement between the theoretical and experimental results is | 
obtained. It is thus possible to calculate an approximate value (+10%) for — 
the ratio of the thermal conductivities k, and k,, of the solid and liquid metal | 
respectively. The experimental values which are obtained in this way for — 
k,/k, for tin, lead, bismuth and zinc agree with those obtained by other methods | 
by other investigators. For indium the value obtained, 2:3, is slightly greater 
than the corresponding ratio of the electrical conductivities; k,/k, for indium 
has not been determined previously. Finally, the connection between the heat 
flow and the form and orientation of the metal single crystals is discussed. 


§2. THe Heat FLow aT CRYSTALLIZATION 


Crystallization by slow solidification from the melt takes place by the 
transformation of the liquid metal into solid with the release of latent heat and 
this latent heat must be removed from the metal in order that the solidification 
may continue. Hence heat flow, which may take place by conduction, convection 
or radiation, away from the liquid—solid interface is essential for crystal growth. 
If the metal is zz vacuo heat loss by convection may be disregarded. 

It has been found experimentally that the temperature of the crystallizing 
metal in the slow solidification from the melt method may differ appreciably 
from that of its immediate surroundings. In some extreme cases it may differ 
by as much as 100°c above or below its surroundings. ‘The thermal transfer by 
radiation is therefore a somewhat variable, and usually unknown, quantity. 
It is, however, possible to derive a simplified, and to some extent approximate, 
thermal relationship (eqn. (2)) which expresses the change in thermal conditions 
at solidification, and which is, in certain circumstances, in good accord with |} 
experiment. 

For the heat flow across the solid—liquid interface of a crystallizing metal rod 
in vacuo, since in the limit when dx—-0 only the thermal conduction across 
the interface and the latent heat evolved at the interface are involved (Roscoe 
1934), it may be shown that 


kA, (=). 59) (=), = Alp (#) bier: (1) 


where the sufhxes 1 and s denote the liquid and solid phases respectively, 
k, L, T and p the thermal conductivity, latent heat, temperature and density }} 
respectively of the metal, x the coordinate of the interface as measured along 
the rod, A the area of cross section of the rod and ¢ the time. Only the thermal } 


involved. Although there is a small change in volume (about 3°%) between thell 
solid and liquid, we may consider A, ~ A, > A. Hence, 


where G and R denote, respectively, the temperature gradient, and the rate off 
movement of the interface. Three particular cases are worthy of special comment. 
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(a) R small. 'Vhe latent heat term RLp is then small and may be neglected, 
o that k,/kj}=G,/G,. This applies whether &, is greater or less than k,. 

(6) Balanced condition of heat flow. R is of such a value, depending on the 

hermal constants of the metal, that eqn. (2) holds for G.=G,. This is 
eferred to as the balanced condition of heat flow and can only occur when 
=> k,. 
(c) R large. ‘The latent heat term RUp is then large and this contribution 
o the heat flow can no longer be assumed to be removed only by conduction 
long the rod. A sharp solid—liquid interface and consequent neglect of the 
hermal transfer by radiation cannot then be assumed and eqn. (2) is no longer 
alid. 

The importance of these three cases in relation to the experimental growth 
f crystals will be made clear in later sections. The above discussion is limited 
in application strictly to the central portion of a long rod. In addition, it is 
dmittedly less comprehensive than Roscoe’s (1934) treatment, but Roscoe 
introduces assumptions with regard to the heat transfer by radiation and to the 
emperature of the metal in the mould which cannot be justified experimentally. 


§ 3. EXPERIMENTAL PROCEDURE 


Temperature-time traces obtained during the crystallization of tin, lead, 
inc and bismuth have been described previously (Goss and Weintroub 1952). 
Additional experiments have since been made on cadmium, indium and zinc. 
he method used was described in detail by Goss (1952). It is essentially the 
ndrade and Roscoe (1937) horizontal travelling furnace method in which the 
specimens are crystallized by slow solidification from the melt. The single 
crystal rods were approximately 5 mm in diameter and 20-30 cm long. Batches, 
usually of four specimens, in separate 7-8 mm internal bore open-end Pyrex 
oulds, were placed at the middle of the furnace tube. The pressure inside the 
tube was about 0-01 mm Hg. The furnace was moved at a steady rate and passed 
completely over the specimens so that crystallization commenced at one end 
nd continued uniformly along the specimens. ‘The variation in temperature 
of the metal during the run was recorded by means of a chromel-alumel 
thermocouple embedded in one of the specimens. ‘The thermocouple 
consisted of silver-soldered wires. Both 33 and 40 swg wires were used but 
in spite of the difference in thermal capacity of the corresponding junctions the 
temperature records in the two cases were identical. 

The thermal e.m.f. was recorded on a Kent potentiometric recorder, the 
scale of which was 250 mm wide, reading to 6 mv, corresponding to about 150°c. 
From the recorder trace which represents the time variation of the temperature 
of the mid-point of a specimen, the temperature gradient, at any time, along 
the rod can be determined, for approximately uniform conditions over the 
central length of the rod. A delay between the recorded e.m.f. and the actual 
thermocouple e.m.f. is inherent in the balancing system of the potentiometer 
(except when the thermal e.m.f. is constant), but for a steady rate of change of 
temperature this delay is constant and thus no appreciable error enters into the 
measurement of the rate of change of temperature. ‘The correctness of the 
traces was confirmed by independent measurements with a direct reading 
potentiometer. In addition, to ascertain the direction of the heat exchange 
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between the specimens and their surroundings, measurements were made with 
differential thermocouples and pairs of thermocouples. It was shown also that: 
the rate of crystal growth was identical with the rate of furnace travel. The: 
connection between the form of the crystals and the rates of growth has been; 
discussed elsewhere (Goss and Weintroub 1952). The relationship nna 


the temperature traces, the heat flow and crystal form only will be considere 
here. 


§ 4. THE TRACES 


There are three types of temperature-time traces corresponding to the three 
rates of growth (a) slow, (6) medium and (c) fast. 


(a) Slow rates (1 mm min-— or less) (see fig. 1). 


There is a characteristic change in slope as the metal cools through the 
melting point, For cadmium, indium, lead, tin and zinc, G, is less than G,. The: 
gradients just above and below the melting point are quite uniform but the 
gradient changes sharply at the melting point. For bismuth G, is greater thar 
G,. For the slow rates the traces obtained are in agreement with §2, case (a) ) 
the numerical values of G are considered later (see §5). 
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Fig. 1. ‘Traces for the slow rate of growth. Fig. 2. Traces for the fast rate of growti: 


(6) Medium rate (approximately 5 mm min-). 


For lead and tin G does not change sharply at the melting point. For t 
other metals, for which fewer traces than for lead and tin were obtained, an/) 
for cadmium and zinc in particular, for which the experimental difficulties ani: 
greater, those traces which do not show a sharp change in G cannot be accepted} 
without further qualification. : 

It may be observed from eqn. (2) that the balanced condition of heat flow {) 
attained when the change in thermal conductivity, k, to k,, exactly compensate 
for the release of latent heat. Equal temperature gradients in the liquid and soli) 
at solidification are then possible. For lead and G=20°ccm1, we find frovf 
eqn. (2), R=6mm min}, and for tin and G=15°ccm™, R=5mmmin1. These 
values of R are the rates at which it is found experimentally that lineage (ath 
defined by Goss and Weintroub 1952) is greatest. Lineage was observed alstt 
for bismuth (for slow rates), but not for cadmium, indium and zinc. | 
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) Fast rates (10mm min— and greater). 


Here G, is greater than G,. For bismuth G,—G, is much greater than for the 
low rates (compare the traces for bismuth in figs. 1(a) and 2(a)) and super- 
teooling occurs nearly always. For the other metals, for which , is greater than 
, the traces assume two forms: 

(A) as for lead and tin, at the melting point the temperature remains constant, 
some cases for several minutes, followed by a sudden drop (fig. 2(b)); under 
ehese conditions single crystals are formed. 

(B) as for cadmium, indium and zinc, there is only a sharp increase in G at . 
olidification (fig. 2(c)); single crystals are not then obtained. 

It is not possible to correlate the values of G, obtained from the traces for 
he fast rates, with eqn. (2), because there are large temperature differences 
etween the specimen and the surroundings and therefore large radiation effects. 


§5. THe RATIO OF THE THERMAL CONDUCTIVITIES 
OF THE SOLID AND Liguip METAL 
Equation (2) may be rewritten in the form 

Gs Ree GRehiket. Lo) Rie eae Gi OR. (3) 
howing that G,/R is linearly related to G,/R. For the six metals data obtained 
rom the temperature-time traces for the slow rates were used to calculate the 
alues of G/R. These values were plotted (not shown) and the linear relationship 
vas confirmed. As expected, since the radiation from the interface cannot be 
eglected, G,/R and G,/R for the fast rates were not linearly related. The linear 
sraph emphasizes unduly the values obtained with very small values of R and 
qn. (3) was therefore rewritten in the form 

G,— RL p/k, = Gik,/R;. ee eeee (4) 
Lp/k, was calculated for each metal, using accepted values, and the left-hand side 
»f eqn. (4) was plotted against the corresponding value of G; (see figs. 3 and 4). 
An approximate value of k,/k, was obtained from the slope of the lines drawn 
hrough the points. Inthe table these ratios are compared with those of previous 


q . 
investigators. 


Experimental Values of k,/k, for Various Metals 


Bismuth Cadmium Indium Lead Tin Zinc 

0-45 (a) 2:4 (6) 1-83 (a) 1-7 (a) 1:51 (a) 

0-65 (c) 1-24 (d) ie 7a(D) 1:56 (e) 
2-0 (c) 

0:57 (f) 1-6(f) 2:3 (f) 17,07) 1s) 1:8 (f) 


(a) Konno 1919, (6) Brown 1923, (c) Northrup and Pratt 1917, (d) Bidwell 1940, 
2) Bidwell 1939, (f) present work. ‘The values quoted are subject to a variation of not 
nore than + 10%. 


The agreement for bismuth, lead, tin and zinc is satisfactory. ‘The values 
f k, of the previous investigations are those for polycrystalline material whereas 
hose for the present work are for single crystals. However, the difference between 
f, for a polycrystal and for a single crystal of the usual orientation is very small. 
*or cadmium the value of k,/k;=1-6 is considerably lower than 1-9, the 
corresponding electrical ratio, and is very different from Brown’s value, 2:4, 
ivhich is considered to be unusually large (Powell 1949). A value of about 1-8 
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is probably correct. For indium the value 2-3 obtained for k,/k, is the only, 
one known. It is greater than the value, 1:9 approximately, of the corres- 
ponding electrical ratio, but the experimental evidence, given by the several) 
temperature-time traces obtained for indium, shows that 2:1 is the least possible: 
value for the thermal ratio. 


frente Ee 
0 20 40 10 20 30 
G (°c cm-') @ (°C cm”) 
Fig. 3. Values of eqn. (4), (a) bismuth, Fig. 4. Values of eqn. (4), (a2) cadmium, 
(b) lead and (c) tin. (b) zine and (c) indium. 


§ 6. THE INFLUENCE OF HEAT FLOW 


It is worth while considering whether there is any connection between the! 
resultant form of the crystals grown and the heat flow during growth. In §4(b3 
it was mentioned that lineage is most strongly developed in lead and tin crystals 
grown at rates which correspond to ‘balanced’ heat flow. ‘The evidence of 
other workers on this point is however somewhat contradictory. Puttick anc 
King (1949), for example, state that tin crystals grown in graphite moulds shows 
less tendency for lineage than when grown in moulds of materials of very poow 
thermal conductivity. However, more recently, Teghtsoonian and Chalmers 
(1951), have observed lineage in tin crystals grown at rates of 1-10 mm min“ ir 
graphite moulds. ‘This is to be expected since the heat developed at solidification 
is removed from the interface to a considerable extent by conduction through) 
the mould and the heat flow is more nearly in the ‘balanced’ condition. | 

For bismuth, since k,<k,, the ‘balanced’ condition of heat flow cannot bo} 
attained. However, lineage did occur in the crystals grown at the slowest rates!) 
The cadmium, zinc and indium crystals were free from lineage, though it should] 
be mentioned in this connection that only a few specimens of cadmium or indiuni} 
grown at the medium rate were examined. | 

For the fast rates the contrast in crystallization between lead and tin on th¢ 
one hand, and cadmium, indium and zinc on the other, is very marked. This i/ 
in accordance with the two types of temperature traces obtained for the fas} 
rates (fig. 2). For lead and tin the records show a steady temperature at thi 
melting point and single crystals were obtained, but for the other metals thii} 
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steady temperature was absent and only strips of crystals, of dissimilar 
orientations, were formed. 


§ 7, PREFERRED ORIENTATION AND THERMAL CONDUCTIVITY 


Several tentative theories to account for the presence of preferred orientation 
in crystals grown from the melt have been advanced, but up to now the 
experimental data to test these theories have by no means been conclusive. 
It is now possible to correlate the orientation with the physical properties, 
particularly the thermal conductivity, of the crystal. 

For slow rates of growth, bismuth, cadmium and tin of the metals studied 
showed preferred orientation, but indium and zinc did not. The apparent 
preference for orientations of large %, the angle between the specimen and a 
crystallographic axis, has already been the subject of comment (Goss 1951). 
At slow rates the heat flow is from the crystallizing interface along the specimen, 
the temperature of which is about the same or lower than that of its surroundings, 
and therefore the crystal will grow with a preference for that orientation for which 
the heat is conducted away most readily. For bismuth, cadmium and tin the 
thermal conductivity is greatest in the direction perpendicular to the axis of 
three-, six- and four-fold symmetry respectively, i.e. in the basal or cleavage 
plane, and is approximately 1-3 times the conductivity in the axial direction. 
For zinc the thermal conductivity changes very little with orientation (ratio 
of 1:1-05), and no preferred orientation occurs at slow rates of growth. No 
particular preferred orientation has been observed for indium. ‘This is in 
agreement with some recent measurements by the author on indium single crystals 
which indicate that the electrical resistance, and hence the thermal resistance, is 
approximately isotropic (ratio of <1: 1-05). 

The results may be different, however, when stress is present; for example, 
zinc, grown in a vertical position, has been found to show a preference for its 
c-axis to be perpendicular to the specimen axis (Kuznecov and Saratovkin 1934). 
The orientating effect of heat flow is also clearly observed in the work of Goetz 
and Hasler (1929), Palibin and Froiman (1933) and Slifkin (1951), but it is 
possible that some degree of constraint may have been present in all these 
experiments. 

For fast rates of growth, and using the horizontal method, the orientations 
which result are not necessarily the same as those for slow rates. Zinc is an 
extreme case; at fast rates, there is a very strong preference for the hexagonal 
axis to be normal to the specimen axis. Bismuth retains its preference for large 
values of % between the trigonal and specimen axes, but tin no longer shows 
a preferred orientation. Since the heat flow, at fast rates of growth, is governed 
by radiation in addition to conduction, there is little thermal control of the 
orientation of the crystals. The metals that exhibit preferred orientation at the 
fast rates crystallize with orientations in the direction of least compressibility 
and therefore of greatest binding. ‘Tin, however, is approximately isotropic in 
this respect. 


§ 8. CONCLUSION 
It is apparent therefore, from the observations on the various metals, that 
no one factor is responsible for the preferred orientations which occur in the 
growth of single crystals. It is considered, however, that at the slow rates of 
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growth it is the thermal conductivities which are mainly responsible, but that 
other factors are of great importance when rapid or stressed growth occurs. 
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Abstract. At electric fields lower than those required to cause an appreciable 
ion current to flow, an electron current is observed in thin films of oxide formed 
on aluminium in suitable electrolytes. The relationship between electron 
current z_ and the field F across the film is represented by the equation 
1_=A_sinhB_F where A_, B_ depend on the temperature and on the barrier 
‘dimensions opposing the current. These latter are found to be about 0-61 ev 
and 1-44. A similar formula also holds for tantalum. ‘Taken together with the 
equation for ion current published previously, this equation represents the 
‘entire current over a range of some 10! to 1. 

The presence of trapped electron charges in the oxide layer near the 
electrolyte surface is discussed. 


$1. INTRODUCTION 


HEN aluminium is anodized in suitable electrolytes, a thin insulating 

oxide film is formed which acts as the dielectric of a condenser. During 

the formation process the current flowing consists mainly of ions, 
which build up the film. Ina previous paper (Charlesby 1953) the relationships 
) between this ionic current, the formation voltage, film thickness and temperature 
were studied. If the voltage applied to a film is reduced well below the formation 
voltage, the current drops markedly and no longer results in film growth. Even 
yafter a long period, when a considerable total charge has passed, there is no 
4} appreciable increase in the thickness of the oxide layer. It is therefore necessary 
to assume that at these low current densities the current consists mainly or 
entirely of electrons, which can flow without affecting the oxide film. This 
‘electron current, which can flow indefinitely provided that a constant voltage is 
} maintained across the film, is often referred to in the literature as the ‘leakage 
current’. In this paper the relationship between electron current 7_, voltage 
across the film V, film thickness 6 and temperature T is studied. In addition 
to our own results, some experimental data obtained by Guntherschulze and 
‘Betz for aluminium and tantalum (which behaves in an analogous fashion) have 
» been analysed. 


§ 2. THEORETICAL RELATIONSHIP BETWEEN ELECTRON CURRENT, 
FIELD AND ‘TEMPERATURE 


The oxide film formed on aluminium by anodizing is of uniform thickness, 
since slight variation would cause small changes in the field, and considerable 
) ones in the ion current which builds up the film. Only the electron movement 
‘across the film, at right angles to its surface, need therefore be considered. It is 
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~ assumed that this flow of electrons is inhibited by a potential barrier of height U_ 
and half width a. ‘This barrier may be considered to occur at or near the 
metal—oxide surface, although this assumption is not essential. In the absence 
of an external field F, the probability of an electron jumping the barrier is | 
vexp(—U/kT) where v is the probability (per second) of a transition in the | 
absence of the barrier. 

If a field F (assumed uniform) is present across the film, at right angles to 
“its surface, electron motion in the direction of the field will be aided, while in 
the opposite direction it will be opposed. ‘The effect is to replace the barrier | 
height in one direction by U—aeF, and in the other by U+aeF, e being the 
electronic charge. ‘The flow of electrons will then be 

i_= Nevexp(— U/kT) {exp (aeF/kT)—exp(—aeF/kT)} 
=2Nevexp(—U/RT)sinh(aer/RT) ~~ eee (1) 
where N electrons are available to carry the current. At constant temperature 
(1) can be written in the form 


1_=—A “sinh Boh 4 sim Va eg eee (2) 7 | 
where A_=2Nevexp(— U/kRT), B_=ae/kT and V,=6/B_. Here the field F' 


is taken as V’/5, the potential V across the oxide film divided by its thickness 6. 
At low fields (aeF/RT <0-8) 


i= ALBoVi8.. pea eee (3) 
while at high fields and in the absence of ion current 
logz: =0:4343B_V/o+log(A_/2).. Bae (4) 


In what follows these theoretical relationships are compared with experimental 
determinations of the current—voltage curves. In addition to verifying eqn. (1), / 
the comparison gives values for A_ and B_, and hence U and a. 


§ 3. VARIATION OF ELECTRON CURRENT WITH APPLIED VOLTAGE | 
AT CONSTANT ‘TEMPERATURE 


It is convenient to plot the experimental current—voltage curves on double + 
logarithmic paper and compare the resultant plot with the curve y=sinh«x 7 
drawn tothe same scale. If the theoretical relation (2) is correct, the two curves } 
should coincide, apart from horizontal or vertical shifts of the axes. These | 
shifts give the magnitude of A_ and V,, which are the current and voltage 
corresponding to y=1, x=1. If V; is the formation voltage, the film thickness 8 | 
is approximately 1:1 10-7V; at room temperature. ‘Then an approximate : 
value for B_ can be deduced: B_~1:1x10-*V;,/V,. A comparison of the: 
observed current-voltage relationship with formula (2) is shown in fig. 1.. 
Good agreement is obtained except at voltages close to the formation voltage, , 
when the ion current is no longer negligible. 

Experimental values of A_, V, and V;,/V, for a number of specimens are : 
given in table 1. Some variation in these values is possible without seriously | 
affecting the goodness of fit. A further cause of error is due to variation in the || 
ratio 5/V;. ‘This depends to some extent on the formation current, and by 
assuming a constant value at room temperature (20°C) errors of 20% may arise 
in the value of B_. 

In a well formed film and at low fields (_V;<0-1v) considerable hysteresis 
effects are observed when the voltage is changed. As a result it is difficult to 


—— 
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obtain reproducible results at these low voltages, the electron current depending 
on the time spent at a given voltage and on whether this had previously been 
increased or reduced. These hysteresis effects are ascribed to the formation of 
space charges within the oxide layer, due to the trapping of electrons. The 
existence of these space charges has been demonstrated experimentally. 


Table 1. Electron Current in Relation to Formation Voltage (20°c) 
t=A_sinh V/V, 


Specimen V¢(v) A_ (ma cm~?) V; (v) V/V, 
I 120 0:01 23 5 
Ill 330 0:01 67 =) 
IV 330 0:05 63 5 
IV 260 0-017 45 6 

260 0-006 33 8 

VII 50 0-0003 6 8 
81 0-006 15 5 

139 0-013 20 Wi 

VIII 193 0-007 27 7 
N 95 0-001 20 5 
95 0-0018 25 4 

B 15 0-007 25 6 
80 0-04 20 4 

115 0:05 24 5 

148 0-075 Shi 5 

Bll 102-4 PHY 4 
H10 12/5 0-006 383) 4 
R2 49 0-0003 10 5 
0-0004 2, + 

49 0-0002 118} + 

109 0-0008 30 . 4 


Electrolytic condenser 


E1B/15 50 0-003 13 4 


According to formula (3) 7_ « V at low field intensities. ‘This ignores the 
field due to space charges within the film. It can be shown that, under equilibrium 
conditions, the effect of space charge in the neighbourhood of an electron emitter 
in vacuum is to reduce the effective field, so that ia V” where nm equals 1-5. 
In the present experiments it was not feasible to wait for equilibrium to be 
reached. The longer the time lapse after a voltage charge, the smaller was the 
difference in electron current as between measurements with rising voltage and 
falling voltage. Moreover the average of these two values was approximately 
independent of this time lapse. Accordingly electron currents were measured 
30, 45 and 60 seconds after each change in voltage, for both rising and falling 
voltage, and averaged. In this way an approximate value for the equilibrium 
current at any given voltage was obtained. 

At low field intensities it was found that logz oc nlog V where n varies between 
0-7 and 2:0. Guntherschulze and Betz (1934a) obtained values of m between 
1-966 and 2-99, depending on whether the field was increased or decreased, and 
on the time allowed for the current to settle down. In the literature they also 
give other and often incompatible relationships. 
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At intermediate values of V excellent agreement was observed between the 
predicted and observed shape of the (logz, log V) curve. 

At high values of V, approaching the formation voltage, the current increases 
more rapidly than is shown in the theoretical formula, the difference being due 
to the ion current. When this is allowed for, good agreement results, as is shown 
below for specimens of aluminium and tantalum. 


Experimental Value of B_ 


In table 1 the values of V,, V; and V,/V, corresponding to the best fit with the 
theoretical curve are given for a number of aluminium specimens. Over a wide 
range of specimens and formation voltages it is found that V;/V, is of the order 
of 5. Variations between one specimen and another may be largely ascribed to 
variations in the ratio 6/V;. 
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Fig. 1. Current-voltage curve for aluminium Fig. 2. Electron current for various film thick- 


specimen formed for 10 hours at 20°c 


(V;=50 v). 


nesses (aluminium). (Curves represent 
theoretical formula 7=A sinh V/V.) 


Assuming a value of 6/V;=1:1x10-7 for a well formed 
Brave x 10S VeVi os x10" 
we obtain a= 1-4A. 

From some experimental data given by Guntherschulze and Betz we deduce 


specimen,. 
From formula (2), with e=1 electron charge, 


Bo= 8:8 x1 a=2A (1934a) 
Bo=711 x 10-*; a=1-7A (1934b, p. 369) 
Bae25:3 1077: a=1:2A (1934a, fig. 4) 


An extended series of investigations with an electrolytic condenser (the 
electrolyte consisting of glycol and ammonium borate), in which the film thickness. 


was deduced from capacity measurements, gave the following values at 19°c: 
V,=15:7v; 6=6904; B_=4:4x10-?; a=1-1A. 


| 
| 
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Experimental Value of A_ 


At room temperature the value of A_ varies irregularly from one specimen 
to another. It appears to depend on impurities present as well as on the time 
of formation. Values for A_, deduced from the results of Guntherschulze and 
Betz, average around 1jA/cm?. By prolonged formation and high purity of 
electrolyte we have obtained much lower values (table 1). For any given 
specimen the value of A_ does not vary appreciably with film thickness. In 
fig. 2 the current-voltage relationship is shown for a single specimen formed 
at various voltages, and for varying lengths of time. With increasing time of 
formation voltage, and hence film thickness, the curve is displaced towards 
higher voltages V,, due to increased film thickness, but the value of A_ remains 
unaltered to within experimental error. A similar conclusion was reached for 
the leakage current through an electrolytic condenser, A_ being independent of 
film thickness or film age when the formation voltage or time of formation was 
increased. 


§ 4. VARIATION OF ELECTRON CURRENT WITH ‘TEMPERATURE 


At constant field the electron current increases rapidly with temperature. 
The empirical formula quoted in the literature is logz_=x+6T. Values for 
x and f read from tables in the literature or abstracted from graphs are as shown 
in table 2. 


Table 2. Variation of Electron Current with Temperature 


Metal a B Remarks References 
Aluminium 9-13  0-0236 V-=300, V=200 GB 1934 a, p. 94 
Aluminium 0-026 H 1940. 
Tantalum 9-8 0-034 Temperature rising GB 1932, p. 595 

9°5 0-029 Temperature falling, 
thicker film. 
Tantalum 12:79 00-0243 e150 50 GB 1934 a, p. 94 
Titanium 8-7 0:0237 V;-=14, V=14 GB 1934 a, p. 94 


GB=Guntherschulze and Betz ; H=Herrmann. 


The value of « varies with the voltage applied, and has no fundamental 
significance. In every case it is essential to keep the reference voltage well below 
the formation voltage, to ensure that ion current does not flow with increasing 
temperature. ‘The similarity in the values of 6 for aluminium, tantalum and 
titanium is to be noted. Over a limited temperature range formula (1) can be 


written keener 


Alogi_=0-4343—g—AT 


provided that aeF/RT is greater than about 1-5. Comparison with the empirical 
formula Alogi=f AT gives for 


p=0-024, U-—aeFk ~0-45ev, U~QO0-5ev, 
B=0-028, U—aeF ~0-52ev, U~0-6ev. 


A more exact determination is not justified since the exact values of F and T at 
which the measurements were taken are not available. 
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A detailed investigation on the variation of electron current with temperature 
has been carried out, use being made of an electrolytic condenser formed at — 
50v, 100°c. The current-voltage relationships measured at varying temperatures 
are shown in fig. 3 and are compared with the theoretical formula (2). At 100°c 
the best fit is obtained for V,=20 volts. The corresponding values of V, at 
other temperatures can be deduced since, according to theory, V,a1/BaT. 
An experimental value of A_ (Aj,,) at each of these temperatures can then be 
obtained by fitting the theoretical curve to the observed points, with the 
appropriate calculated value of V,. Again a semi-theoretical value of A_ (Apaje) 
can be calculated for the same temperature from (2) assuming U=0-6lev, 
2Nev=4x108acm. Table 3 shows the close agreement obtained between 
the calculated and observed values of A_ over a range of temperatures. Agreement 
as far as the variation of A_ and B_ with temperature, the value of U, and the 
general shape of the curve is within experimental error. 


Table 3. Observed and Calculated Parameter A_ in Formula for Electron Current 


TEE® 100 80 65 50 3/, 

V, (Vv) 20 18-8 18:1 17/83 16-6 
Aops (UA cm-*) 25 10 32 1s) 0-6 
Abas (HWA San) 25 9 SS 3 0-54 


§ 5. COMPLETE CURRENT-VOLTAGE CURVE 


Having established the separate laws relating ion and electron current to 
applied field, it is interesting to study the extent of agreement for the complete 
current-voltage curve taken at various temperatures. 

The formula for the total current z can be written as follows: 

1=A,exp(B,F)+2Nevexp(—U/kRT)sinh(aeF/RT). ...... (5) 

The parameters A,, B, refer to the ion current, which is only appreciable 
at voltages V greater than about 80% of the formation voltage Vs. The variation 
of A, and B, with temperature can be calculated if the barrier height opposing 
ion flow is known. If V<0-8V;, only three parameters, Nev, U and a (the 
barrier dimensions limiting the electron current), need be considered. 

Aluminium. Figure 3 shows the total current through an electrolytic condenser 
at various voltages and temperatures. ‘The various symbols represent observed 
values, while the broken line represents the calculated relationship, with 
parameters for the electron current, as given above: a=1-:1A, U=0-6lev, 
2Nev=4x10°acm™’. The full line represents the same relationship, but with 
a~1:3A. For voltages below about 45 and temperatures between 37°c and 
100°c good agreement is obtained with the theoretical curves over a range of 
1000 to 1 in current density. Above this voltage there is the expected steep rise 
due to the intrusion of an ionic current. The very small voltage range prevents 
a detailed quantitative comparison of the latter with theory. At lower 
temperatures and fields agreement is less satisfactory, due to an appreciable 
space charge effect. 

Tantalum. ‘The theoretical expression for the total current (5) is compared 
with some published data for a tantalum oxide film (Guntherschulze and Betz 
1931, p. 156). The range of currents studied varies over a range of about 
20000 to 1. ‘The curve in fig. 4 shows more clearly than that for aluminium 
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oxide the distinction between electron current and ion current. Below 80 volts 
the current is almost entirely due to electrons; above 100 volts only the ionic 
current need be considered. 

As measurements were only made at one temperature, it is not possible to 
determine separately the values of 2Nev and U from this data. However, assuming 
a value of 0-5 to 0-6 ev for the barrier height opposing electron flow, the following 
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values of the parameters give close agreement with the published data (represented 
by crosses in fig. 4). Two values for ion current parameters are also given. 


Electron current a=0-41A; u=0-5 to 0-6ev; 
2Nev=355 to 2x 10°acm””. 
Ton current A,.=6-7 x 10-%1 (1) to 4-26 x 10- acm-* (II); 


Bea 17 x 10-4(1) tol-888.x10-*cmy=(II). 
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Space Charge Effects 


A number of phenomena render it necessary to elaborate the simple picture 
of the oxide film as consisting of an insulator, on each face of which charges may — 
be placed. Among these phenomena the most striking is the hysteresis which 
occurs in the electron current when the applied field is changed. If, for example, 
the potential across the film is reduced, several minutes elapse before the electron 
current approaches a new steady value. If the voltage is decreased sufficiently 
the electron current may for a time become opposite in direction to the applied 
field. Again, on shorting a charged electrolytic condenser, there is an immediate 
discharge, followed by a slower one. The time constants of the circuit (condenser _ 
plus series resistance) cannot account for the relatively long period necessary for | 
the slow discharge. 

These and other phenomena lead one to assume that, in addition to the | 
ordinary charge on the faces of the oxide, there exists a trapped charge within 
the film. This trapped charge may consist of electrons replacing missing oxygen 
ions, stoichiometric excess or deficiency of metal ions, electrons trapped at 
impurity centres or near crystal boundaries etc. ‘The most satisfactory hypothesis 
is that the charge consists of electrons trapped in the film near the electrolyte 
surface. ‘The binding force is such that, when there is no potential difference 
between the two surfaces of the film, the charge dissipates by mutual repulsion 
with a time constant of the order of minutes at room temperature. Most of the 
charge will move towards the (previously) negative surface, i.e. the electrolyte. 

The existence of this trapped charge may be demonstrated directly. An 
electrolytic condenser, previously charged. for a long period to enable the 
equilibrium trapped charge to be set up, is discharged for a short time 
(1-5 seconds) to dissipate the surface charge on the plates. A charge continues 
to build up on the electrodes, and can be measured by means of a ballistic 
galvanometer. Again the total charge held by an electrolytic condenser, as 
obtained from ballistic measurements, is greater than that deduced from the 
charging voltage and capacity (measured at 50 c/s). In the former case a large 
part of the trapped charge may be included in the total charge measured. 


$6. DiscussIon 


Two main problems must be considered: the origin of the electron current 
and the mechanism of trapping. 


Origin of Electron Current 


The emission of electrons from the electrolyte surface may take place by 


the quantum tunnel effect, by strong field emission, or by thermionic emission. | 


The variation of current with temperature favours the last hypothesis. In this 
case the electrons presumably arise mainly from the presence of impurities, since 
there is evidence that these determine the magnitude of electron current. With | 
very pure specimens the electron flow, at a given field intensity, is much lower 
than for less pure specimens. 

Intrinsic conduction by the film cannot account for the observed electron | 
currents. For such conduction the conductivity o is of the forma =o, exp (— U/RT) | 
with o~1000hm'cm 1. In our case oy is of the order of 10-4ohm-!cm-!. 

Once emitted, the flow of electrons to the anode is determined by the field | 


in the manner studied quantitatively above. Assuming that the effective field | 


\] 
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is 1/5, then the barrier dimensions are 1-1-1-4A width (trough to peak) and 
0-6lev height. However, the presence of trapped charges may reduce the 
effective field F’ near the electrolyte to a lower value. This will not affect the 
agreement with experimental data found in this paper, but the value of the barrier 
width will be increased. 

Similar electron currents are observed for other insulators at fields of the 
order of 10®°vcem™!. Indeed the general shape of the (7, V) curve for such insulators 
is remarkably similar to that observed for aluminium oxide films, but no 
quantitative comparison is available. Von Hippel accounts for these currents 
by strong field emission, while Frenkel believes that the field assists thermal 
vibrations to eject electrons from impurity centres. Our results favour the 
latter hypothesis, and it would be of interest to discover whether formula (1) 
for the electron current fits the results obtained for alkali halides and mica at 
high field intensities. 


Trapped Charges 


Electrons can be trapped in the field of interstitial positive ions at impurities, 
at missing oxygen lattice points, or near crystal bounderies (‘Tamm levels). The 
mechanism of electron trapping proposed by Landau, in which extra electrons 
in the lattice, by attracting adjacent ions, form their own trap must be rejected. 
Quantitative analysis by Markham and Seitz (1948) for alkali halides shows 
that the traps are not deep enough; their calculations may be extended to the 
case of aluminium oxide. 

In the absence of an external field there is an equilibrium concentration of 
interstitial Al?* ions present in the film. Owing to the open nature of the oxide 
film, the application of an external field will disrupt this equilibrium and 
aluminium ions will be more concentrated in the direction of the negative field 
(i.e. near the electrolyte). It has not proved possible to demonstrate this change 

' in equilibrium conditions, although the inertia effects found in the electron 
current may possibly be related to it. 

Two other properties of the insulating oxide film which may be related to 
| the presence of trapped charges have not been discussed in this paper: the 
| rectification properties of the film and its reforming characteristics on standing. 
| 
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Abstract. The results of a brief study of the origin and mode of formation of | 
high resistance films on electrodes of demountable systems are presented, 
Evidence is given that the films are produced by the dissociation of organic | 
molecules into radicals by electron bombardment and the polymerization of the | 
latter. It is shown that, except where the partial pressure of organic molecules is | 
10-4 mm Hg or more, the process takes place in condensed layers of organic : 
substances, that the nature of the electrode material is not important, and that a . 
beam potential of a few volts is sufficient. Above 300v beam potential only a | 


low resistance deposit is formed; no deposit is found if a temperature of 250°C 


or more is maintained. A qualitative comparison of the deposits originating 


from various vacuum seals in common use is described. 


§ 1. INTRODUCTION 


within narrow limits in a demountable vacuum system, the appearance of - 
high resistance films on various electrodes led to instability in the system. . 
The appearance of black deposits and of films showing interference colours in | 
electron optical systems is well known, but there seems to have been little : 
systematic investigation of the origin and formation of the deposits. Stewart - 
(1934) measured the breakdown temperatures, breakdown voltage and resistance » 


I: a recent attempt to obtain a beam of electrons homogeneous in energy to | 


of a typical film. 


In a gas discharge, organic molecules may be ionized, the ions may lose charge * 
to form free radicals, and the radicals either may be decomposed further to give : 
‘molecules’ consisting of a carbon chain with occasional hydrogen atoms attached | 
or may form stable long chain molecules by polymerization (Linder and Davies ; 
1931, Conrad 1934, Harkins 1934). Konig and Helwig (1951) showed that a! 
solid film produced by polymerization of benzene vapour in a gas discharge had ! 
a conductivity of 10~°Q-'cm™!, which was increased by heating in vacuum to) | 


600°c te-10 O-1 cm-. 


§ 2. 'THE FORMATION OF DEPOSITS 


The investigation was confined to systems evacuated by a mercury diffusion || 


pump (for contamination from oil diffusion pumps see Webster et al. 1932, 


) p 


Hillier 1948). In all the experiments to be described a liquid oxygen trap was } 
used to prevent the access of mercury vapour to the experimental chamber: the : 


demountable joints under test either were a part of this chamber or were between 
it and the trap. 
* Now at Bell ‘Telephone Laboratories, Murray Hill, New Jersey, U.S.A. 
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(i) Measurement of Breakdown Temperatures 

A number of experiments was designed to measure the breakdown temperature 
of the films produced by a low energy electron beam in a glass vacuum system 
using greased joints. ‘The form finally used consists of a target mounted with a 
soft iron counterpoise on a pivoted arm, so that it could be moved by an external 
magnet from one position in front of an electron gun to a measuring position. 
At this position a copper electrode could be moved from outside to press lightly 
on the surface over an area of approximately 9 mm?. ‘The resistance between 
this electrode and the target, due to any surface film formed, was measured, a 
potential of 1 volt or less being applied. The failure of an earlier form in which 
silver was deposited on to a restricted area of the film to facilitate the measurement 
of the specific resistance of the material was presumably due to the presence of 
holes in the film leading to local short circuiting. In the final form, only an 
approximate value can be found for the specific resistance. The target electrode 
can be heated at any position by the use of the radiation heating arrangement 
described by Leemans and Kompfner (1951) and its temperature estimated from 
the power input to the lamp, a subsequent calibration using a similar plate suitably 
mounted being made to find the relation between lamp power and target 
temperature. Values found were 


Beam of approximately 2ma at 100v for 20 hours 


Conductivity of deposit 10-2to 1 et cme: 
Breakdown temperature in vacuum 600 + 50°c 
Breakdown temperature in air 450+50°c 


These values are consistent with those of Konig and Helwig and point to a 
possible identity between the deposits in the present case with those in a gas 
discharge in organic vapours. ‘This assumption of identity was further tested 
by a search for free radicals in a system containing an electron beam and the 
vapour of vacuum grease. 


(11) Presence of Organic Radicals 
The apparatus for this test consisted of a connected pair of similar tubes. 


A lead mirror had been formed in each by evaporating lead tetra-ethyl on to a 


warmed surface, and each contained the vapour produced by heating Apiezon ‘ L’ 


3 grease inasidearm. ‘I'he equivalent nitrogen pressure in the system as measured 
» onan ionization gauge before heating the side arm was approximately 10-§ mm Hg; 
, on warming to approximately 80°c a pressure of 2 x 10-*mm Hg was reached 


and maintained for several days. In one of the tubes an electron beam was 
operated at a voltage of 1kv, the current being approximately 1ma. After 
48 hours operation the appearance of the lead mirror in the tube containing the 
beam had changed, the reflectivity having decreased and the transparency 
increased compared with that in the other tube. On warming both films to 
between 150 and 200°c under a pressure of 4 x 10-®mm the comparison mirror 
was not affected while that in the live tube evaporated. ‘Thus this film was more 
volatile than the original lead, which is true of the organic, but not the inorganic 
lead compounds. It is deduced that free radicals are present in such a system. 


(iii) Distribution of Deposits 
If it is assumed that the formation and polymerization of the free radicals 
takes place in an original film of organic material condensed on the electrodes, 
then the resulting deposit would be expected to appear only on electrodes 


2 N-2 
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intercepting part of the electron beam. In the experiment to measure the 
breakdown temperature of the contamination films a more widespread deposit 
had been observed. Free radicals formed from organic vapour in the path of the 
beam would subsequently polymerize on any surface, but the pressure of some 
10-4mm Hg required before this effect is significant 1s far higher than that in 
any practical electron optical vacuum envelope. This discrepancy was studied in 
the apparatus shown in fig. 1. 
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un 


Joints 


Fig. 1. 


An electron beam at 750v was directed between a pair of parallel plates, 
originally at anode potential, on to a collector. The beam was constrained by 
an axial magnetic field extending the whole length of the system so that no part 
of it could be intercepted by the plates. Two greased joints were used in the 
vacuum system. With a beam current of 1-2 ma running for 20 hours, a deposit 
showing up to three spectral bands of interference colours was produced on the 
side plates, the maximum thickness occurring near the gun aperture and near the 
collector. Away from these points the deposit was very slight, confirming that 
at normal operating pressures the number of free radicals formed in the vapour 
phase is negligibly small. The experiment was repeated with the collector still 
at anode potential, but the side plates 20v below this. The beam was run for 
30 hours at an average current of 1:-4ma; on examination it was found that there 
was no heavy deposit on any part of the side plates. It seems that secondary 
electrons striking an electrode with their energy of emission, that is with energies 
of the order of 5 electron volts, can form high resistance deposits; this suggests 
that free radicals can be formed directly with no intermediate ionization stage. 
This hypothesis is sufficient to account for all the cases of a widespread 
distribution of deposits observed in the earlier experiments, and receives some 
corroboration from the possibility of the contamination of a mercury discharge 
tube by inorganic vapours where the discharge is spectroscopically pure, as 
observed by Dr. P. C. Thonemann (unpublished). 


§ 3. SoURCES OF CONTAMINATION 


It appears, then, that the mechanism of formation of the high resistance films | 
is the production of free radicals in a layer of organic material on an electrode, 
followed by the polymerization of these radicals to form stable compounds of ] 
high resistance, an electron energy of a few volts being sufficient. If this is so, 
any organic material used as a seal is likely to give contamination unless its vapour | 
pressure is much lower than that of the Apiezon grease used in the experiments 
described above, and the nature of the electrode material is not likely to be a. 
significant variable. | 
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(i) Method of Study 


To compare the contamination from different sealing materials and determine 
any upper limit to the range of beam energies in which their production is possible, 
the apparatus shown in fig. 2 was used. The target plate is bombarded by 
electrons from the tungsten filament which have passed through the small 
aperture in the anode; the vacuum seal is made with the material under test. The 
target and anode potentials are derived from a low resistance divider, the target 
potential being half the anode potential. The test depends on the fact that the 
electrode film is always found to have a secondary emission factor passing through 
unity at an electron energy between 300 and 600ev. A film having been formed 
on the target by electron bombardment, its presence is demonstrated by the 
appearance of hysteresis in the relation between target current and potential, 
the normal form of relation being as shown in fig. 3. On increasing the potential 
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from zero the potential of the front surface of the film remains lower than the 
applied potential by an amount depending on the film resistance. ‘This continues 
until the potential of the front surface approaches that giving unity secondary 
emission factor, when it rises rapidly to a new stable value above the applied 
target potential, the target current becoming negative and the secondary electrons 
being collected by the anode. If the applied potential is now reduced, the 
current remains negative until the surface potential again approaches that giving 
unity secondary emission factor, the applied potential being well below this, when 
the current again changes sign very rapidly. The separation of the two branches 
of the curve gives an indication of the resistance of the film; a series of films, 
formed from a sealing material at various beam voltages, can be tested to check 
the possible existence of an upper limiting value above which the film is destroyed 
by bombardment as it is formed. ‘The apparatus was set up with a mercury 
pump and liquid air trap, the only joint between the electrodes and the trap being 
that under test; the electrode structure was cleaned between successive runs 
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with one seal by baking with the radiation heater, and both the electrodes and the 
liquid air trap were replaced before starting tests on a new seal material, the new 
electrodes being vacuum baked before use. 

(ii) Results 

The first series of tests was with Apiezon grease as the sealing material and 
targets of copper, nickel, Ferry (non-ferromagnetic copper-nickel alloy), silver 
and stainless steel. No variation with target material was found; a Ferry target 
was used in subsequent tests. It was then established that films can be formed 
from Apiezon grease condensates at all electron beam energies up to approxi- 
mately 300v. At higher potentials a black deposit is obtained without any 
high resistance film having been formed. It was also established that contamina- 
tion can be prevented by maintaining a target temperature of at least 250°c 
during, and for a few minutes before, the operation of the electron beam. The 
radiation heater was used as the source of heat in this test. 

Before testing other vacuum sealing materials an identical electrode structure 
was sealed onto the pumping system with no intervening joint. Tests with this 
arrangement showed that grease from the hands acquired by electrodes during 
assembly could be eliminated by baking with the radiation heater and that oil 
vapour which enters the system while it is being evacuated by a rotary pump, 
i.e. before the diffusion pump is in use, did not give a high resistance film. 

In a series of tests on a range of vacuum sealing materials it was found that 
Everett's No. 1 wax gave deposits very similar to those from Apiezon grease, 
while those from De Khotinsky cement and vacuum baked Araldite cement were 
of lower resistance, but showed fluctuations of secondary emission factor of the 
order of 30%, at frequencies of the order of half a cycle per second. Silicone grease 
bombarded with electrons at all potentials gave contaminating films of very high 
resistance which were not destructible by baking. Picien wax was unique in that 
a high resistance, secondary emitting film was apparent immediately the electron 
beam was operated, i.e. the original condensate from this material was similar 
to the product of the dissociation and polymerization process in other cases. 
This is not unexpected in view of the fact that Picien wax consists of long chain 
molecules of the type which would result from the mechanism of formation of 
electrode contamination proposed above. 

The only seal of those tested which might be satisfactory at beam potentials 
below 300v was a neoprene gasket joint. This showed no high resistance film 
under the conditions of these tests, though some deposit is formed, characterized 
by a high and fluctuating secondary emission factor and the appearance of a 
black layer on the target. This type of contamination is only important in electron | 
optical systems in which the fluctuations in electrode current lead to prohibitive 


voltage fluctuations. he particular example which was the occasion for this 
study was one such system. 


§ 4, CONCLUSION 


It is concluded that high resistance films in demountable electron optical | 
apparatus are formed from organic condensates on the electrodes by a process of 
dissociation of organic molecules into free radicals under electron bombardment, 
followed by polymerization to give stable long chain molecules. At beam 
potentials above about 300 v the film is broken down as fast as it is formed, leaving ||) 
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only a black deposit—probably chains of carbon atoms with occasional hydrogen 
atoms attached—which, while normally being of no importance to the optics of 
a system, may be serious as a source of specimen contamination in electron 
microscopes (see Hillier 1948, Davidson and Hillier 1947, Cosslett 1947). At 
lower potentials most common vacuum seals give high resistance films, the only 
exception found being a neoprene gasket joint used with no grease. Contamination 
may also be avoided by heating the whole electrode system to at least 250°c. 
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Abstract. A colour can be matched by an additive mixture of three coloured lights, 
the most suitable being specified red, green and blue stimuli. If c; units of one 
colour are matched by 7,, g, and 6, units of red, green and blue respectively, and 
Cy units of another colour by rs, g2 and b, units, then according to the law of addi- 
tivity of colour equations the combined colour may be matched by 7, +7, 1 +2 
and 6, +4, units respectively. It is the purpose of this work to investigate this law. 

Additivity of colour equations is implicit in all colorimetric calculations. The 
law is based on the results of early work done with the comparatively crude 
apparatus of the time, but recently these results have been questioned. 

The experimental work was performed on the Wright colorimeter, where colour 
matches were made on pairs of stimuli separately and in combination. ‘The results 
showed some deviations from additivity, but on the whole these were small. Large 
deviations appear to be associated with poor discrimination. 


§ 1. INTRODUCTION 


HE law of additivity of colour equations can be stated as follows : if ¢, 
units of a colour C, are matched by 7,, g, and 6, units of the three matching 
stimuli R, G and B respectively and if c, units of another colour C, are 
matched by 72, g. and b, units of the same three matching stimuli, then an 
additive mixture of ¢, units of C, and c, units of C, is matched by 7; +79, 2, +5 and 
b, +b, units of the matching stimuli. Algebraically, 
if ¢C,=7r,R+2,G+5,B 
and eC, =r,R+g,G +5.B 
then ey + 620g = (7) + 72)R + (81 +82)G + (b, + by)B. 

Another form of this law is the process of finding the mixture of two colours 
represented by points on a colour triangle by the centre of gravity rule. Newton 
(1704) first suggested this process, although his use of a colour circle invalidated 
its application. ‘The introduction of the colour triangle by Young (1807) allowed 
Helmholtz (1911) to apply the centre of gravity rule to it for points both inside and 
outside. Helmholtz accompanied this by a mathematical treatment using Grass- 
man’s third law to justify adding together different amounts of the same colour. 
‘This step is invalidated by the fact that Grassman’s third law (1853) itself relied on 
. the ability to add different amounts of the same colour; Helmholtz’s work may, 


instead, be taken as a demonstration of the equivalence of the algebraic and the 
centre of gravity ’ forms of additivity. 


* Now at Queen Elizabeth College, Campden Hill Road, London W.8. 
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On the experimental side, Helmholtz’s contemporary, Maxwell (1890), 
showed the validity of the centre of gravity rule using rotating discs with coloured 
sectors. A certain colour was first matched directly by three matching stimuli. 
Then it was matched by three other stimuli and transformed, using this rule, to 
the first set. He found that ‘theory agrees with calculation always within 0-012 
of the whole and sometimes within 0-002”. Konig (1903), using spectral lines, 
tested the additivity of similar colours or, what is the same thing, the maintenance 
of a colour match with change of intensity. His matches held over a considerable 
range. 

On the basis of this work additivity was generally regarded as holding under 
ordinary conditions. Recently, however, Blottiau (1947) has claimed to have found 
large deviations. He used a Donaldson colorimeter with a 2° field. In order to 
make a match he desaturated a spectral colour by one of the matching stimuli 
R, Gor B or bya white W, asconvenient. ‘The same amount of the spectral colour 
was added in turn to three different amounts of the desaturating colour; fig. 1 
shows howthe apparent position of the spectral colour alters for one of his observers. 
Although the spectral colour nearly always appears to go further from the triangle 
as the amount of desaturating colour increases, other observers show a movement in 
the opposite direction. Still others showed movement first in one direction and 
then in the other. By taking the mean of all observers he found no appreciable 
change. For the combined colour, inside the triangle, a considerable difference is 
seen between its position by calculation and that by direct matching. But the 
biggest discrepancy is not in the red, the colour of the varied matching stimulus, 
but in the unvaried blue. 

The present investigation was undertaken in an attempt to discover to what 
extent Blottiau’s contradiction of the results of the early workers is valid. 


§ 2. METHOD 
(1) Apparatus 
The apparatus used was the Wright colorimeter (1946) which provided a 
bipartite field subtending an angle of 1°20’ at the eye. ‘The upper half gave a 
mixture of the three matching stimuli R (0-65 ), G (0-53 ) and B (0-46 2), and their 
amounts could be altered by three neutral wedges adjusted by the observer. ‘The 
lower half could be of any spectral colour set to a convenient intensity by a neutral 
filter. Also in the lower half R, G or B could be added as required for desaturating 
purposes; this will be called the desaturating stimulus (D.5.) ‘The test colour 
in the lower half was chosen and then a colour match was made by adjustment of 
the matching stimuli in the upper half of the field. 


(11) Observers 

The six observers were J.E.G., I.G.H.I., E.G.T., L.C.T. and W.D.W., who 
have normal colour vision, and P.W.T., who is protanomalous. E.G.T. and 
P.W.T. are women. [.G.H.I. and E.G... are Egyptians, and the other observers 
are British. Egyptians have spectral luminous efficiency (V,) curves similar to 
the British in the red part of the spectrum but significantly lower in the blue, the 
difference being attributed to a denset layer of macular pigmentation (Ishak 1952). 
Accompanying it is an insensitivity to varying amounts of the blue matching 
stimulus in a colour match. Also, in the case of I.G.H.I., a match acceptable on 
one occasion would not be so on another. 
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P.W.T. gives a protanomalous yellow match requiring too much red, oe in i 
respect her difference from the normal is small. ~ Her V, curve is very low in 
redand her hue discrimination curve, although markedly different from the ae 3 
does not correspond to an extreme case of protanomaly. In colour matching pi 
G and B matching stimuli showed no more observational spread than those of a 
normal observer, but R gave much more variation. 

(iii) Observing Technique 

When the observer arrived at the colorimeter he was given a short time of 
dark adaptation to allow any after-images to disperse. He was then presented with 
a colour which he was encouraged to match within two minutes. He was allowed 
either to scan the field or to fixate on the centre according to personal preference. 


He used the R, G and B controls in turn, obtaining a match by successive approxt- 
mations. Each matching stimulus was set by the ‘bracketing’ technique or 


Bie, 0°08) 
O-51Se 028-4’ 


t | | 


| 
~02 0 0-2 0-4 06 08 1-0 0 0:2 0-4 0-6 0:8 
B Red R » 6 
igre Fig. 2. 


Fig. 1. Blottiau’s results. For each point the quantity (R; + G,+B,)/(R+G-+B) is given, 
where (R,, G;, B,) are the coefficients of the desaturating stimulus and (R, G, B) 
those of the mixture. The convex polygons show the limits of the ten matches made. 

I’ gives the position of the mixture of 0-515 and a large amount of the de- 


saturating stimulus R. C” is the new position of FP calculated from 0-515 4 combined 
with the least amount of R. 


Fig. 2. Positions on the C.I.E. Chromaticity Chart of the colours combined for testing 
additivity. R,G and B are the matching stimuli. 


something closely approaching it. When he was satisfied with a match, the scales 
were read by the operator and then altered slightly. Each match was repeated 
twice. A single test on additivity was made in each observing session. This 
usually lasted 1-1} hours, during which time the observer was allowed a short rest. 


(iv) The Investigation 
The main investigation fell into two types. In type A two spectral colours 
were matched separately and in combination, neither colour being that of a 


colorimeter matching stimulus. In type B a spectral colour was matched with — 
four different amounts of a desaturating stimulus (D.S.) of the same wavelength 


Additivity of Colour Equations 551 


as one of the matching stimuli; these matches, together with intensity matches 
on the four amounts of D.S., gave a way of testing additivity. In type A a small 
amount of D.S. had to be added to each spectral colour in order to obtain a colour 
match. ‘This amount was kept fairly low in an attempt to minimize its effects 
and make type A as different as possible from type B. 

‘The actual colour combinations chosen are shown joined by dotted lines in 
fig. 2. ‘Their choice was largely governed by an attempt to cover the colour 
domain as evenly as possible on a just-discriminable step basis. The use of 
complementary spectral radiations for the colours to be combined meant that they 
differed from each other as much as possible. In type A their relative amounts 
were chosen to make the combination a fairly white colour. 

The luminance level was one of convenience. It varied with the colour 
matched but was usually between 30 and 300 cd/m?. The corresponding retinal 
illumination values, which allowed for the area of the exit-pupil of the 
colorimeter, were between 100 and 1000 photons. 


§ 3. RESULTS AND DISCUSSION 
(i) Treatment of Results 


From the results it must be decided whether a comparison between two 
quantities shows a significant difference or whether this difference must be 
ascribed to experimental error; one of these quantities is a sum derived from two 
separate matches and the other is a single value obtained when the colours are 
combined. For every test of additivity there will be three such ‘sum’ and 
‘mixture’ values to compare—one for each of the red, green and blue matching 
stimuli. Weber’s law justifies this comparison taking the form of a percentage 
deviation. If the intensity is J and a just-discriminable intensity change is AJ, 
then the law AJ//J=constant becomes o/J=constant where o represents the 
experimental error. This will be true as long as instrumental error is small (as it 
is in this case) so that aa AJ. Experimental error expressed in this form will be 
independent of the intensity. It follows that a quantity which has to be classed 
as either experimental error or not must be expressed in this same form. 
Prompted by this idea (but also bearing in mind that with three stimuli Weber’s 
law may not hold for each) the percentage deviation was defined for R as 

(+r’)—r 
Similar expressions are used for the green and blue matching stimuli. 

For type A and the test on, say, 0-49. +0-59 w, 7 is the amount of red in the 
mixture, 7’ the amount in 0:59» andr” the amount in 0-49. ‘The last is obtained 
by using a D.S. and will be negative. For type B and the test on, say, 
0-494 1. + 0-65 uw, 7 is the amount of red in the colour match, 7’ the amount in the 
intensity match on the D.S. (0-65) alone and r” the derived (negative) amount 
of red in 0-494. The small negative quantity 7” was obtained from the colour 
and intensity matches when the smallest amount of D.S. was used. For this 
colour combination of 0-494 1 + 0-65 » four colour and four intensity matches were 
made, thus giving three percentage deviations all for the red matching stimulus. 
Since only the red stimulus in the test combination was changed, no variation 
would be expected in the green and blue matching stimuli; this, however, has to 
be checked. Ina similar way, three percentage deviations were found for the blue 
matching stimulus in 0:5825 1 + 0:46 pw. 


x 100. 
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An alternative, but less satisfactory, way of dealing with type B results is to | 
give four different estimations of the amount of negative red in 0-494, | 
corresponding to the four amounts of R. ‘This negative red isa difference between | 
two quantities; when the amount of the D.S. is small its determination will be | 
accurate, but for large D.S’s two large quantities are subtracted to give a small 
difference, and experimental error will completely swamp the observations. 
As an example of how experimental error increases with increase in the amount 
of D.S. (a fact consistent with Weber’s law) the results of one occasion are given. 
The standard deviation o varied, as the amount of D.S. was increased, from 
6:8eto 1-7 to)38:5. 


(ii) Results expressed as Percentage Deviations and Statistically 


Percentage deviations of type A are shown in table 1, where every individual 
test is given separately. It will be seen that deviations are never greater than 10%, 
in the red, 9% in the green and 30% in the blue; usually they are a great deal less. 
The arithmetic means of all the percentage deviations are: R, —1%; G, 0%; 
B, —3%. 


Table 1. Percentage Deviations from Additivity—Type A 


0-49 u+0-59 u 0-48 w-+0-56 u 0-50 u-+0-61 mu 
Ree Go <p Ree Gb Ro Gas 
LEG, 3, =) 5 =10°-9 +6 —7 +1 —4 
4 43 3 +3 -2 -7 +1 41 —5 
eins 4 +6 3 —9 -1 ~=8 +4 43 —17 
< 1 3 —6 6a" 263. E30 ~6 -3 =7 
a 4 Dead, 
Fs > 1 4 
E | W.D.W. +5 1 9 4 +2 12 +1 -4 —6 
Z S117 —1 -1 0 0 -1 -6 
O-PS pi 5 Omit ari? +1) = = 
{ +1 ~-1 —4 —8 +41 —-6 
§ (LGHI. +1. 45. +2 6, 72 9520) 5) a Soleo 
| —1 ~-2 +8 —1 +5 —450 +2 43 —30 
56 +5 3 8 
2 6 3 18 
g | BGT 5 1 2 +1 1 87 10 +4 +23 
eC | 0 0 +7 3 Dee oe +8 0 ae 
Zot fae 32 8 6 1 14 +1 2 +8 
Dn 
es 
Bawa Ea alt ot 8 os MOK ay 0 +20 —5 —~3 +12 +1 -7 
ae +11 -1 —9 +13 +1 7 +57 —5 2 
ae +26 -1 ~—8 ~2 +42 41 +27 -17 +4 
2 2d» ae9h TY +15 —7 +413 


‘Table 2 shows deviations of type B for the varied matching stimulus. The 
unvaried matching stimuli showed no change. R, refers to the case when the | 
greatest amount of D.S. was used and R, to the smallest but one, the smallest | 
having been used to determine the small amount of negative red in 0-494. For | 
0-494 w+ 0-65 w the red deviations are never greater than 13°%. The means are: | 
Ri, +3%5 Rey +2%; Rs, +3%. For 0:5825 +0-46 4. the largest deviation is 

| 
| 
| 
| 
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S27. Lhe mean blue deviations are: B,, —3%; B,, +6%; Bs, +11%. Inthe 

above figures, all results of P.W.'T., who is protanomalous, were ignored. Results 

for 1.G.H.I. and E.G.T. were ignored for the blue matching stimulus only. 
Table 2. Percentage Deviations from Addivitity—Type B 


The Varied Matching Stimuli 


0-494 u+0°65 u 0:5825 u+0-46 u 
Ry Ry R; Bh B, Bs 

J.E.G. +7 +2 +12 —7 +15 +27 
= 0 —2 —1 —2 +12 +33 
—7 +16 +19 
eC —4 —1 —6 —8 —3 
= —2 +3 —6 —15  —5 —1 
& +13 +8 +1 
6 wa +6 4 +6 =! “39 +2 
Z +6 1 +6 +2 0 =e 

| - +30 + 60 ee -> eee 26 
Se Gil. © ee7 425 “+3 +27 +47 +45 
a —1 +4 +10 + +31 +49 
a —1 +2 +1 
a EG:T. +5 --4 - +35 —-1 
5 25 =i 0 ET ees 
= +8 0 +17 +26 +30 
Zz +8 +16 +31 
n 
8 
eG PW.T. —1 —15 11 e7 +6 +13 
oe: +8 —8 +3 1 +12 
so +11 —3 —5 +3 —6 0 
£ 


In order to judge each deviation relative to its experimental error a 
statistical analysis was undertaken. ‘Table 3 gives results of Student’s f¢-test 
when all results for one observer on one pair of colours are combined. A tick 
indicates the passing and a cross the failure of the test at the 1°% significance level. 
A positive sign is given by the cross when the failure is in such a direction that 
the sum is larger than the mixture; a negative sign indicates that the sum is 
significantly smaller than the mixture. 

From the three tables it will be seen that there is a general negative tendency for 
type A, thesum being smallerthanthe mixture. ‘This occurs for the blue matching 
stimulus, to a lesser extent for the red and not at all for the green. In type B 
on the whole there is a general tendency to make the sum larger than the mixture. 
Significant deviations appear to be associated in part with poor discrimination. 
One example of this is P.W.T’s test on 0:-494+0-°59 uw, which was significant 
even at the 0-01 % level. 


(iii) Results expressed on the Chromaticity Chart 


Plotting results on the chromaticity chart is unsatisfactory from some points of 
view since it does not give allthe available information. For instance, it is possible 
for all three matching stimuli to have large positive deviations and for it not to 
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show at all on the chromaticity chart. However, the method has the advantages 
of being simple and clear and fig. 3 shows the positions of the mixture M and the 
sum S for three sets of observations by W.D.W. 


Wabler se Significance Test 1% Level 


0-49 w£0-59 wu 0-48 w-+0-56 0-504+0-61 1 
R G B R G B R G B 
REG Ve VE BW! eal Vi Ven md 
CTs es oh Ve Vw V ODDS aie 
W.D.W ete yee ORE SE «Vere hE / (ae 
L.G.H.I. AY, oma Oh eae Va ee 
REE ee me Risin =4 aves sah XIE) ee 
P.W.T. eh St ee oy xP Xe eee 
Five normal | 
observers > 4/ V xs uae xs V VA <a 
combined J 
0-494 u+0°65 u 0°5825 u+0°-46 4% 
Ry Re UR: B, _ Bs Bs; 
(EG: V J J V ce 
C5 V J J or VA 
W.D.W. eo Gre ae va Merce 
LGA: VA Se leat Ys J = Oe 
EG: Ie Ke Se J ae 
P.W.T. Vi et ee EN ene: 
Five normal } 
observers + Xt <a Sear eh Seas xt 
combined } 
6 0-534 


0:-494u 0:58254 


0:59u 


-04 ~0:2 0 0:2 4mm, Oe 0:8 1-0 
B 0:-46u 


Fig. 3. The Wright Chromaticity Chart for observer W.D.W. showing the positions of the: 
mixture M and sum S and the apparent changes in position of 0-494 u and 0-5825 He} 
0 corresponds to the least amount of D.S. and 3 to the greatest. 


q 
i 
| 
|| 
| 
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A consideration of figs. 1 and 3 will give a comparison of the present work with 
that of Blottiau. Both works show large changes in the apparent position of 
spectral colours, but, as was pointed out above, this is much less significant than it 
appears at first sight because of the large experimental error. Blottiau’s position 
of C” shows large deviations in the unvaried matching stimuli; this is not in keeping 
with the results of the present investigation. One comparison alone is rather 
unsatisfactory, but unfortunately Blottiau published no more results of this type. 

Figure 4 shows the mean mixture-sum lines for the normal observers on the 
C.I.E. chromaticity chart. In plotting these, the ‘ mixture’ positions are derived 
from W.D.W.’s results, and the ‘sum’ points are placed to give the appropriate 
deviation. ‘This figure enables the M—S lines to be compared with lines repre- 
senting three times just-discriminable colour, differences at constant luminance 
(Wright 1944). On the whole deviations are small compared with the just- 
discriminable colour differences. 


Fig. 4. The C.I.E. Chromaticity Chart showing the mean mixture-sum (M-S) lines for all 
the normal observers. The diagram also shows 3 times just-discriminable colour 
difference at equal luminance (broken lines). 


§ 4. CONCLUSION 


(i) On the whole deviations from additivity are not large when compared with 
just discriminable colour differences. 
(ii) The average values found were : 


Type A Type B 
Renee B Rene Revieetie BinmeBeee UBy 
Sale BYE 3% te Ye ot3 % 3 eG ich 11 o, 


(iii) The results were roughly in agreement with those of Blottiau, but his 
method of presentation exaggerated the deviations. 

(iv) Intype A there is a general negative tendency, the sum being smaller than 
the mixture. This occurs for the blue matching stimulus, to a lesser extent for the 
red and not at all for the green. 
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(v) On the whole there is a positive tendency for type B, the sum being larger 


thanthe mixture. The unvaried matching stimuli show no change with increasing 


amounts of D.S. saa = 
(vi) Large deviations from additivity are associated with poor discrimination. 
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Abstract. Solutions are given of six new electrostatic and steady-current problems 
involving anisotropic spheres and spheroids influenced by uniform electric fields. 
In the electrostatic problems derivations are given of the potentials and the 
mechanical action on the solid bodies; in the corresponding steady-current 
problems the physical principles are formally similar and the results are usually 
obtained by analogy. At the beginning careful consideration is given, in the light 
of modern knowledge, to the validity of the Maxwell stresses, which are subse- 
quently used to obtain the mechanical action results. At the end a brief critical 
discussion is made of the possibility of utilizing these results experimentally for the 
determination of crystalline dielectric constants and conductivities. 


§ 1. INTRODUCTION 


anisotropic sphere, prolate spheroid and oblate spheroid immersed in a 

non-conducting fluid and influenced by a uniform electric field, and the 
steady-current analogues of these problems when the sphere, spheroids and fluid 
areconducting. Ineach electrostatic problem the electric field and the mechanical 
action on the body concerned will be calculated; in the corresponding steady- 
current problem the results will usually be obtained by analogy, the physical 
principles being formally similar. ‘The problems may be regarded as generali- 
zations of similar ones involving isotropic bodies which are either well known or 
are readily tractable by routine methods. At the same time, the electrostatic 
problems may be regarded as exact and rigorous treatments of special cases of a 
general problem treated from an approximate and elementary standpoint, and, as 
will be seen, with certain serious errors, in the domain of crystal physics. In 
this field the steady-current problems, although of importance, do not appear to 
have been treated at all. 

The author has solved the problems in detail elsewhere (Cade 1952b). For 
conciseness there will be a minimum description of mathematical steps here, and 
detailed discussion will be omitted except where it is of special significance. 
Special consideration is given to the possibility of experimental application of the 
results since they might prove to be of some importance to crystal physics. 

One of the difficulties which occurred in the course of the work cited was the 
question of the theory of mechanical action in dielectrics. ‘The subject was then 


To solutions will be obtained of the respective electrostatic problems of an 


* This paper forms part of a thesis accepted by the University of London for the Ph.D. 
degree. 
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highly controversial, and still is to some extent, although the author believes that 
the essential difficulties have been overcome by recent work. ‘The earliest theory 


was that of the Maxwell stresses, which was intuitive rather than deductive. | 


Deductive theories have followed two definite lines. ‘The Helmholtz theory, — 


which is the ‘conventional’ one in the sense that it is usually quoted in the | 
treatises (e.g. Abraham and Becker 1932, Jeans 1943, Smythe 1939), presupposes a 
theory of energetics and derives the electric force on a dielectric by a variational — 


method. The other point of view, propounded by Livens (1926) and developed 


by Smith-White (1949) and Brown (1951), is to obtain the electric force by direct © 
appeal to the Poisson—Kelvin theory of dielectric polarization and to derive the | 


energetics a posteriori. The principles of this method are simple, and although the 
development of the general theory was largely stimulated by criticisms that were 
made of the Helmholtz theory, it is of interest to note that the principles were 


actually used much earlier in crystal physics, although with certain errors 


previously mentioned. 


There can be no doubt that the Helmholtz theory is unsound. ‘The first 
criticism was given by Larmor (1897), and others are to be found in the literature | 
of Livens, Smith-White and Brown. When the problems we are concerned with | 
were first treated (Cade 1952b), Brown’s paper (1951) had not appeared, and a | 
fundamental error had been discovered in the Livens-Smith-White theory | 
(Cade 1951, 1952a). The author’s belief in the essential soundness of Livens’ } 
and Smith-White’s approach was expressed, but even after the correction of the |} 


error in the theory, application to the isotropic analogue of one of the problems 
gave results in flagrant discord with experiment (Cade 1952b). Brown (1951), 


however, attacked the whole problem afresh, and not only avoided the error of | 


Livens and Smith-White, but treated a new matter, namely the modification of the 
hydrostatic stresses arising from the electrical force in a fluid dielectric. That this 


was a possible solution to the problem was suggested by the author (Cade 1952b) 
but not worked out. ‘The result obtained by Brown for the case of a uniform, linear, 
incompressible, fluid dielectric is—remarkably enough after the long controversy— | 


that the mechanical action is given by the Maxwell stresses. 


In the previous work calculations of the mechanical action were made using | 
both the Helmholtz theory and the modified Livens-Smith-White theory. The } 
situation having been clarified by Brown, the Maxwell stresses will be used | 
exclusively in the present work. ‘This means that we must emphasize the sole | 


applicability of the results to fluid dielectrics which are uniform, linear and 
incompressible. ‘These conditions are necessary a priori, however, for the 
potential problems to be tractable, so that actually no new restriction upon the 
validity of the results is implied. Compressibility is a consideration new to the 


theory of mechanical action in dielectrics, but of course, unless one is considering ]} 


an incompressible dielectric, the potential problem is complicated by electro- 


striction and has no exact solution. We may conclude that the results are valid toa | 
good approximation for liquid dielectrics. Brown derives entirely new mechanical } 
action formulae for compressible dielectrics, which, in practice, are gases, but for || 


practical purposes it is usually sufficient to regard a gaseous dielectric as empty 


space for results such as we shall obtain. In any case, for small fields, electro- } 
striction is so small that the dielectric may be regarded as incompressible without | 


serious error. ‘The limitation upon the usefulness of our results is therefore slight. 
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§ 2. ANIsoTROPIC NON-CONDUCTING SPHERE 


We consider a uniform, linear, anisotropic dielectric with symmetric dielectric 


} tensor 


= 


~} relative to the cartesian coordinate axes, and suppose that a sphere of radius a of 
“] this material is immersed in a fluid dielectric with dielectric constant «, which, 


before the immersion, was influenced by a uniform electric field of strength F. We 
choose as origin of coordinates the centre of the sphere and, on account of symmetry, 
we may allow the coordinate axes to coincide with the mutually orthogonal 
principal axes of the dielectric tensor without incurring any mathematical 
complications. The dielectric tensor thus becomes diagonal : 


ee 0 0 
A= €y 0 7 eee rose) 
L Zee 


“) and F will be in the direction whose direction cosines are /, m,n, say. We define 


“) spherical polar coordinates by 


“«=rcosé, 
y=rsin 6 cos ¢, Rea 4 (3) 
z=rsin@sing. | 
Outside the sphere the electrostatic potential must satisfy Laplace’s equation, 
Vai U ew ee we Oe (4) 
~4 and inside, the equation 
217. 217. 217. 
ae toGe fg 8 = (es agama (5) 


| (Smythe 1939). In addition, the boundary conditions 


V.=V, (Fata) whe ah =a: (6) 
fey Beni (egEenie a (rape) ab TAG (7) 


| must be satisfied, where nis a unit normal, outward say, at the surface of the sphere, 


‘{ and E,, E, are electric intensities related to the potentials by 


ee CAC aoe Bynes SAC oe ok ee (8) 


The external potential is the superposition of two parts, that due to the original 


'? field F and that due to the replacement of a fluid sphere by a solid one with different 
bh? dielectric properties, and by virtue of (4) it is expressible in spherical harmonics. 
+ Let us assume 


©) Vo=— Fr{LP, (cos6) +mP,! (cos) cos ¢ + mP,' (cos 4) sin $} 
P F 


- = {x, P, (cos 8) +a, P,1(cos@)cosd+a3 P,1(cos@)sing},  ...... (9) 


+} where the «’s are constants to be determined. In general it is difficult to find 
_.«solutions of (5) which satisfy specified boundary conditions, but in this simple 
sat case we will assure 


ih Vie = 2 (Bim Biches?) 2 lo aisthe (10) 


| 
| 


560 R. Cade 


where the f’s are constants to be determined. This function is also a solution of | 
Laplace’s equation, (4), and is expressible in spherical harmonics by 


V,= —Fr(B, Py +B. Pyicosé+f3P,'sing). ~ «..++: (11) 


The potentials (9) and (10) will be a solution of the problem if we are able to deter- 
mine the «’s and f’s from the boundary conditions. The application of (6) 1 is, 
straightforward. In the case of (7) we use the following procedure: 


OV, OV, 
(€,E,, n) a TS olay. = ico (S) 


(« E;, n) = (n, €j Es) ae (n, <j E.,) a (n, €j E,..) 
ax (n, &j i) Ein + (n, <j) Ei, ar (n, &j k) Ey, 


where i, j, k are unit vectors in the x, y, z directions respectively. These vectors 
are along the principal axes of « so that 


(« E,n)=(n,i)e, Ei. +(n,j) ey Ki, +(n, k) €, Bie, 
and since (i, n) =0x/dr, etc., we have, using (3) and (8), 
(,E,,n) = F (eB; Py +€y Be P:'c0s 6 + €, By Py sing). 
With a little algebra, in which we put 


KK =¢s/e5,. Kyp=eo; Ke=eleo, ° -iiaeeeme (12) 
and make use of the linear independence of the surface harmonics, we obtain finally 
31 3m 3n 
ibe page 5 Peak Bs (PA Oa eis wren (13) 
ie) ‘ - (2) Gea 
= Gl, t= 2) am, %=— = Pe, ee (14) 
: ~ (3 + K 2+K, zi 2+K, 


so that the potential problem is solved. 

Examination of the potential reveals the following general characteristics of the 
field. Inside the sphere the field is uniform, as in the analogous isotropié 
problem, but in this problem the direction of the field is generally different fron} 
that of the applied field F, the only exceptions being when F is directed along «ff 
principal axis of ¢. Outside the sphere the field is F together with a double} 
field. ‘The doublet which, placed at the origin, would produce this part of the} 
neld, if the solid sphere were not introduced, is the image doublet of the problem} 
‘The components of its moment are 


1-K, 1-K 1-K 
aoe. hia « ac 3 y pies 3 z 
by=—€ Fla & Z) mane «, Fma Ces ) ee €, Fna (= Zz). 


y 


We see that the direction of the doublet is generally different from those of botl 
F and E,, exceptions being when F is directed along a principal axis of ¢,, when al 
three directions coincide. 

We shall now determine the mechanical action on the sphere. The general 
method is to apply the Maxwell stress tensor at the outer surface, but in thigl 
particular problem a more expeditious method is to find the action of the field | 
upon the image doublet, the stresses at radius a with this doublet being the same aff 


those in the actual problem. We thus find that there is no force on the sphere but} 


Electrical Problems Involving Anisotropic Bodies 561 


after a simple calculation, that there is a couple with components 


1 1 
= 273 ahr eaten a eae 
G ose, fa mn (se Pe) 
1 1 
= 2,3 pres 
Gy=3e, Fa nl (se 7K): Bare (16) 
1 1 
iY 23 seagate A 
G,=3e, Fa Ge KE): 


The existence of a couple is a feature peculiar to the anisotropic problem. There is 
no mechanical action at all on an isotropic sphere, whereas in the present case the 
couple is zero only if F is directed along a principal axis of ¢. The couple is pro- 
portional to the volume of the sphere, all other variables having fixed values, and 
since F enters through the factor F’, the result is valid for an alternating applied 
field, provided one takes for F the root mean square value and the frequency is 
not so high as to necessitate the whole problem being treated electromagnetically. 


§ 3. ANISOTROPIC CONDUCTING SPHERE 


If the anisotropic sphere and surrounding fluid are uniform linear conductors 
we have two extra variables to consider, the conductivity o, of the fluid and the 
symmetric conductivity tensor o; of the solid. The principal axes of o; do not 
necessarily coincide with those of «, and we now choose the coordinate axes to 
coincide with the principal axes of o; so that this tensor is diagonal : 


j= Gee Ges = Cpe AUN A IR Lantos (17) 
Ozz Oz 


although e«, generally is not. Apart from our different choice of coordinate axes, 
the mathematical specification is the same as with the non-conducting case. 

The equations which the steady-current potential must satisfy outside and 
inside the sphere are respectively 

eee, ee eae in moter (18) 
2V; Vs 0V; 
a oe O25 A) ee any | Bik Ye ae (19) 
(Smythe 1939), together with the boundary conditions 
Vio=Vi+A (rsG)5 oN Ue Ay Nee, (20) 
. (o, E,, n) =(o; E,, n) Ven COM Sie are (21) 
where 4 is a constant.* 

We assume solutions similar to (9) and (10), and it will be appreciated at once 
by comparison of (18)-(21) with (4)-(7) that the analysis is the same as before 
except that «,, €,, €,, €, are replaced by o,, ¢,, ¢,, 0, and V; is smaller by the amount A 
than it would be if we assumed the boundary condition(6). ‘The general character- 
istics of the field are therefore similar to those in the non-conducting case, 
although they are determined quantitatively by conductivity rather than dielectric 
constant, and we note that there exists a distribution of surface charge, this being 
determined by conductivity and dielectric constant jointly. 

* In classical steady-current theory the additive constant A does not appear (e.g. Jeans 


1943), but on the basis of modern knowledge inclusion of this constant is necessitated by the 
existence of a potential ‘ barrier ’ at the surface of a conductor. 
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The correspondence between o4, o; and €,, « in the two problems fails when we : 
consider the image doublet, for the strength of the doublet must contain a factor to) 
allow for the reduction of electric intensity incurred by the dielectric properties of H 
the fluid. 'The components of the moment are 


ete bey { x o 1—7, ! 
bam —e9 Flat (5), by = 6 Fmat (52), a= ~& Fnat( 5), | 


where we have put 


T =F x/Fo5 Ty =F%y/F > T= Oy) Oy Meo 6 (23) | 


Using the image doublet the mechanical action is determined as in the non-. 
conducting case. There is no force on the sphere, but there is a couple with\ 


components i ; | 
= 298 ieee j 
Gi=3e, fa mn (5 ss | | 
1 1 | 
= 2 ea 2 | 
Gi =3¢, 14 nl (5 — =) ; (24) | 
Gajenha im sales z : 
: : Li ii ole 


This couple shares with (16) certain general properties mentioned, and possesses ¥ 
some inaddition. It will be seen that the dielectric constant of the fluid is involved} 
although that of the solid is not.* If o,+co, then G0. In this limit, however, | 


the anisotropy of the solid is unimportant, the only significant feature being thatf 
the sphere is a conductor rather than an insulator. 


$4, ANISOTROPIC NON-CONDUCTING SPHEROID 


We now consider the problem of an anisotropic non-conducting spheroid} 
immersed in a non-conducting fluid and influenced by a uniform electric field. Inj 
this case it is in general of no advantage to allow the cartesian coordinate axes to} 
coincide with the principal axes of the dielectric tensor as none of these may coincideq 
with the axis of revolution of the spheroid, any simplification gained by a simpler 
dielectric matrix being offset by a more complex theory of harmonic potentials. | 


the y- and z-axes being anywhere in the diametral plane normal to the x-axis. Let 
a be the semi-axis of revolution and 6 the other semi-axis. We must distinguish] 
throughout between the cases of a prolate spheroid (a>6) and an oblate spheroid4 
(a<b). For the former case we define prolate spheroidal coordinates by 


x = cbr, | 
y=c(1—€)1? (4? -1)¥* cos, 
z=c(1—&)1? (ny? 1)" sing, aoe tages (25) 


(=tsé< 41,921, 0<6=2ace(—F)'), ] 
*'This conclusion might be surprising, for it is intuitively evident that the mechanica: 
action on the surface charge contains ¢;, since the surface charge itself does, but an analysis 


of the total couple in terms of parts with distinct physical origin shows that terms containing 
e; cancel (Cade 1952 b). 
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and, in the latter case, oblate spheroidal coordinates by 


x=cén, 
y=e(1—&)? (1 +4")! cos¢, (26) 
Sani aeaytsinge- Mec ae : 
(-1<£<41, 720, 0<d<2n, c=(6?—a2)'). 


It will be observed that the meanings of 7 and c depend upon whether we are 
treating the prolate or the oblate case, and this is true of other quantities to be 
introduced later. This fact must be remembered in all subsequent formulae, 
special care being necessary where one formula applies to both cases. Apart 
from the symbols just introduced, all those below have the same meaning as in the 
sphere problems. 

As with the non-conducting sphere, the potential problem is to superpose upon 
the original field that due to the replacement of a fluid spheroid by a solid one with 
different dielectric properties. Outside the spheroid eqn. (4) must be satisfied 
and, in accordance with the theory of spheroidal harmonics, we tentatively assume 
for the respective prolate and oblate cases 


V.= — Fe{lP,(€)Py(n) +m P\(€) P}(n) cos +m P,(é) P;(n) sin $} 
+ Ff, P,(£) y(n) + 4Ps(€) O(n) cos 6 + 45P,A() Om) sing}, ....(27) 


V.= + Fei{lP,(€) P,(in) +mP,(€) P(m) cos 6 +nP(E) Py (tm) sin g} 

+ Fa, Pi(€) Oi) + P(E) Q(t) cos 6 + 43 Pi(E) Qi (mm) sing}, -- - (28) 
where the function P,! of imaginary argument or real argument greater than unity 
is defined by P,(u) = +(u?—1)!"d[P,(u)]/du and the «’s are constants to be 
determined. Inside the spheroid (5) must be satisfied, and we make the simple 
assumption 


eee (pee Payton  e (29) 


where the f’s are constants to be determined. ‘This function is also a solution of 
Laplace’s equation and is expressed in prolate and oblate spheroidal harmonics, 
respectively, by 


Vi= — F{B,P,(E) Pin) + P2P(E) Pi'() cos $ + Bs Pi(E) Pi(q) sing}, «---- (30) 
Vi = + FifB, P,(€)P, (tn) + BoP WE) P'(in)cosd + 83 P11(€)Pi(em)sin Pp}. ..... (31) 
The determination of the constants depends upon the dielectric boundary 
conditions, which are 
VeVi; (= 010) ee en PP ace ss (32) 
(e,E,n)=(6,E,m), (m=a@fe).  seaens (33) 


The application of (32) is straightforward and, using the independence of the 
Legendre functions, yields one set of three equations for the «’s and f’s. The 
application of (33) is more difficult. The right-hand side is dealt with in a 
similar manner as with the sphere problem, but is more complex on account 
of the general matrix (1) being used instead of the special form (2). The 
analysis yields another set of three equations, so that the constants are determinate 


564 R. Cade 


and the potentials (27)-(31) are an admissible solution of the problem. The 


values of the constants are 


where 

aB bC bC ‘| 
as =1(1- 53) [ (Kw Ga) (Ke— a) ~B | 

B 
bC DG: 
TK. 4 (K.- =5) —nK 4 (K..- “5) | ) 

bC bC aB R 

ne (oe) (eB okatennt 


aB~ aB ss HS: 
=n (Kye oA) Ky. | -i(1- ra) [ Ka (Ke- 73) 


a: fea, | 5) 


+ (1 as 75) | mK Ky. + OK Ky 


bC bC aB be f 
7A = (1 _— 5) E (K..- 5) (Ke. 4) +mK,,K,,—nK,, 


ab aB e bC 
-m(K..- ra) K,,| -1(1- ra) [ Kes(Kw— 5) 
-KKy,| 5) 
AB (ae 6 ab ON AG ; | 
A= (Ke. =a) | (K.- =a) (K..- 75) ed se | 
ee, Es (K.- “5 -K,.K,,| 
aB 


+ Ke | KeKuem TSS (K., a =) | ) 
We aB 


K54= €54/€o (s, t=x, y, 2), 


—E—E——E———————EEESs 


and, in the respective prolate and oblate cases, 


la, atc 1b, ate a | 
A==- =e =-- — 
20S ae a . ae PEE b’ 
la atc a 
Om Bee gage ae 
a a b ad a 
A=-cot!- —T, B= =cot t= 55 
c c c ae) 
a 


eee eee 
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‘The «’s and f’s are very complex functions of the matrix elements of « and 
the constants of the spheroid, but a considerable simplification occurs if one 
principal axis of ¢ coincides with the axis of revolution, and therefore the x-axis, 
in which case the y- and s-axes may be chosen to coincide with the other principal 
axes and « becomes the diagonal matrix (2). By putting 


K,,=0 (5322), zi 
IGS =K. (s =X,Y, 2) aisfistepeiis 
we obtain from (34)-(36) 


F -1e( 1—aB/bA 3, —me( 2zeClaB 8, —ne( La bClaB 
1 \ K,—aB/bA)? ear ta Re pC lab)? SAGAG GTO ET) 


meey KI 25 ont _b Ket 
Bee Ke aBpA)? “2 RB \ Kee pCjaB)? 2 BNR Cap» 


To determine the mechanical action on the spheroid we begin by considering 
the components of the Maxwell stress tensor which act upon an element of the 
outer surface. ‘These are _ 

€ 


€ 29 9 Oo 
vf =< (£,'— ES —E,?), ee eee Tis=% 


Ue Tr 4ar 


where E,, E:, E, are components of electric intensity at 7 =a/c in the respective 
directions of 7, €, ¢ increasing, and are obtained by taking the appropriate 
gradient of V, with the aid of the definitions of the spheroidal coordinates, (25) 
and (26). It is easily found from considerations of spherical symmetry that there 
is no total force on the spheroid. There is a couple, and this is found by taking 
the moment of the stress about the centre of the spheroid and integrating over 
the surface. The calculation is laborious and protracted, although essentially 
elementary, and the final results for the «- and y-components in the respective 
prolate and oblate cases are 


STD YG daly tele (43) 


TT 


De CAT g Fa), mh mes poy Ae) bm oe i egy (44) 
te F {= Ke & a (A+1 ) (la — 0, A)(na—a,C) 

— A(lb — 04,B)(nb — 5B) | —b(4 —B?A/e2)[(Ub — 0, B)(na — 01,C) 

+ (la—«,A)(nb — 0,B)] —4a(lb —a,B)(nb — *aB)| egiengt greg Mats, (45) 
Penang || OE er me ny, (46) 
Byese,F = EZ —a,B)(Ib — x, B) — (1 = “(A + 1) (la — 04, A) 

x (na— 230) | ~b(4 + B2A/e2)[ (Ib — 04, B)(na— aC) 

+ (la—a,A)(nb — a,B)] —4a(lb — a, B)(nb — “aB)} aed Pe te (47) 


It is unnecessary to write down the z-components since, by symmetry, these are 
obtained from the y-components by replacing n, ~; by m, %, respectively, and 
changing the signs throughout. 
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It will be appreciated at once that the couples (44)-(47) are extremely 
complicated functions of the matrix elements of «, the direction cosines of F 
and the constants of the spheroid. Nevertheless we can extract a few of their 
general properties from the formulae. In the first place they are homogeneous 
functions of the third degree in a, b and c, so that for variable a and 4, the 
ratio a/b and all other quantities having fixed values, they are proportional to the 
volume of the spheroid. Secondly, there is a couple G,, about the axis of 
revolution, this being a property peculiar to an anisotropic spheroid. It is not 
surprising that there are non-zero components G, and G, as this is so in the 
isotropic case, but in the isotropic case, for given F, the direction of the couple 
is determined solely by whether the spheroid is prolate or oblate; in the 
anisotropic case the direction is specified by the geometry of the spheroid and 
the tensor «, jointly, so that without a knowledge of «, one cannot say whether 
the couple will have the same or the opposite direction as that on a geometrically 
similar isotropic spheroid. Finally, the applied field enters through the factor 
F?, so that the results are valid for an alternating field provided one takes for F 
the root mean square value and the frequency is not so high as to necessitate the 
problem being treated electromagnetically ab initio. 

A great simplification in the formulae occurs in the important case in which 
the principal axes of «, coincide with the cartesian coordinate axes. Using (41) 
and (42), we find, after some tedious manipulation, that 


al 2 2 ab? Oks 316 2 ae 1 Nieaw 
G,=4«,F?ab*mn Fe log7— a oY Ee =F 
ab? atc @ 1.51 
- {Ta log A Se — ] ih reas (48) 
€, f° ab?nl i 
Cy= BR RAK KI-MK NK, 


S. @ 2 ab* atc 
eo 3 Oana ae 2 


x batch 
DK, Ky= ait lore 
Ce) | (Ke 1) (Fa log = =) +1 
a ab ate 
x | (K-12) (55 ~ Flows) +1], | 
in the prolate case, and 
fee ab? a z i —1 
G,=}e,F*ab?mn IE Cee - ss + z=} 
Gali eC sioncpate tae (50 
73 oo Dee a re car ) 


1 €ol?ab’nl 


Oy = be Ry {AK Ka) + (K.— 1K. 1) 
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in the oblate case. A noteworthy simplification which has occurred is the way 
in which the direction cosines of F are involved, this being the same as in the 
case of the sphere (cf. (16)), showing that the couple is now zero if F is directed 
along a principal axis of ¢, which is an axis of the spheroid. From (48)-(51) 
one may easily obtain simple approximate formulae holding in the extreme 
cases of a spheroid of large eccentricity (‘rod-shaped’ in the prolate case and 
‘disc-shaped’ in the oblate case) and one which is nearly spherical. In the 
latter case one may proceed to the spherical limit when, as is to be expected, 
formulae (16) reappear. 


$5. ANISOTROPIC CONDUCTING SPHEROID 


In the problem of an anisotropic conducting spheroid in a conducting fluid, 
and influenced by a uniform electric field, the mathematical specification is the 
same as in the non-conducting case except that one must include the conductivities 
of the liquid and solid, the former being a numerical constant o, and the latter 
the symmetric tensor gj. 

Remembering the analogy between the problems of the non-conducting 
sphere and the conducting sphere, it follows, without further comment, that all 
the formulae given above relating to the non-conducting spheroid hold in the 
present problem provided that the constants K,, are replaced by 


Tap Oe Oe (5; L495) ae alee ek (52) 
and the K, by 7,, given by (23), and the constant A is subtracted from the internal 
potential. It must, of course, be borne in mind that the analogues of (48)—(51) 
now refer to the principal axes of o;, rather than of ¢, coinciding with the coordinate 
axes. 

Since the field is determined by the conductivities, it follows from the joint 
consideration of conductivity and dielectric constant that the spheroid sustains 
a charge distribution. ‘There is, in fact, surface charge but no body charge 
(Cade 1952a). The main additional points of discussion with regard to the couples 
are, as with the sphere, that the dielectric constant of the fluid, although not 
of the solid, is involved, and that the problem has an electrostatic limit in which 
the only significant property of the spheroid is that it is a conductor rather than 
an insulator. In this limit G', is zero, although G, and G, are not. 

The problem of the couples on an isotropic conducting spheroid occurs as 
the limiting case of the present one, and has been previously solved by Firth 
(1924, 1927). The limit is obtained simply by putting 7,=7,=7,=7. Our 
result for the prolate case then agrees with Fiirth’s, and that for the oblate case 
does when Fiirth’s is corrected for a small error (Cade 1952b). 


§ 6. PossiBLE EXPERIMENTAL APPLICATIONS 


The main possibility for experimental application of the couples on anisotropic 
non-conducting spheres and spheroids is with regard to the determination of 
crystalline dielectric constants. ‘The idea is old and is discussed by Voigt (1910) 
and Wooster (1949). As mentioned at the beginning, however, the theoretical 
background to the method, as given by these authors, is unsatisfactory. We 
consider briefly the sources of error. 

In the first place Voigt and Wooster treat the analogous paramagnetic 
problem, in which the internal field is assumed to differ negligibly from the 
external field, and then carry the results over to the dielectric case. Since, 
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however, electric susceptibilities are usually of a higher order of magnitude 
than paramagnetic susceptibilities, the above-mentioned assumption is generally 
invalid for a dielectric; instead, the exact determination of the field is necessary. 
Secondly, it is assumed that if the internal field is uniform, the only mechanical 
action is a couple density of the form 


g=(P, El, sr 2 (53) 


where P is the dielectric polarization. ‘This assumption is wrong since it 
overlooks the non-uniformity of the field at the dielectric boundary and since 
Brown’s hydrostatic stresses are omitted. The couple (53) is, in fact, just one 
of a set of terms which lead ultimately to the Maxwell stresses, which we have 
used. Finally, the effect of a fluid dielectric environment is wrongly treated, 
it being assumed that the introduction of the dielectric necessitates the 


transformation earn cheek (s=2eyyy52) 6), ek a ae (54) 


It is shown elsewhere (Cade 1952b) that, with the cancellation of this erroneous 
transformation, the last two errors amount together to the omission of a normal 
surface traction on the immersed body. ; 

We conclude that the significant contributions of the present work on 
non-conducting media to crystal physics are the exact determination of the 
electrostatic field in special cases and the rigorous and critical application of 
mechanical action theory. 

The formulae assumed by Voigt and Wooster for the couple on a crystal of 
any shape, in empty space and influenced by a uniform electric field, are 


G.= se vF(e,—«,), 
ry wees 

G,= Gy UP eee), youken (55) 
eee 

Ce q, UF »—€y)s 


where v is the volume of the crystal. Although this result is in general wrong, 
our general analysis of the fundamental errors shows that these are ineffectual 
as regards components of G about axes of revolution, if such exist, if 
K,2K,2K,=1. With the last-mentioned restriction we would therefore 
expect out formulae (16), (48) and (51) to approximate to (55), and this is found 
to be the case. 

Voigt and Wooster found the mechanical action method to be an unsatisfactory 
one for the determination of dielectric tensors, and it now appears that this 
conclusion might be the result of the errors of theory which led to the formulae 
(55). For example, it was found that the couple was sometimes in the opposite 
direction from what was expected. This was attributed to ‘charge leakage’, 
but upon examination of the couple (49) for the prolate spheroid, for example, 
we easily find that the second term in the curved bracket could more than outweigh 
the first, and a term of the form of the first is all that appears on Voigt’s and 
Wooster’s ideas of the mechanical action. We therefore consider that the method 
might be revived on the basis of the present theory. It has an advantage over the 
standard method, which is to use a crystal plate as dielectric in a condenser. 
According to Wooster (1949), one needs a plate of linear dimensions “‘a few 
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millimetres”. Much smaller crystals could be used with the mechanical action 
method; the only limitation is the fineness of suspension obtainable. 

We suggest that one should use either a spherical crystal or a spheroidal one 
suspended with its axis of revolution vertical. A twofold advantage is derived 
by this choice. In the first place one avoids the mechanical action controversy ; 
it has been shown elsewhere (Cade 1952 b) that all theories of mechanical action 
lead to formulae (16), (44), (46), (48) and (50), whereas this is not the case with 
(45), (47), (49) and (51). Secondly, the couple is due solely to the anisotropy. 
In the case of (45), (47), (49) and (51) part of the couple arises from the geometry 
of the spheroid (there is a couple on a geometrically similar isotropic spheroid), 
so that there would be a greater experimental error in the determination of 
constants characterizing the anisotropy. 

In the case of couples on conducting crystals, we suggest that the results 
be used for the determination of crystalline conductivities. Such a method 
would be completely new, since, as previously mentioned, the steady-current 
problems have not been solved before. According to Wooster (1949), the only 
method hitherto used has been the simple determination of the resistance of single 
crystal wires. This method only works with metals, where single crystal wires 
can be made. On the other hand, our method would be useless for metals since, 
because metallic conductivities are invariably large, it is found from consideration 
of the relevant formulae that it is experimentally impossible to obtain couples 
of appreciable magnitude. Our method would be of value in the case of crystals 
of salts, for example, where single crystal wires are unobtainable and where, 
indeed, no method appears previously to have been used. We conclude that the 
two methods are complementary, and that the one we propose would add a large 
new domain to the technology of crystalline conductivity determinations. 
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Abstract. The heating effects that occur when a current is passed through 
a point contact to a semiconductor which has no barrier layer, have been 
investigated. The d.c. volt-current curve has been calculated for three different 
activation energies, 0-60, 0-48 and 0-34 ev of the semiconductor with a tungsten 
contact. The change with frequency of the impedance of the contact to a small 
sinusoidal ripple, superimposed upon a steady current, has been calculated for 
an activation energy 0-60ev. Both these calculations provide a means of 
estimating the radius of the contact. Experimental d.c. and a.c. characteristics 
have been obtained for tungsten in contact with discs of sintered magnesium 
titanate (Mg,TiO,) of appropriate activation energies. Fairly good agreement 
is obtained between the values of the contact radius calculated from the d.c. 
and a.c. experiments, and between the calculated and measured variation with 
frequency of the impedance to the sinusoidal ripple. ‘To explain minor anomalies 
in the d.c. characteristic it is assumed that field emission occurs around the contact. 


§1. INTRODUCTION 


HE volt—current characteristic of a point contact to a semiconductor is, 

in general, non-linear and may or may not be symmetrical about zero. 

The three main effects involved in point contact problems are Joule heating 
due to the current flowing, barrier layer effects and field emission around the 
contact area. | 

Heating effects can cause non-linearity, for as the semiconductor has a negative 
temperature coefficient of resistance, the current will increase more rapidly than 
the voltage as soon as it is great enough to cause appreciable heating. If there 
is a sufficiently high rate of change of resistance with temperature and sufficiently 
small heat loss the voltage will decrease as the current increases and the steady 
state characteristic will display a negative slope resistance (fig. 1). These effects 
are essentially time dependent, but occur rapidly enough to be important even 
when high frequencies and short time impulses are employed. The heating will 
also give rise to thermoelectric potentials, but these are relatively small and have 
been neglected in this paper. 

Barrier layer effects include thermionic emission of electrons over a potential 
barrier at the surface of the semiconductor surface and transmission through it. 
They produce asymmetrical volt—-current curves at a metal semiconductor 
contact when the applied potential exceeds the order of 4 volt. They will always 
cease to be important when the total voltage is so high that a significant 
contribution from the barrier layer would imply a field strength much above 
10’y cm™ within it. (In most cases this will be an overestimate of the limit.) 

Field emission does not occur identically from different materials, and 
therefore gives rise to rectification at metal semiconductor contacts. It requires 
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a field strength at the emitting surface of about 10’ v cm~! and its occurrence 
around a contact will only be noticeable if it takes place over an area comparable 
with that of the contact itself. With any probable shape of metal point this is 
unlikely to happen when the total potential is much below the order of 100 volts. 

It therefore seems reasonable to assume that if the volt—current curve is 
symmetrical about zero at low voltages then barrier layer effects are negligible. 
This is the case with many oxide semiconductors, presumably because the 
density of impurity centres is high, and the space-charge barrier is therefore too 
thin to produce a potential drop comparable with that caused by the spreading 
resistance within the body of the material. Examples of this are Ti0,, CuO, 
Fe,O0,, Mg,Ti0O, and NiO. From measurements of the loss of weight during 
reduction of Mg,Ti0O, (Jones 1950, unpublished) and from the analysis of 
substituted lithium in NiO (Mitchell 1952) the density of impurity centre 
appears to be about 1071, when the conductivity is about 10-! or 10-? (Qcem)+ 
the space-charge barrier layer thickness would be of the order of 10-7 cm; this 
is equivalent only to a single layer of impurities, so the barrier will be both very 
thin and very patchy. 


Og WEE beatae : 


Current 


Volts 


Current 


% 


Volts 


ee ee ihn, 


Fig. 1. Steady state voltage—current 
curve for metal—semiconductor 
contact with negligible space- 
charge barrier. 


Metal Semiconductor 


Fig. 2. Model of metal—semiconductor contact. 


Heating effects will always occur and must therefore modify the characteristic 
where a barrier layer (or field emission) is present. ‘This can be seen in the 
volt-current curves at a point contact to germanium, silicon or lead sulphide; 
in each case the back characteristic has a marked region of negative slope, which 
appears from impulse measurements (Benzer 1949, Bennett and Hunter 1950) 
and from high frequency observations of the author to be predominantly caused 
by heating. Where the barrier is not very thick its reverse resistance will become 
comparable with the spreading resistance of the material behind it as soon as it 
gets hot, and conditions are then similar to those where no barrier exists. 

The calculations for a contact with no barrier layer were carried out to see 
whether the observed behaviour of contacts believed to be of this type could be 
accounted for and to see whether the observations would give reliable information 
about the size of the contact and the properties of the semiconductor. It was 
also considered that this would be a useful step towards understanding the 
behaviour of some materials (such as silicon carbide) where barrier layer effects 
are important but do not explain a large part of the observed behaviour. Various 
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phenomena associated with small area contacts to semiconductors may be | 
attributed to self-heating of the contact point, for example the restriking of a 
welding arc through a layer of semiconducting slag, and the theory provides — 
various tests of the plausibility of such an explanation. 


§2. THEORY 


The simplest configuration of a small area contact between a metal and a 
semiconductor would be that shown in fig. 2 (a). This has been idealized to the 
model shown in fig. 2 (b) which was used by Amrein (1942) in an earlier treatment 
of the same problem. It consists of a hemisphere of metal connected to a 
hemisphere of semiconductor by a small sphere, which is supposed to have 
infinite electrical and thermal conductivity and zero heat capacity, and of diameter 
equal to the actual contact diameter. This is a somewhat artificial model but _ 
introduces spherical symmetry into the problem thereby simplifying the equations. 

In applying the results from this model the hemispheres become semi- 
infinite blocks; although this may at first sight seem unreasonable for the metal 
point, elementary mechanical considerations show that the contact diameter, 
for moderate loads, is of the order of 10-* cm for a wire 0-01 cm in diameter, so 
that the error involved in regarding the wire diameter as infinite cannot be more 
than a few per cent. Results obtained using this model and given later in the 
paper show that for tungsten wire 0-01 cm in diameter the contact diameter is 
2104 cmioriléss: 

. The metal is assumed to have infinite electrical conductivity so that heat is 
generated solely by the flow of current through the semiconductor; this is 
reasonable since the resistivities of metals are of the order of 10-° ohm cm while 
those of semiconductors are rarely less than 10-*ohmcm. The particular 
semiconductors used in these experiments had a resistivity of 100 ohm cm or 
more. 

T, T* (°K) are the temperatures within the semiconductor and metal 
respectively at any radius y cm; T;, T, (°K) are the temperatures at the inner and 
outer boundaries respectively (the same for both semiconductor and metal); 
ri, 7) are the radii of the inner and outer boundaries; A, A* (w cm! °c) are the 
thermal conductivities of the semiconductor and metal respectively; C, C* 
(joules cm~*) are the thermal capacities per unit volume for the semiconductor 
and metal respectively. The resistivity of the semiconductor is taken as 
P= Px eMPRT =, e%/? where B=E/2k and p,, is a constant. E is the activation 
energy of the semiconductor, and Rk is Boltzmann’s constant. 

The voltage V across the semiconductor for a current density j is 


. a 


ie) Lie) of. 
v--| av = | dr = | Ss get ap ae 1) 
; 2 , Far? (1) 
where 3/ is the total current flowing through the contact. 


2.1. Steady State Condition 


The steady state equation for the temperature within the semiconductor or |) 


th tal i ; 
e metal is div (A grad T)4+j(—gradV)=0 saa. (2) 


giving CP dk J, \? 
Mae tea} +o(z5) =O 4 eee (3) 
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in the semiconductor, and 


2% * 
a +} <0 ur (4) 


dF r.d¢ 
in the metal where }./, is the steady current flowing. 
These have to be solved subject to the boundary conditions 


f=7*=T,atr=7r,= 0 (outer boundary)  ...... (5) 
dT aE* 
r Poe ='—A* Gl (ipnerspoundary) 2) =e. n. (6) 
Substituting p=p., e*/? andr =(p.,/A)!J,/47x eqn. (3) for the semiconductor 
reduces to 2T 
dad STOW ea 
de he OF Bee he, (7) 


which has the solution 


ae 2 Ua —1/2 
= | { (=) =) | obit ar ATs hy Oe (8) 
ae dx } »-0 By 


fulfilling the boundary condition (5). The sign of the root is to be taken as the 
same as the sign of the expression inside it. 


The solution of eqn. (4) for the metal is simply 


eatin 4p aU I Bos SN potent a ke 
Pare eda ar 


ay ire 


ei 


This gives 


so that the boundary condition (6) becomes 
at, epee Eee 
dr TST; rf m\ Yj 
or substituting as before for 7 
dT A* T;-—T, 
(=) aes -— Sak: ee ee (9) 


Returning to eqn. (1) for the potential between the inner and outer boundaries 
of the semiconductor, substituting x for r gives 


oj Uj a*T 
ee 1/2 BY Fe rey oa ple pe 
V=(p.d)* |e" dx= —(p..d) le de eae, (10) 


Xo 


4 AES AER ca) air ete ay 


Equation (8) has been integrated numerically with 7,=293°k and with 
three values of B, namely 3500, 2800 and 2000 (corresponding to activation 
energies 0-60, 0-48 and 0-34 ev), starting in each case with various values of 
(dT/dx),,, covering a range sufficient for experimental conditions. The resulting 
curves of JT and dT/dx plotted against x for B=3500 are shown in figs. 3 and 4. 
One point satisfying condition (9) occurs on each of the (7, «) curves where the 
right-hand arm is falling towards T,. ‘The complete (7, «) curve is symmetrical 
however, so that it is unnecessary to plot the whole of it once x,, the point of 
maximum T is found. ‘These curves can be used to find the steady state 
behaviour of a small contact at any metal to a semiconductor having an activation 
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energy in the specified range (or of a contact between two semiconductors) at 
an ambient temperature of 20°c.f 


520 tf ae eee ot 1 
<o, \% 

| oe. | 

500 te - zi ia g 
— | =< + 4. | 


460 


quel 


420 


eg 02 04 0-6 08 1-0 


x 
Fig. 3. Graph of T against x for successive values of (dT/dx), for B=3500. 


aT/al x10? 


2871 2890 2928 (dT /dx),= 2948 2970 


Fig. 4. Graph of dT/dx against x for successive values of (dT/dx), for B=3500. 


A series of values of (dT/dx),,, T; and x; for the corresponding values of | 
(dT/dx),, satisfying eqn. (9) with A*/A=40 have been obtained in this way; | 


t It can be seen, by putting eqns. (8)-(11) in a slightly more general form using T/B 
and «/B"” as variables instead of T and x, that the results of these computations can be 
applied to all values of T) and B such that T,/B is unaltered. As the present work is only } 
concerned with one ambient temperature, however, the results have been expressed in 
terms of T’and « as being easier to appreciate physically. They apply to any other ambient | 
temperature J),’ with all values of T altered in the ratio T’= TT,’/293, and with 
B’=BT,'/293, x’=x(T,//293)1 and V’=V(T,//293)1?. 
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hence V(p.,,A)""? has been evaluated as a function of x, i.e. as a function of 
(p../A)""I,/27r, where J, is the steady current flowing. As the constant p., has 
little practical use, these results have been expressed in terms of V(p,A)~!? and 
(po/A)"*1,/27r;, =x,', where p, is the resistivity at temperature 7, (293°k), and are 
plotted in fig. 5 for the three values of B; these are, in effect, voltage—current curves. 


Theoretical Curves 
x ea Experimental Results 


— 


400 500 


200 300 
Bie (A,/a)@1/anr 
Fig. 5. Voltage-current curves for a tungsten contact to semiconductors of 0-60, 0:48, 


and 0-34 ey activation energy. 


The most easily identifiable points on these curves are the peaks, that is the 
voltage maxima. Values of the parameters in fig. 5 at the respective peaks 
(indicated by the suffix p) are set out in the third and fourth rows of table 1. 


Table 1 
E (ev) 0-34 0:48 0-60 
B 2000 2800 3500 
[V (pA)? Jp 18-7 15 13 
(x;’)p 170 100 78-5 
K=n/V pIp( eNO) 1:36 2:88 4-20 
Rol p/V> 6-9 5-2 3-2 


The values of [V(p,A)-"”], can be used to find p, from the peak voltage if an 
approximate value of B is known. By multiplying the two parameters together 
however, and remembering 7; = (p,/A)!"J,,/27x; we get 
Vly 
= Daden’)pV(p Ae 
where K depends only on A, 7, and B and has the values shown in table 1. The 
factor K varies linearly with B and as the variation is not rapid, 7, can be found 
with fair approximation even if B is not known exactly. 
The resistance of the contact for currents not large enough to cause appreciable 
heating is, on the model of fig. 2, 
Ro exp) 15 


o~ 2n7; mtd 2n7; 


Py NP 
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and by combining this with the previous results one finds that the ratio of this 
initial resistance to the resistance at the peak voltage is given by 


Roly| Vy = (%i)p/LV (PA) "Ip 
which depends only on 7, B and A, and is shown in table 1. This relation should 
provide another check on the correctness of the model. 

To indicate the values of peak voltage and corresponding current which are 
to be expected, table 2 indicates the appropriate values for material of resistivity 
1000 ohm cm at room temperature. In practice the value of p usually increases 
as the activation energy increases. 


Table 2. Values of V, and I,/r, for a Contact of Tungsten to Mg, Ti0,4 
- p,= 1000 ohm cm, A=0-037 w cm™? °c, T, =293°K 


B 2000 2800 3500 
V> (v) 113 91 79 
I,/7, (a cm) 6°53 3-91 3-0 


V, is proportional to p,"" and I, top,‘ for any given value of B. 


2.2. Sinusoidal Ripple Superimposed on a Steady Current 
The general equation for the temperature within the semiconductor is 
Cl ae 
Ca — div (A grad T) —7 (— grad V) =0 
and in spherical coordinates is 
OF LIT. CAT p(t ew, 
ar + Or A of | A\4ar?) ~ 
This equation is extremely difficult to solve where J is a sinusoidal function. 
It can be solved for a steady current J, flowing through the contact with a 
superimposed small sinusoidal ripple J, e*”: 
J=J,+J,e where J,<J, 
so that we can assume with sufficient accuracy 
T= eT, Jt = J 24 25,5, 
B ETA. 
and exp sr) = {1 _ T2 e } €xp (Bi, eee eee (13) 
Substituting these approximations in eqn. (12) and also writin bef 
r= (p.o/X)*J/4rx, - ie ee 
avr, a ary eiat _ Ciwpad 
dx” dx” x*A? (42r)? 
BI a ede 
+ |1- re 4 Bias ‘ exp (a) =O 
but the steady state condition 7, =0, J, =0 gives d?T,/dx? + exp (B/T,) =0 hence | 
aT; tA Bb 2J, 
dt ~ |e ‘r Ta oP (B/T,)} T,+ i exp.( 3/1.) 2 Oe aoe (14) 
where A = CwpiJ ?/A*(477)?. 


iw 
Die 
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The boundary conditions are the same as those of eqns. (5) and (6) and since 
the steady part of the temperature already obeys these, we are left with 7, =0 at 


7= 0 or x= 0, and 
oT, te yor. 
Nee ia nia ( or es oe (15) 


where T,* is the oscillating part of the temperature within the metal. To 
eliminate 07,*/dr from (15) consider the differential equation for heat flow in 
the metal : er* 2aT* C*aT* ef 
The Oe pea oe ee ene 
with T* =T,*+T7,*e'™. Since T,* already fulfils 
Cleon 
a + > or 


we can substitute 7,* e’ for T* in eqn. (16). For 7,* finite at r= this 
equation then has the solution 


=0 


T,* = = exp {—r(Cta/2A*)!(1 +} 


where the complex constant P is given by the condition that the temperature of 
the metal is the same as that of the semiconductor at r=7, 1.e. 


poss 7 exp (=n (C#a/20*)!°(1 +3)}, 


aT,* 1p B/CZa\Iton 
(2) = nt « (Se) a8) 


and eqn. (15) becomes 


ee oes Cray oe 
(Fe) tia) 1+9f 


a a eee el [oer (eC N\ i?) 
ees eae 2, (4455) Strat (15 a) 


where A is the same quantity as in eqn. (14). So far as concerns the experiments 
in this paper, the second term in the bracket in eqn. (15 a), after substituting the 
appropriate values for x,, C, C*, A and A* reduces to 0-15 A¥?(1+z) and was 
therefore neglected for A not greater than 10°. 

The boundary conditions then become 7, =0 at r= 00 


oT ek SET, 
(=) ey acy ue fh denne: (15 5) 


Equation (14) has been solved with these boundary conditions using 
relaxation methods. The steady state solution chosen was that corresponding to 
x; =0:378(x,’ = 148) in the case where B=3500, T,=293, A*/A=40, that is the 
ease to which fig. 3 and the lower curve of fig. 5 refer. 

The total voltage between the inner and outer boundaries of the semiconductor 
is still given by eqn. (11), which on splitting J and T into stationary and varying 


components gives 
‘Odd = Bs B 
V= j, ——,— Pa Xp (Gesece Tee) dt. 


This leads to 
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Using eqn. (13) and neglecting the second order terms in TJ, this becomes 


Weck [re exp (B/T;) : ts — —J,BT,/T-?) en ar= V, EG V, elot 
vy r 

where V, is the steady component of voltage corresponding to J, and calculated 

in the previous section: 


J. 


cp) eft bie 
Vag =V,- Apa” | TE eXP (BiT\dx nee (17) 
1 Lo s 
and Tad a2d,. 


The real and imaginary parts of 7,’ have been plotted in fig. 6; the real and 
imaginary parts of V,J,/J,(p..A)"? have been evaluated from these curves. 


TT, Je) 20, 


a 


ae 
Imaginary 
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Fig. 6. Oscillatory component of temperature plotted against x. 


; If we write /, for the steady current through the contact and Z tor the 
impedance presented to the ripple, 1,=4J, Z=2V,/J, so that 


V;, J J rs LZ = WARS a 1X). 


The quantities 1,R,(p,A)-"? and I,X (pod)? are plotted in fig. 7 against 
log A’, where A’ = Cup l,’/(27A)? and is directly proportional to the frequency. 
The real part of the impedance, the resistive component R,, is first negative, 
then zero, then positive as the frequency increases. The inductive component X, 
rises from zero through a maximum and then decreases with increasing frequency. 

The critical frequency at which the resistive component is zero is easily found 
experimentally and this provides a second means of calculating the radius of the 
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contact. For, from fig. 7 this frequency is such as to give A’ =4-1, or since 
_ Cpl 2w — Cwr?(x;')? 


A'= re 7 and aX, = 148, Go weer. (18) 
: -7\ 1/2 
hence r= Ss ceaas +(19) 


with w =27f, C=3-0 joules cm °c (0-72 cal cm=! sec™ °c) and A = 0-037 w em! °c. 
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Fig. 7. Impedance of contact to a small sinusoidal ripple against frequency. 


§3. EXPERIMENT 
3.1. Procedure 


A tungsten contact made from 0-01cm diameter wire was etched in fused 
sodium nitrite and then held with firm spring pressure against the surface of a 
sintered disc of magnesium titanate Mg,T10,. A large area contact was made 
by brass sprayed on to the other side of the disc. Bulk measurements of 
resistivity and temperature coefficient of resistance had previously been made 
on the discs, which were chosen to have B approximately equal to 3500, 2800 or 
2000. The thermal conductivity of the magnesium titanate is approximately 
0-037 w cm °c and that of tungsten 1-47 w cm™ °c and the thermal capacity 
per unit volume of the titanate and tungsten respectively is 3-0 joules cm™3 °c and 
2-7 joules cm=*"c: 

The circuit shown in fig. 8 was used to measure the d.c. voltage—current 
curves and to delineate the ripple voltage—current relation on the cathode-ray 
oscillograph. The 20-megohm resistance in series with the power pack was 
necessary to limit the current and enable the negative resistance part of the 
characteristic to be followed. ‘The 2000 ohm resistance in the vertical amplifier 
lead was necessary to prevent oscillation when the point contact to the 
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semiconductor was in a state of negative slope resistance. The amplifiers were 
those of a Dumont oscillograph type 208 and were found to introduce negligible 
phase shift from 0 to 3000 c/s. Owing to the high impedance of the point — 


contact, measurements could not be relied upon, in any case, at higher frequencies. 


Measurements of direct currents and voltages across the contact in the steady | 
state were made on discs covering the range of values of B from 2000 to 3500. 


In the case of discs with B =3500, a current equal to 1-9 times the steady current 
at the peak voltage (corresponding to x,=0-378 in the theory) was then passed 


through the contact and a small sinusoidal current superimposed upon it. | 
In general an ellipse could be seen on the oscillograph screen. At low frequencies | 
the axes of the ellipse are tilted in one direction, while at high frequencies they | 
are tilted in the opposite direction. The intermediate condition, where the axes | 
are nearly vertical and horizontal respectively, indicates that the resistive | 
component of the ripple impedance is zero. At very low and very high frequencies _ 


the reactive component becomes zero and the traces would become tilted straight 
lines, but these extremes were not reached. Photographs of the oscillograph 


LH 


shes 0-5kv OC. 


| 
2GtH? | 


Fig. 8. Circuit arrangement. Fig. 9. 


trace were taken over the frequency range 10 to 3000 c/s and a typical set are 
shown in fig. 10 (Plate). The point contact was then replaced by a standard 
carbon resistance and another set of photographs taken in order to calibrate the 
amplifiers. | 


The critical ‘turnover’ frequency could be estimated fairly well by inspection | 
of the oscillograph traces. It was found more accurately from the analysis of | 


each photograph from which was obtained the resistive and inductive 
components at each frequency. This was done by measuring the lengths D, G 
and (G i: H*)'" as indicated in fig. 9. It can then be shown that if the impedance 
of the point contact is R,+7X, then 
(en etal Ry Aca R 
fee ay by bee ema | —— oes 
aR ( R and pees S( 1+ R 
where Ris the resistance in series with the point contact and S is the slope of the 
oscillograph line obtained when the contact is replaced by a resistance Ry. 
_ Asa check that the peak conditions of the d.c. characteristic are an indication 
of the true contact radius, a series of measurements was made with increasing 


mechanical pressure on the contact wire. Several experimental difficulties | 
were encountered—firstly how to damp out the high frequency vibrations of | 
the building, secondly how to avoid buckling of the contact wire and thirdly | 
how to apply loads in the range 0-01 to 10 g gradually without ‘impulse’ and | 
also to keep the ‘zero load error’ to a minimum. The first was overcome by 1 
mounting the apparatus on soft sponge rubber attached directly to one of the | 
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main girders of the building and the second by keeping the contact wire as short 
and straight as possible. The third difficulty was overcome by using a variable 
weight of liquid as the mechanical load. The apparatus was arranged with the 
contact wire vertical, a small open reservoir containing water rested on the block 
in which the upper end of the wire was gripped, and its weight was opposed by 
a light spring. A siphon tube connected this reservoir with a much larger fixed 
reservoir mounted nearby. The semiconductor disc was not allowed to touch 
the contact wire until readings were about to be taken; it was then slowly raised 
by means of a fine screw thread until it just touched the wire as indicated by the 
passage of current. This was regarded as the condition of zero load. Addition 
of a given weight of water to the larger reservoir resulted in one-twentieth of this 
weight being added to the load on the wire; the range 0-05 to 2 g was covered 
in this way. 
3.2. Results 

Several magnesium titanate discs having activation energy near one of 

the chosen values, 0-60, 0-48 and 0-34ev were made the subject of d.c. 


50 a 
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Current (4A) 
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Current (A) 
Fig. 11. Experimental voltage-current curve for a tungsten point to reduced 
Mg,Ti0,(E=0:60 ev). Curve 1, increasing, tungsten positive; curve 2, increasing, 
tungsten negative; curve 3, decreasing. 


measurements. Contacts at two or three points on each disc were observed. 
A typical voltage—current curve for a disc of 0-60 ev activation energy is shown 
in fig. 11. The results obtained with the tungsten point alternately positive and 
negative are rather unexpected. At low voltages and currents the characteristics 
are identical in the two directions, except with discs of the higher activation 
energy, when occasionally there is a very slight difference, the easy direction of 
flow being with tungsten positive. It can be seen that the relationship between 
current and voltage is not linear even at the lowest currents measured, namely 
0-01 to 1a, but the current is always increasing more rapidly than the voltage. 
(The d.c. theory indicates that Ohm’s law should be obeyed up to approximately 
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half the peak voltage.) As the current is further increased the two characteristics 
separate with tungsten negative always the easy direction of flow; there is also 
a marked time effect on reversing the current, several minutes being taken to 
establish equilibrium. The peak occurs at a higher voltage and smaller current 
in the tungsten positive direction, but the difference in voltage between the 
two directions becomes less marked as the current is still further increased. 

When a current several times greater than the peak current has. been passed 
through the contact, the peak is displaced to a lower voltage and much greater 
current and, at the same time, the difference between the tungsten negative and 
positive directions becomes less, and may even disappear—Ohm’s law is then 
obeyed over the initial part of the characteristic. These effects can be simply 
explained if it is supposed that the contact radius becomes larger due to the 
flattening of the tungsten point at the higher temperatures. 

If the highest current passed does not greatly exceed the current at the peak, 
there is no major difference between curves taken with ascending and with 
descending currents, but the voltage is usually a little higher when ascending. 

Similar results, but with less difference between the characteristics in the two 
directions, are obtained with discs of lower resistivity and activation energy. 
A summary of the measured peak voltages and corresponding currents before 
and after passing a large current is given in table 3. A similar summary of 
experiments where a large current was not passed is given in table 4. 


Table 4. Discs of F ~ 0-6ev 


(1) (2) (3) (4) (5) (6) (7) (8) (9) 
(a) (6) Vp(v) Ip(ua) 

agen Wicreasine = —278 995 — 120! 79-9 510-8") 3°75 107 11-5 1638) Se 1 288 
Decreasing 260 90 Cela sclOee ies Scale 18-3 
Increasing)» 306) 839) 1205991213: x10 5-3 10 15-4 
Decreasing 293 88 IOS Ome mmOe Sex LOE 19-7 
Increasine) 286) 952 120) 9-86 10-5 6°57 x10" 18:8 
Decreasing 278 87 1-022 a1 0s mos soea 107 2 

iim bs anecreasing 180. 95 130 7-18x10=> 3. x10? 15:8 1*33;x< 1107 288 
Decreasing 169 120 05) SUK HON STI! 23 
Increasing 175 173 5-45 al Osta 2 On G10! 28-6 


(1) Identification (a) disc, (6) record; (2) current; (3) tungsten—ve; (4) maximum current 
passed (wa); (5) contact radius (cm); (6) resistance Ro at lowest currents (ohms); (7) Rolp/Vp; 
(8) bulk resistivity (ohm cm); (9) Vp calculated from bulk resistivity (Vv). 


The last columns of tables 3 and 4 give the value of the peak voltage calculated 
from the theoretical values of V,(p,A)-"* given in table 1, assuming p, to be equal 
to the bulk value measured on the disc as a whole beforehand. ‘The agreement 
with the measured values is not very good and it seems likely, from unpublished 
measurements of the impedance of similar discs over a wide range of frequencies, 
and from published measurements by Koops (1951) and Burgess (1952) on other 
sintered oxide semiconductors, that the material is composed of regions of various 
resistivities. It was therefore decided to regard p, as unknown, to be chosen 
so as to fit the experimental peak voltage. (This value of p, is of course a mean 
value, appropriate to the particular point of contact and small volume around it 
involved at the range of currents near to the value of the peak.) ‘The ratio between 
this value and the bulk value mentioned above is equal to the square of the ratio 
between the measured and the calculated values of V, in tables 3 and 4. 

When scaled in this way the experimental results fitted the theoretical curves 
reasonably well as demonstrated in fig. 5, where the curves are those calculated 


fein § 2.1. 


584 A. D. Stuckes 


The value of the radius of the contact 7, could now be calculated from the 
measured current at the peak and the theoretical value of x;' at the peak, in fact 
it has been calculated from the product V,J/, using the value of K given in table 1 
without the explicit calculation of p,. The different position of the peak of the 
characteristic in the tungsten negative and positive directions, leads to two values 
of the contact radius as shown in table 3, but they are not widely different. 

Alternating current ripple experiments were carried out on the discs of 
0-60 ev activation energy appearing in tables 3 and 4, with the appropriate steady | 
current, the tungsten being negative to the semiconductor (the behaviour was — 
more stable with this polarity). Care was taken not to exceed twice the bias © 
current, so that the d.c. peak was not changed before taking the a.c. ripple | 
measurements. The peak voltages and corresponding currents are shown in > 
table 5, together with the critical frequency at which the resistive component 
R, of the impedance was zero. 


Table 5 

(1) (2) (3) (4) (5) (6) | 
(a) () | 
24 1 395 87 10 1-45 x 10-4 1-94 x 107 ! 
24 2D 361 55 42 8-34 x 10-° 9-48 x 10-5 + 

24 3 536 60 15 1-35 sal Ome 159x108 
26 2 108 35 1000 1-591 One 1-94 « 10-5 
26 + 316 90 20 1-46 x 10-4 1:37 10m. 1 
79/1 1 224 50 200 4-27x10- 4-35 x 1044 
79/1 2 219 40 300 3-68 x 10-% 3°55 x 1049 
(1) Identification (a) disc, (b) record; (2) Vy (v); (3) Ip at Vp (wa); (4) critical frequency \ 
fef{(c/s) ; (5) contact radius from d.c. peak (cm); (6) contact radius from f, (cm). } 


This critical frequency provides another value for p, or for 7, usingy 
eqns. (18 and (19); the agreement with the p, or 7; found from the d.c. peaki. 
indicate the degree to which the experimental conditions conform with theory.7/ 
In table 5 the values of 7; obtained in these two ways are shown; they agree) 
within 25° or better. | 


S 
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Fig. 12. Radius of platinum—rhodium contact against load. 


Further, the values of A’ of eqn. (18) and of I,R,(poA) 1” and [,X,(p.A)1 fi} 
were calculated using p, as found from the d.c. peak voltage, and the points oll 
obtained from a number of contacts are shown with the theoretical curve in fig. 

The measurements of the d.c. characteristic with various pressures on thi 
contact point were also carried out with the metal negative to the semiconducto} 
and with the current limited to twice the peak current. | 
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Using a tungsten point, there was in general no systematic variation in the 
peak conditions with increasing load. Microscopic examination of the metal 
point showed that the wire was breaking up near the contact region. In one 
case only, the radius increases as (load)°* up to a load of 0-32 g corresponding to 
a stress of 2:2 x 10®gcm-?. At this point there was an apparent decrease in the 
contact area and the wire tip had broken. 

Similar experiments were then performed using 0-015 cm diameter 
platinum-—rhodium (10% Rh) wire. Systematic variation of the d.c. characteristic 
with load was now found, as long as care was taken to ensure the wire was straight. 
The results of measurements on three different wire points are shown in fig. 12, 
where it can be seen that the radius varies approximately as (load)°® as expected 
if plastic flow occurs. 


$4. Discussion OF RESULTS 


The experimental conditions evidently conform moderately well with the 
assumptions made in the theory of heating at the contact region, provided a 
value of resistivity to suit the conditions occurring near the peak of the 
voltage—current curve is assumed. ‘This value is not the same as the value found 
from conventional measurements on the bulk material: it is sometimes larger 
and sometimes smaller but always of the same order within a factor of 3 or 4, 
despite the variation of 100: 1 between the various specimens. ‘The variation 
may be attributed to local variations of resistivity, for which there is other 
evidence. 

The measurements of resistance R, at low voltages and currents are not, as 
a rule, consistent with the higher voltage results; R, is usually too high by factors 
up to 40, as shown by comparing R,/,/V, in tables 3 and 4 with the calculated 
values in table 1. Moreover the voltage—current plot is usually curved and 
occasionally rectifying in this region. Mg,TiO, is an n-type semiconductor 
and the direction of rectification is the one to be expected from a space-charge 
barrier at a metal contact. ‘There is evidence that the density of donor centres 
is high in the range of resistivities used so that any space-charge barrier will be 
quite thin and its effect imperceptible when the total circuit voltage is high. 
It seems reasonable to suppose that the low voltage behaviour is due to space-charge 
barriers whose effects are not otherwise noticeable. It may be noted that the 
value of R,J,/V,, never falls below the theoretical value, and when it approaches 
it the calculated and experimental values of peak voltage are also in fair 
agreement. 

The anomalous behaviour at high voltages is more surprising: rectification 
occurs in the opposite direction from that to be expected on space-charge barrier 
; theories, and tends to disappear when the contact radius has apparently been 
q 
{ 

i 


enlarged by flattening at a somewhat higher temperature. (‘The effect of heating 
on the semiconductor itself would normally be to increase its resistivity.) Much 
of this could be explained in terms of field emission around the contact area. 
Appreciable emission currents begin to flow whenever the surface field strength 
reaches about 10’vcm™+. That such field strengths are possible over an 
| appreciable area round the region of the contact can be shown by considering 
©) the end of the wire as part of a sphere of radius 10-° cm (i.e. one-tenth of the 
| diameter of the wire used), in contact with a plane surface over a circle of radius 
.) 10-4 cm. The gap between the spherical and plane surfaces would be less than 


). 10-5 cm over a circle of radius considerably larger than the contact circle, so that 
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with 200 volts or so applied to the contact the total current would be appreciably 
augmented. The exact calculation of the current flowing would be a matter of 
considerable difficulty because the surface of the semiconductor around the 
contact cannot be regarded as an equipotential. | 

Initially the emission current from a semiconductor will be greater than that | 
from a metal since, in general, the work function of a semiconductor is less | 
than that of a metal, but as there are fewer electrons available in the conduction — 
band of the semiconductor compared with the metal, the emission current from | 
the metal will ultimately exceed that from the semiconductor. The exact 
position of the crossover is very dependent on the values chosen for the various 
constants, particularly the work functions, which cannot be accurately known 
since they will depend on gases and vapours adsorbed on the surfaces. It seems 
likely that the crossover point will occur between 10-* and 10-*acm™ for a 
semiconductor having an activation energy of 0-60ev. As the current density 
at the peak for these discs is of the order of 104a cm’, emission from the metal 
would be greater than that from the semiconductor even at the lowest currents 
measured—that is, metal negative would be the easy direction of flow. This 
state of affairs has been discussed by Dilworth (1948) with the simplifying 
assumption that both surfaces are equipotentials. 

The non-linearity of the voltage-current curve at voltages up to half the 
peak value is presumably due to the fact that the area over which emission is 
taking place increases as the voltage across the contact is increasing. At higher 
voltages the field emission component of the current from the metal when it is 
negative would lead to increased heating at the surface of the semiconductor 
by impinging electrons—the heating effect with the emission current in the 
other direction would be much less marked. The radius of the contact calculated 
from the peak voltage and current (and also from the a.c. ripple measurements) 
is therefore a measure of the effective area, including not only the metal—semi- 
conductor junction but also the region of field emission. This may contribute to 
the discrepancy between measured and calculated values of R,J,/V). 

The slight hysteresis effect may be associated with field emission, since there 
is always less difference between the tungsten positive and negative directions 
when the current is decreasing. Remembering that the effective work function 
governing field emission will be that of a surface contaminated by adsorbed or 
combined gases, it may be that the heating produces a change of surface 
conditions such as to increase the current at a given voltage. This change may 
also be responsible for the time taken to establish equilibrium when the current 
is reversed. ‘The adsorption or oxidation processes are themselves likely to 
display hysteresis. 

When a current of several times the value at the peak voltage has been passed 
through the contact, there appears to be a considerable increase of contact radius 
and a diminution of p, as estimated from the peak voltage and current. It may be 
tentatively assumed that the former is due to the settling of the tungsten point | 
on to the surface at the higher temperatures and that the latter is due to diffusion |) 
of oxygen from the Mg,TiO, to the tungsten where it becomes adsorbed, but | 
this point would need more investigation. The increase of radius and decrease |} 
of resistivity would lessen the importance of field emission round the contact |) 
area and tend to decrease the difference between the characteristics in the metal |]) 
negative and positive directions at higher voltages, in agreement with observed |} 


facts. 1 || 


Electro-Thermal Behaviour of Point Contacts to Semiconductors 587 


ACKNOWLEDGMENTS 


The author expresses thanks to Dr. R. W. Sillars who suggested this problem 
for many stimulating discussions, to her husband, Mr. D. P. Jones, for the 
preparation and bulk measurements of the semiconductors, to Miss B. M. Dent 
who suggested the methods of solution of the equations and for the computation 
involved. ‘Thanks are also expressed to Dr. C. Dannatt, Director of Research 
and Education, and Mr. B. G. Churcher, Manager of the Research Department, 
Metropolitan-Vickers Electrical Co. Ltd., for permission to publish this paper. 


REFERENCES 


AmMREIN, W., 1942, Schweiz. Arch. angew. Wiss. Tech., 8, 109, 152. 
BENNETT, A. I., and Hunter, L. P., 1950, Phys. Rev., 81, 152. 
BENZER, S., 1949, ¥. Appl. Phys., 20, 804. 

BurcEss, R. E., 1952, Phys. Rev., 86, 131. 

DiLwortH, C. C., 1948, Proc. Phys. Soc., 60, 315. 

Koops, C. G., 1951, Phys. Rev., 83, 121. 

MrrcuHetx, E. W. J., 1952, Proc. Phys. Soc. B, 65, 154. 


588 


Injected Absorption in Germanium | 


By A. F. GIBSON 


Telecommunications Research Establishment, Great Malvern, Worcs. 


MS. received 19th January 1953 


Abstract. When minority carriers are injected into germanium the density of 
current carriers is increased. This forms the basis of transistor action. . The 
increased number of carriers is expected to cause increased absorption in the 
infra-red region of the spectrum. ‘This effect has been observed and studied 
as a function of wavelength, injected current, frequency and other relevant 
parameters. The basic theory of the effect is discussed and is found to be 
substantially in agreement with the experimental results. Possible practical 
applications of the effect are described. 


§1. INTRODUCTION 


HEN an electric field is applied to an ohmic conductor and a current 
flows, the total density of current carriers (electrons or holes, or both) 
remains unaltered and it is only the carrier drift velocity which is 
affected by the electric field. For semiconductors showing transistor action 
(e.g. Ge, Si, PbS), however, this is not so. The forward current of a crystal | 
diode consists at least in part of minority carriers (for example positive holes) 
which enter the crystal in addition to the majority carriers (electrons) already | 
present (Bardeen and Brattain 1949). Because of the space charge of the added |) 
number of minority carriers an equal number of majority carriers must be added | 
from the base. Hence the total number of carriers is increased. In this respect 1 
transistor materials are unique. i 
The absorption spectra of several materials of this type have been measured | 
in the infra-red by Becker and Fan (1949, 1950, 1951) (Ge and Si) and Gibson} 
(1952)(PbS, PbSeand PbTe). Inall cases the absorption spectra are characterized 
by a very sharp absorption edge at the limit of photoconductivity followed by a 
region of lowabsorption in which the absorption coefficient increases approximately 
as the square of the wavelength. Becker and Fan have proposed that thiss 
absorption is due to free carriers within the crystal and Gibson has applied thed| 
same interpretation to the PbS series. This theory predicts about the right) 
wavelength dependence for the absorption but is, unfortunately, considerably\| 
in error as regards absolute magnitudes. Thus the absorption coefficient for! 
unit density of carriers in germanium is about 1000 times greater than that i 
predicted theoretically. This suggests that the carriers are not, in fact, 
completely free. Only in the case of the PbS series is there sufficient}, 
experimental data on the temperature dependence of the absorption coefficient! 
for comparison with theory, but in this respect also the theory is inadequate. 


Uh 
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» According to Becker and Fan the theoretical absorption coefficient due to free 
carriers is 


, FPN (y/o) "2 
k= | | Manes (1a) 


in rationalized MKS units, where A is the wavelength, e the electronic charge, 
N the carrier density, 4) and ky the permeability and permittivity of free space, 


; n the refractive index, c the velocity of light, m the mass of a carrier and w its 


me rilicys: Hence RINM=0/RLO8xK10-R (15) 
for holes in germanium, where « is the absorption coefficient per unit carrier 
density. If A=2-5 microns, then from egn. (15) «<5 x 10-*4 m?. 

In view of the inadequate agreement between the simple theory and 
experiment in this field, particularly as regards the absolute magnitude of the 
absorption coefficient, it would seem desirable to check that the infra-red 
absorption is due to the current carriers by some method other than that 
employed hitherto. ‘The theory of the absorption coefficient, together with the 
theory of the transistor, would suggest that it should be possible to modify the 
infra-red absorption of n-type germanium by carrier injection. This has been 
attempted and the effect observed. ‘To observe injected absorption in germanium 
is not difficult. A specimen of n-type single crystal germanium is required 
having resistivity of not less than about 0-01 ohm metre and a minority carrier 
lifetime of not less than about 5 microseconds. 

A point contact diode made with such material is illuminated with a steady 
beam of light, focused to a spot near the contact, and the light transmitted through 
the germanium (i.e. wavelengths greater than the absorption edge in germanium, 
namely 1-8.) is detected by a PbS photoconductive cell. If now a suitable 
a.c. voltage from a beat-frequency oscillator is applied to the germanium diode 
an audio signal from the PbS cell can be displayed directly on a cathode-ray 
oscillograph with sufficiently high gain amplifiers. In practice a tuned amplifier 


at 800 c/s having a bandwidth of about 50 c/s has generally been used, when a 


signal to noise ratio of 1000: 1 can readily be achieved. 


§2. THEORETICAL ‘TREATMENT 


Following the simple observation of injected absorption, which in itself 
provides evidence that at least some of the absorption at long wavelengths in 


+ germanium is due to current carriers, progress can only be made with the aid of a 


relatively simple mathematical analysis of the arrangement being used. As the 
germanium crystals generally employed have been cut into rectangular blocks 
there are only two arrangements which are of importance, namely (i) the light 
and the injected current enter and leave the crystal in the same direction «x, or 


i (ii) the light.and the injected current enter and leave the crystal at right angles 


to one another (light in direction x, current in directions y or z). ‘These two 


4 cases will now be considered. 


(i) Light and Current in Same Direction x 
It is assumed that the current density across the surface of the crystal yz is 


uniform. The density of injected carriers falls off in the x direction as 
| exp (—t/7), where 7 is the carrier lifetime and t is the time taken for the injected 


current carriers to reach any distance x into the crystal. Let the injected current 
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be i and the specimen have dimensions x, (length) and A (cross section). Let 
R, be the resistivity and » the mobility. It is assumed that all the forward | 
current in the germanium diode is carried by minority carriers. Experiments | 
by Dr. C. A. Hogarth of this laboratory show that for germantum crystals which | 
have undergone similar treatment to those used, this assumption is substantial f | 
correct. 
Then if the reduction in R, by the injected current is not large, the field | 
produced by the current in the specimen is given by F=7R)/A and the time ¢ | 
taken for an injected carrier to reach a distance x into the crystal is therefore ! 
xA/piRy. Let ty be the value of t when x=x%9. The density of injected carriers | 
then falls off in the direction x as exp (—xA/piRgr). Hence, if the actual density | 
of carriers is known at, say, x =0 then the density is known at any point x. | 
Let the density of injected carriers at »=0 be P. To find P, let n be the total | 
number of injected carriers in the rod in equilibrium and q the electronic charge. | 
‘Then: : 
The number of holes entering the crystal per second =72/q. : 
The number of holes leaving the crystal per second =(z/q) exp (—f)/7) and the : 

rate of recombination of holes =n/r. 


Therefore in equilibrium 2 = 7 {1 —exp (—%)/7)}. 


In order to obtain a simpler final solution we shall write 


which is the same as the above expression for 7<t) and +>¢y and differs only / 
by a factor 1:26 when7=Z). But 


n= | ‘AP exp (— Ax/ptRor) dx 
0 


Itty 
q(t + to) 
which determines P. Therefore the density of injected carriers Nx in an element 
dx at a distance x into the crystal is given by 
¥ ty exp (— Ax/pzRyr) (2) 

WRo(7 + to)Ll—exp(—Axo/mtRor)J 

Ignoring for the moment the absorption due to free carriers present in thes 
rod in the absence of injected carriers then if Jo is the initial intensity and J; thed 


transmitted intensity, tes 
ah A (- | kdv) er (3) 
0 


where k=aNw and « is defined in eqn. (16). 
Equation (3) is the fundamental equation of this arrangement and as willl) 


be seen later it is at this point that the theories of case (i) and case (ii) diverge} 
We have from egn. (2) : 


so that 


= PutRo7|1 — exp (— Axo/piRo7)], 


Nx 


ve aTX 
kde = SS 
J 0 quR (7 + to) 


Thus the effective absorption coefficient k; due to the added carriers is given by! 


a a 
R= quR, (7) ee eer rE hs X (4) 
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Now let J be the transmitted intensity in the absence of injected carriers and 
J; be the transmitted intensity in the presence of injected carriers, the 
“background” carriers now being included. Then 


capabes (=3") and ie | oa (1+ sf )] 
Jo LGR Jo . ugk T+ to] |" 


We may now define two useful quantities which can be measured, namely, 
the signal per unit intensity S given by 


ai api) — ax — ax T 
S= > =ex ( ) {1-ex | ae (=) |} he 5 
Jo ‘ LGRo # HGR, \t +to/ J. (>) 
and the efficiency « given by 
daad ih el ape —axXy [ 7 
c= Sa/5 =1- exp Ee (=,)]. Salar s ues (6) 


The latter is a more readily measurable quantity, not requiring a knowledge of 
the absolute values of Jy, etc. It will be noticed that eqns. (5) and (6) may be 
simplified by writing 1/quR) =m, where m, is the density of carriers in the crystal 
without injection. 

In both the above formulae the only term involving current is ¢), which is 
given by ty) =x) A/p1Ry. 

Hence the signal and the efficiency do not increase indefinitely with current 
but only until fj<7. This is in fact observed. Physically this arises because the 
field created by the injected current also sweeps out the injected carriers. The 
condition t, <7 can be achieved experimentally if 7 is not less than about 50 psec: 
for material of lower lifetime severe heating is encountered before a sufficiently 
large current can be achieved. 

To complete the analysis of this case it can be assumed that the condition 
t,<z7 has been achieved, or 7/(r+¢%))=1. It can then be shown that the signal 
(eqn. (5)) has a maximum value when 


Orn GUL ame): eee re: Z) 


and the efficiency, which approaches 1 as ax /quR, increases, has a value of 
0-5 (50°%) when the signal is a maximum. Physically the signal maximum arises 
because increasing x, indefinitely leads to large absorption by the ‘ background’ 
carriers. Care should be taken, however, when using eqn. (7) as the condition 
ty<z implies large injection currents and hence a significant reduction in Ry. 
Thus the assumptions upon which egn. (7) is based are not valid under these 
conditions. In addition it is assumed that all the current is carried by holes, 
an assumption which is certainly not valid at sufficiently large injection currents. 
The current at which the electron contribution becomes important is a function 
of the surface barrier conditions and not readily calculable. 


(ii) Light and Current at Right Angles 
If the current enters the crystal in the direction x and the light in the 
| direction y then the density of injected carriers in the element x is as already 
! given. Ignoring, as before, the ‘background’ carriers, the added absorption due 
to the injected carriers is given by 


(PS (PLoS ay oe (8) 


oo Xo 0 Xo 
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which may be compared with eqn. (3). Unfortunately & in eqn. (8) involves 
exp x and the integral therefore cannot be expressed as a simple function. 
It can be seen however that when the condition tj) <7 is achieved the density of 
injected carriers is virtually uniform within the rod and both arrangements tend 
to become identical. When this condition cannot be achieved (as is sometimes 
the case) arrangement (b) is preferred for practical reasons and arrangement (a) 
when theoretical predictions are to be checked. 


$3. Tur VARIATION IN ErriclIENCY wiTH DriviNG CURRENT 


The modulation efficiency « as defined by eqn. (6) can be readily measured 
experimentally with the arrangement shown in fig. 1. If a PbS cell detector and 
glass optical system are employed the effective wavelength region is about 1:8 


to 3-0. These limits are set by the germanium and the PbS cell respectively. © 


According to the results of Becker and Fan, already referred to, the value of « is 
largely independent of wavelength in this wavelength region. The efhiciency 
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of the germanium infra-red modulator is obtained by measuring the magnitude 
of the signal from the cell with the modulator being driven and dividing by the 
magnitude of the signal obtained when the light is interrupted mechanically at 
the same frequency, the germanium modulator being switched off but left in 
position. ‘This measurement is independent of the light intensity and of cell 
and amplifier sensitivities. 

In arrangement (i), eqn. (6), two regions of current may be distinguished, 
namely currents such that ¢)>r and tyr. ‘The equation is not valid for t) <r. 
In the first low current region eqn. (6) reduces to «=efficiency =ia7/Ag. 
As A and 7z may be readily measured « can be determined as the slope of a straight 
line relating « and 7. Such a line, for a crystal of 0-07 ohm metre resistivity and 
50 sec lifetime, is shown in fig. 2. ‘The value of « for this material is apparently 
a=1:5x10-°°m*. In comparing this value with the theoretical value of « for 


holes in germanium it must be remembered that for every hole injected an extra. 


electron is also added. As electrons in germanium have about twice the mobility 


of holes, each added electron is, from eqn. (1a), only half as effective as a hole. | 


Percentage Efficiency 


rc) ° 
= hr 
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‘Therefore the value of « for holes alone, deduced from the above experimental 
result, is poles % (x observed)—1:0 x 10-79 m®. It will be noticed that the 
straight line obtained in fig. 2 does not necessarily confirm the theory already 
given as probably almost any theory would indicate a linear relation between 
« and z for sufficiently small drive currents. In fig. 3 however much larger drive 
currents (up to 100 ma) have been employed on the same specimen as before, 
and the full theoretical equation must be used. Equation (6) may be rearranged 


thus: ul ba a ae 
wR \r+to) Cies 


and 1/(++7%,) plotted against log 1/(1—«), as in fig. 3. The value of « so obtained 
is 1-8 x 10-°° m? or « = 1-2 x 10-°° m? for holes alone. This figure is in adequate 


agreement with that determined from fig. 2. 


03 
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The theoretical value of « for holes in germanium in the 2-3 region from 
eqns. (1a) and (14) is about 5 x 10°*4 m*, and hence the experimental value just 
quoted is about 2000 times larger than the theoretical value. For other samples 
the measured ~ has not been quite so large, but in all specimens there has been a 
factor of about 1000 between the simple theory and experiment. ‘This is in 
agreement with the results of Becker and Fan already referred to and seems to 
confirm beyond reasonable doubt that the long wavelength absorption in 
germanium is mainly due to current carriers. 


$4. FREQUENCY RESPONSE 
The frequency response of an infra-red modulator relying upon injected 
absorption will be largely determined by the lifetime of the minority carriers. 
The lifetime will determine the rate at which injected carriers are removed during 
the half cycle in which there is no injection current. If the driving current is 
not too large the system is a linear one (as indicated by fig. 2) and the modulation 
depth will be reduced to a half at a limiting frequency given by j = 1/277. 
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To determine the frequency response of a germanium modulator a sufficiently 
fast detector and wide band amplifier must be used. In view of the lack of a 
sensitive PbS cell with a time constant of less than about 20sec it has proved 
impossible to check the frequency response of really fast modulators. The 
frequency response of a relatively slow modulator is shown in fig. 4. It will be 
appreciated that high speed and the condition f) <7 are usually mutually exclusive. 
Nevertheless a bandwidth of 3 or 4kc/s can be obtained without appreciable 
loss in efficiency. 
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§5. WAVELENGTH RESPONSE 


From the theory due to Becker and Fan it has been seen that « should increase 
as the square of the wavelength. In practice these workers found that, for 
germanium, « was practically independent of wavelength up to about 5, but 
increased as A” thereafter. As the efficiency of a germanium infra-red modulator 
increases with increasing « it is to be expected that the efficiency will be largely 
independent of wavelength up to 5y and will rise rapidly thereafter. 

To determine experimentally the variation in efficiency with wavelength a 
monochromator fitted with two rocksalt prisms was used. The output intensity 
of the monochromator varied rapidly with wavelength but a subsidiary experiment 
showed that the efficiency was independent of light intensity over a range of 
greater than 100 times. The modulator was driven at 5c/s and the modulated 
light detected by a Schwarz thermopile followed by a tuned 5c/s amplifier of 
the type designed by Brown (1949) of this establishment. 

As the output intensity of the monochromator is rather low at the longest 
wavelength employed it is desirable for increased accuracy to use a modulator 
whose maximum signal (i.e. 50° efficiency) occurs at or about that wavelength. 
The efficiency of such a unit is shown in fig: 5. It will be seen that the qualitative 
predictions given above are largely substantiated. ‘The two curves refer to 
different drive currents. As 7,7, Ry, etc., are known the value of « may be deter- 
mined at each wavelength. Naturally both curves should give the same value 
of % at each wavelength. In fig. 6 the values of « so determined have been plotted 
against the square of the wavelength for wavelengths greater than 7u. The 
straight line obtained, which passes through the origin, substantiates the results 
of Becker and Fan. The slope of this line is, however, as follows : 


Experimental slope = 1-67 x 10-® or 1-1 x 10-° for holes alone. 
Theoretical slope = e3(j19/Ro)"!2/472ne2 m2 
=0-°8 x 10-2. 
As before, therefore, there is a discrepancy of about 1000 times, as would be 
expected from the previous measurements quoted. | 
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$6. THE DesIGN oF A PracTicaL MODULATOR 


It has already been shown that, to obtain an efficient modulator, we must have 
(a) ty<7 and (b) ax9/quR)0-7. To achieve the first condition + must not be 
less than about 50sec unless very severe heating from the large driving current 
can be tolerated. ‘The difficulty of achieving the second condition can be 
illustrated by means of an example. Suppose « = 1:5 x 10-?° m? and R, =5 ohmcm. 
Then the optimum value of x9 is given by x) =0-7quR,/«=6 cm, which is-an 
impracticable thickness. A reduction in the resistivity to, say, 1 ohm cm would 
bring the thickness to more practical values, but if the reduction in resistivity 
brought about a reduction in 7 also, more might be lost than gained. It will be 
appreciated that large thicknesses of germanium are not required at long 
wavelengths when « is considerably larger than the value quoted above. 
Efficiencies of 50% can be readily achieved at 12 y (fig. 5). 
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A small improvement in efficiency can be obtained by raising the temperature 
slightly above room temperature. ‘T’his results in a reduction in u and an increase 
in x, but an optimum is soon reached, probably due to a fall in emitter point 
efficiency, or lifetime, or both. 

When practical infra-red modulators are to be made arrangement (11), discussed 
before, is preferred. ‘This arises as follows. When large crystal thicknesses are 
used to increase efficiency, ¢, is increased, thus making condition (a) above more 
difficult to achieve. By employing side injection however the distance through 
which the light has to travel can be kept large and the current flow distance small. 
Practical modulators, therefore, are made from long rods of germanium. Light, 
entering the rod at one end, is kept in the rod by total internal reflection at the 
walls of the rod. Because of the high refractive index of germanium quite large 
angles of incidence can be tolerated. In addition, side injection allows 
‘blooming’ techniques to be employed to reduce reflection losses at the 
germanium crystal surfaces through which the light passes. 

_ When operating germanium modulators in an infra-red telephone system it 
has been found desirable to apply about 2 volts d.c. bias to the modulators in the 
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low resistance direction considered as a diode. If this is not done severe 
distortion can occur. An additional advantage of d.c. bias is to improve the 
frequency response of the modulator. This arises because the effective lifetime 
of the injected carriers is reduced to 
Tl T+fo 
oe or = 


where f, is determined by the mean bias current. 


§ 7. CONCLUSION 

From the experiments carried out and the adequate agreement with the theory 
of injected absorption which has been outlined it is concluded that the optical 
absorption in the wavelength region from 1:8 to 12:0 in n-type germanium 
at room temperature is almost entirely due to free current carriers. The large 
numerical discrepancy in the theoretical equation (1 a) found by Becker and Fan 
has been substantiated. The experiments stress the uniqueness of transistor 
materials. The writer knows of no other materials the optical absorption of 
which can be modified by the passage of an electric current. 

The use of light of wavelength greater than 1-8, to detect the occurrence of 
conductivity modulation during carrier injection is the optical analogy of the 
transistor collector. That light of wavelength less than 1-8 produces photo- 
conductivity and can replace an emitter contact has already been demonstrated 
(Lawrance and Gibson 1952). The analogy 1 is therefore complete and it is at 
least in principle possible to construct, using germanium, a ‘light triode’. ‘The 
use of light as a collector may be useful in some experiments, for example as a 
‘standard’ in the study of the intrinsic efficiency of transistor point-type collectors. 
In some materials, for example PbS, the efficiency of collector points is very low, 
but the collector may be replaced by a light beam (A>3 vy for this material) for 
some experiments of a fundamental nature. 

As regards practical application of germanium modulators, it must be admitted 
that mechanical systems (as used for example in the production of the sound 
track on films) can be made which at least equal germanium modulators at 
relatively low frequencies. Germanium modulators have the advantages of small 
size, no moving parts and low power consumption (about 50 mw), but it is doubtful 
if these advantages outweigh the disadvantages in many practical cases. The 
wavelength limitation (beyond 1-8, only) is serious. Silicon would be better 
in this respect (A>1-2,) and SiC better still (A+0-45u), but these materials 
require further study. 
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Abstract. The design and operation of an interferometer of the Fabry—Perot 
type at wavelengths around 8 mm is discussed. The reflectors have been made 
using multiple quarter wavelength sheets of dielectric, and extremely sharp 
fringes have been obtained giving selectivity or QO factors exceeding 60000. 

The effects of diffraction on the interferometer are discussed and wavelength 
measurements made at various positions. ‘The frequency of the millimetre wave 
source has been stabilized to a high degree and the wavelength measurements 
at wider reflector spacings shown to agree with a substandard cavity wavemeter 
within the accuracy attempted of a few parts in 10°. Errors in the measured 
wavelengths at other positions of the interferometer do not exceed a few parts 
in 104, the measured values being greater than the true value. 

Measurements of dielectric constants and dielectric loss have been made 
using the interferometer, and results are in agreement with values obtained by 
other methods. Since the interferometer is the free space analogue of the cavity 
wavemeter it is particularly suitable for measurements on materials of low loss 
tangent at millimetre wavelengths. 

Finally, the use of the interferometer for length measurements is mentioned, 
and also its possible use for the accurate determination of the velocity of 
electromagnetic waves. 


§ 1. INTRODUCTION 


N the microwave region, where the apertures of mirrors and lenses can 

readily be made somewhat greater than the wavelength, the use of microwave 

interferometers based on optical principles becomes feasible. The apertures 
which can be used in such microwave interferometers are, however, very much 
smaller in terms of the wavelength than those normally used in optical 
instruments, and a consideration of the diffraction which inevitably occurs is 
most important in their design and use. 

The principles of the Michelson interferometer have been adapted for use 
at these wavelengths, and some measurements of wavelength and dielectric 
constants using such an instrument have been made (Lengyel 1949, Culshaw 
1950). In general these show that the measured wavelength using the 
interferometer is too large, but approaches the correct value as the spacing of 
the instrument is increased. For path lengths of some metres this error amounts 
to a few parts in 10*. More recently Froome (1952) has used both waveguide 
and optical principles in a Michelson interferometer to determine the velocity 
of electromagnetic waves at 1:25 cm. With aperture to reflector spacings up to 
20 metres, together with a correction for diffraction effects, he has obtained excellent 
agreement with recent determinations by other methods, 
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It seems clear from these results that to obtain accurate wavelength 
measurements using microwave analogues of the Michelson interferometer 
requires relatively large spacings of the component parts of the instrument, and 
it is necessary to consider whether the application of other optical interferometers 
to these wavelengths can lead to a reduction in these space requirements, as well 
as to improved discrimination of the ‘fringes’. With these aims in view the design 
and use at wavelengths around 8 millimetres of a Fabry—Perot interferometer is 
discussed. The ‘fringes’ of this interferometer are made much sharper by the 
use of multiple interference between two highly reflecting surfaces, and thus in 
the microwave region it forms the free space analogue of the resonant cavity. 
One of the problems in this application is the design of reflectors having the 
required high reflectivity without serious absorption of the microwave radiation. 
For this reason, as well as the size required, the use of thin uniform metal films 
does not appear promising. 

One such interferometer in which the fringes are viewed by reflection is 
described by Sachs, Artman and Richter (1951). The reflectors consisted of 
metal balls embedded in polyfoam or silver squares on dielectric sheets. Such 
reflectors seem difficult to make, and the sensitivities obtained were not very 
high. Some measurements of wavelength were made with the interferometer 
but no estimate of their accuracy was given. In the present interferometer a 
solution to the reflector problem has been found by using multiple quarter wave 
sheets of dielectric spaced a quarter wavelength apart in air. Such a reflector 
enables very high refiectivities to be readily obtained, the limit being set by the 
dielectric loss of the material used. In this way, by using dielectrics such as 
fused quartz, reflectivities exceeding that of silver may be obtained without any 
serious absorption of the microwave radiation. The design of these reflectors 
will be discussed together with the effects of diffraction on the design and 
operation of the interferometer. 


§2. "THEORETICAL CONSIDERATIONS 


(1) Transmitted Intensity and Sharpness of Fringes 


The operation of this interferometer is due to multiple reflections between 
two surfaces or films. Consider incident plane waves, and let P and R be the 
transmission and refiection coefficients of intensity of the films; then the resultant 
intensity transmitted through both films is given by the Airy formula (Tolansky 
1948) 

P? 
= 1—2R eos see eee (1) 
osd+R 
where ¢=(27/A)2utcos@ is the phase difference between consecutive beams, 
tis the distance apart of the films, the refractive index of the medium between 


the plates, and @ the angle of incidence on the films. For maximum transmitted 
intensity cos¢=1 or 


ff 


2ut cos 0 =na 
where n is the order of interference, and 
Tae = Ee eres, Tee 


which becomes unity for zero loss in the films. 
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Defining the Q value measured on the interferometer as the wavelength 
divided by the distance between points of half maximum intensity either side 
of resonance gives, using eqns. (1) and (2), 


a hg MIT EN AS Beer: (4) 


where cos¢, ={2R— (l= ReRY2ZR ee (5) 
The values of Q for various values of R are: 

R 0:50 0:90 0:99 0-999 

QO a°2 30 432 2700 


__ It is thus clear that to obtain sharp fringes reflectors of high reflectivity and little 
absorption are required. 


(11) Development of Reflectors 


If the electric field in a plane wave travelling in the x direction is given by the 
real part of E=E, exp (iwt—y,), where y=a«+7 is the propagation constant, 
then if R,., ,, be the amplitude reflection coefficient at the boundary between 
infinite media x+1 and m, and A,, be the amplitude reflection coefficient at the 
boundary between infinite media m and n—1 (see fig. 1), it can be shown by the 
method of multiple reflections, or by impedance considerations (Stratton 1941), 
that 


Lae n ak exp ( a 2, A, )Ay (6) 


=o aire te Xe. .) 


“ te er Rese n€XP ( ted 21 7An)A n 


where a,, is the thickness of the mth layer. This is the fundamental formula for 
the transfer of reflection coefficients through dielectric layers. 


Medium (7z+1) Medium (7) Medium (7-1) 
eB 
a 
Incident Wave 
Anat Trlr An 
x direction 
Qn 


Fig. 1. Arrangement for calculation of reflection coefficients. 


Note. 1n+1,n Should read Ry4i,n- 


Applying eqn. (6) to determine the reflection from a quarter wave sheet of 
dielectric bounded on either side by free space, and changing the notation so 
that A, refers to one such sheet, 

Ay =Roy (1p) Roh) (7) 
where s=exp (—7 tan 6/2), tan 6 is the loss tangent of the dielectric, and Ro, 
the amplitude reflection coefficient at a free space—dielectric boundary. For 
tan 5=0, i.e. no dielectric loss, this reduces to 

Age (ede i aa (8) 


where « is the dielectric constant. Generally the amplitude reflection coefficient 
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of n quarter wave dielectric sheets spaced quarter wave in free space apart is. 
equal to that of a single quarter wave sheet having a dielectric constant of €”. 


However, in view of the high reflectivities involved, the effects of a finite 


dielectric loss must be considered. The main effect of this will be to attenuate 
the waves passing through the sheets. Applying eqn. (6) to transform the 
amplitude reflection coefficient of n such quarter wave sheets through a quarter 
wavelength in free space followed by an additional quarter wave sheet gives the 
general formula used to consider the effect of dielectric loss : 
A, +4,(Ror +¥)/1 + Ror) (9) 
Ts ea Agee aes Ya eo 
This tends to a limit as x becomes large given by 
—(1—a)+ {(1—a)? +4} 
7 2c 
where c= A, and a=(Ry,? +#)/(1 + Rois). 
A consideration of polystyrene for which « =2-56 and tan 6=0-001 approxi- 
mately at \= 1-25 cm leads to the following values of the reflection coefficient A, 
for numbers 7 of such quarter wave sheets, the limiting value being 0:9982 : 


Ana = 


A 


n 1 Z 5 4 5 6 7 8 
Yah, 0°4375 0-734  .0°8861. . 0:9528 —.0-9806 0-99T3.” 09961 0-097 


Thus eight quarter wave sheets of polystyrene each spaced a quarter wavelength 
apart in air will give an zntensity reflection coefficient R of 0-9954 and a 
corresponding Q value from eqns. (4) and (5) of 675. If this dielectric had zero 
loss then the reflection coefhcient of intensity from these sheets would be 0-9978 
and the QO value 1350, which shows the great effect of even small loss tangents 
on the ultimate sharpness attainable by this method. Nevertheless, these values 
of reflectivity and sharpness, even with polystyrene, are much higher than any 
previously attained by other methods, and still higher values are possible by the 
use of fused quartz having a dielectric constant of 3-83 and a loss tangent 
around 0-0001. 


$3. DIFFRACTION CONSIDERATIONS 


The most useful approach to the problem regarding the effects of diffraction 
on the interferometer is to make use of the fact that the field at all points in front 
of a plane aperture of any field distribution may be regarded as arising from the 
interference of plane waves in various directions. The amplitude and phase 
of these waves, expressed as a function of their direction of travel, constitute 
an angular spectrum of radiation which, appropriately expressed, is the Fourier 
transform of the aperture distribution (Booker and Clemmow 1950). 

If the aperture is of limited extent, as in aerial systems, then at distances from 
the aperture large compared with its width and to the wavelength the only plane 
wave effective is that in the direction of the distant point. As the distance from 


the aperture decreases other plane waves in the spectrum of the aperture — 


distribution become effective and must be considered in determining the resultant 
field at a given point. 


In the aperture illuminations envisaged for the interferometer the electric 
field is uniform in phase and amplitude in the vertical or E plane, whilst in the | 
horizontal plane the amplitude varies sinusoidally, the phase again being uniform. — 
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‘The effects of diffraction may thus be assessed by considering the number of plane 
waves which form the angular spectra of these aperture distributions, and what 
their effect is likely to be on the interferometer. 

The theory developed in § 2 shows that the reflectors will exert a selective 
action on these plane waves of the angular spectra, since the path difference 
between adjacent beams in the interferometer varies as cos 6. Thus for high 
reflectivities only a small amount of the angular spectrum, depending also on the 
order of interference, is effective between the reflectors, the remaining portion 
being out of phase. It follows from eqns. (2) and (4) that the angular width of 
the spectrum transmitted between points of half maximum intensity is given by 


Mt Rd 4/20 ie aie (11) 


‘Thus the higher the Q value and order of interference the greater this selection, 
the process being strictly analogous to what occurs in a resonant cavity which 
can propagate a number of modes. Due also to diffraction effects energy will 
be lost outside the reflector system, the amount lost increasing with reflector 
separation. ‘The responses should therefore be less sharp or the O value should 
decrease as the separation of the reflectors increases. 

One further effect of diffraction on the interferometer will be to limit the 
fraction of intensity transmitted at a maximum. Although the effective 
conductivity of the dielectric used limits the reflectivity attainable by the method 
described in § 2 (ii), the actual absorption of energy by the overall thickness of 
dielectric used in the reflectors is quite small, and since at a maximum 
transmission the reflectivity or high impedance of one reflector is, at least at the 
design frequency, exactly annulled by the second, then for a single plane wave 
along the axis the transmission coefficient of intensity should approach unity. 
However, as pointed out, the radiated energy is spread out into the angular 
spectrum of the aperture illumination and only plane waves around 6=0 will 
be transmitted, resulting in transmission coefficients much less than unity. At 
large distances between the apertures, and also between the apertures and the 
reflectors, only those plane waves around @=0 are effective at the receiving 
aperture before the reflectors are inserted, and thus the received energy at a 
maximum with the reflectors in position should approach that obtained when 
they are removed. 

The main conclusions of this section are that the positions of maximum 
response on the interferometer should approach that due to the fundamental 
6=0 plane wave, especially at the higher orders of interference, and hence 
accurate measurements of wavelength should be possible. ‘There may be 
irregularities, however, if the order of interference becomes small so that plane 
waves at other angles become effective between the reflectors. ‘The QO value 
should decrease with increasing reflector separation and the transmission 
coefficient of intensity will be much less than unity, 


$4. DESIGN AND OPERATION OF INTERFEROMETER 


(i) Description of Interferometer 


A schematic diagram of the interferometer is shown in fig. 2, the fringes 
being viewed by transmission. The radiating and receiving apertures are made 
by tapering up rectangular waveguide containing the H,) mode to form an 
electromagnetic horn. The amplitude configuration at the aperture is thus 
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essentially that of the H,) mode in the waveguide, ie. uniform in the vertical 
or E plane through the guide axis and sinusoidal in the horizontal plane. The 
required uniform phase across the aperture plane is obtained with a dielectric 
lens in the aperture, of the appropriate focal length. 

In this way apertures of dimensions 34 in. x 33 in. and 6 in. x6 in. were 
provided so that the width of the angular spectrum radiated could be varied to 
investigate its effect on the measurements. ‘The lenses for these apertures were 
made from polystyrene and were designed using geometrical optics, the focal 
lengths being 15 cm and 50 cm respectively. The surfaces of these lenses were 
‘bloomed’ or matched to free space so as to eliminate reflections from them, and 
the aperture perimeter was bevelled at 45° to reflect stray energy outside the 
system. However, in view of the high reflectivities of the main reflectors, and 
the method of measurement, it is felt that the effect of such aperture reflections 
would in any event be small. 
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Fig. 2. Schematic diagram of millimetre wave Fabry—Perot interferometer. 


A reflection klystron generating wavelengths around 8 millimetres was used 
as the source, and since accurate measurements of wavelength, in addition to 
the plotting out of sharp responses, were envisaged, the klystron was frequency 
stabilized to a high degree using a resonant cavity as a frequency discriminator 
after the manner described by Pound (1946). The received radiation was fed 
into a millimetre wave crystal detector and the rectified current observed. on a 
galvanometer. 

For these investigations the reflectors were made from quarter wave sheets 
of polystyrene made in disc form with a strengthening rim at the outside, which 
also provided the required quarter wave spacing of the sheets in air (fig. 2). 
The reflectors consisted of eight such sheets held together in a suitable frame with 
an effective diameter of 11 inches. The complete reflectors were mounted on a 
substantial V-slide 5 ft long, and levelling and slow motion adjustments were 
provided to bring the reflectors into the vertical plane at right angles to the axis 
of the slide. External supports for the horn radiators were also provided, and the 
smaller of these could also be mounted on the slide. One of the reflectors, R2, 
could be moved along the slide by means of a lead screw, and a reading of accuracy 
to 10-4 cm was provided by a dial and vernier. Locating holes at intervals of 
50 cm were provided for the rapid movement of this reflector. 


(11) Operation of Interferometer 


Since the interferometer operates, with an essentially parallel beam, apart 
from the difficulties of diffraction, the circular fringe system of the optical model 
is not obtained, instead the single fringe is observed by altering the distance 
between the reflectors. ‘The microwave radiation can be made _ highly 
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monochromatic by frequency stabilization, and the individual fringe shapes are 
readily measured. ‘The visibility of the fringes at large path differences is thus 
very good and fringes are readily observed over path lengths of some metres. 

To set up the interferometer the components are placed in line with the slide, 
and orientation and levelling of the reflectors carried out until a fringe is obtained 
with the reflectors spaced some 50cm apart. This adjustment, as can be 
expected with the high reflectivities involved, is rather critical, and is continued 
until the sharpest possible fringe is obtained. 

In wavelength measurements using the interferometer the initial reflector 
separation was adjusted for a maximum using the lead screw, and then reflector R2 
was moved quickly into the next locating hole 50 cm away, and adjusted on the 
nearest maximum by the lead screw. Both the movement of the lead screw and 
the distances apart of the locating holes were measured by length gauges to an 
accuracy of 1 in 10°. Three locating holes with accurately known spacings 
around 50 cm were thus provided and measurements could be made rapidly and 
accurately by this means after an initial determination of the number of fringes 
in the intervals. . 

Measurements of the apparent wavelength in air on the interferometer were 
thus made moving R2 in both directions and means taken. ‘These were repeated 
in each position with different initial reflector separations. Actual results were 
very consistent, due to the sharpness of the fringes and the frequency stabilization 
employed, setting accuracies to about | » being readily achieved at most spacings. 

The wavelength in air was also measured using an electroformed substandard 
Hp), cavity wavemeter checked by reference to a crystal controlled oscillator and 
its accuracy verified to an order of a few parts in 10°. This was considered 
adequate for these experiments, and thus a direct comparison of the two measured 
wavelengths could be made. 

A measure of the dielectric constant and loss tangent of materials is obtained 
by inserting sheets between the reflectors and noting the shift of a given fringe 
and the decrease in sharpness. Some allowance, however, must be made for 
the fact that the shift of the fringe and also its sharpness will depend on the 
position of the sheet between the reflectors. This will be dealt with later in 
connection with the results obtained. 


§5. RESULTS 
(1) Wavelength Measurements 


In order to investigate the effects of diffraction on the interferometer, 
measurements of the apparent wavelength were made with the radiating and 
receiving horns at the following distances, a and b respectively (fig. 2), from the 
first reflector R1. 


Position 1 2 3 4 5 
a (cm) 60 A'S: 33 45 9-5 
b (cm) 300 230 170 170 150 


Figure 3 shows the sharpness of the fringes obtained in relation to the 
wavelength. These were measured using the 6 in. x 6 in. apertures at a reflector 
separation of 12 cm. 

Measurements of the wavelength in air at positions 1 and 2 using these 
apertures for various initial reflector separations are as follows, the measurements 


604 W. Culshaw 


below an initial separation of 74cm being made at position 2. During these 
measurements the wavelength in air determined using the cavity wavemeter was 
8-3299 mm. As was anticipated in § 3, there is thus close agreement at the larger 
initial reflector separations, or higher orders of interference, and it is seen that 
errors of a few parts in 104 can occur at smaller initial reflector separations, at 
least for the spacings of the radiating and receiving apertures employed here. 


Initial reflector separation (cm) 8 16 31 66 74 124 
Measured wavelength (mm) 
using 120 fringes 8-3334 8:3326  8-3324  8:3314 8:3306  8:3299 
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Fig. 3. Showing sharpness of fringes obtained on the interferometer in relation to 
the wavelength. 


The actual responses obtained at reflector separations of 74cm, 124 cm, 
and 174 cm are shown in fig. 4. It is seen that the responses obtained are quite 
sharp even at reflector separations around 2 metres, and that extremely high 
values of the selectivity factor in terms of a wavelength change, viz. A/d\ or On/2 
from eqn. (2), are obtained. The accurate measurement of wavelength with the 
interferometer at these relatively small distances of the radiating and receiving 
horns is thus due to the high O values and order of interference which have been 
obtained at wide reflector separations. 
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Fig. 4. Responses used at position 1 for wavelength measurements. 
Initial reflector separation 74 cm for curve 1. 


Figure 5 shows responses every 10 fringes with the interferometer in position 3 
and an initial reflector separation of 3 cm. The occurrence of the small secondary 
maxima and the increasing Q value at this spacing is to be noted. Referring to 
eqn. (2) for the path difference in the interferometer, the fact that these secondary 
maxima occur on the side of the response which corresponds to increasing 
reflector separation, and also that the distance between them and the main 
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maxima increases with order, shows that these effects are presumably due to the 
increased effect of other plane waves of the angular spectrum at these small 
reflector spacings. ‘The fall off in intensity of the fringes is shown in fig. 6. The 
intensity at first increases with reflector separation, in agreement with the 
observed increase in the Q value. 

The effect of using radiating and receiving apertures of dimensions 
3} in. x 3} in. was next investigated at position 4. From the responses Q values 
of 595, 362 and 177 respectively were deduced. These are slightly less than 
the previous values obtained using the 6in.x6in. apertures at the similar 
position 3. The measured wavelengths were 8-3329 mm and 8-3319 mm for 
initial reflector separations of 18cm and 68cm respectively using as before 
120 fringes in the measurements. 


Intensity 


Scale Reading (cm) 


Fig. 5. Showing secondary maxima obtained with close reflector spacings. 
Position 3, 6 in. x 6 in. apertures. 


These results are comparable with those obtained using the larger 6 in. x 6 in. 
apertures. ‘The transfer of energy through the interferometer was, however, 
reduced when using these small apertures, since they have a wider angular 
spectrum; due to this reduction it was not possible with the present technique to 
measure the wavelength at larger spacings. ‘The fall off in intensity of the fringes 
with reflector separation for the smaller apertures is shown in fig. 6 and shows a 
steeper descent than the similar curve for the larger apertures. 

Finally measurements of wavelength were made using these smaller horns 
at position 5, with and without the phase correcting lenses at the horn apertures. 
These measurements were made using displacements of 120 fringes and initial 
reflector separations of 18 and 68 cm. 

The results obtained were practically identical for the reflector spacings 
employed here. However, the energy transfer through the interferometer was 
reduced by some 60 db when the lenses were removed from the horn apertures, 


due no doubt to the much wider angular spectrum of the resulting aperture 


illumination. Its effect was clearly shown by an increase in both the amplitude 
and number of secondary maxima. ‘The secondary maxima disappeared at a 
reflector separation of 43 cm. 


(ii) Measurement of Dielectric Properties 
The method of measurement of dielectric properties by means of the 
interferometer is analogous to the cavity resonator method normally used at 
centimetre wavelengths (Penrose 1946), and similar formulae apply, some 
simplification arising due to operating in free space. ‘lo measure the dielectric 
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constant a sheet of the material is inserted between the reflectors and the shift 
of a given fringe noted. However, due to the differing impedances, effective 
path length changes occur at the boundaries of the sheet, the amount depending ~ 
on the position of the sheet between the reflectors. The total shift of a fringe is 
thus periodic, and measurements must be made varying the position of the sheet 
by small intervals over a range of A/2 and the mean fringe shift found. At the | 
position of the mean shift the effective path length changes at the boundaries 
cancel out, and the true path length due to the thickness of the sheet is obtained. 
The measurements were made in position 4 using the large apertures and 
18in.x12in. sheets of polystyrene and Perspex of thickness 0-865 in. and 
0-825 in. respectively. The reflectors were spaced some 65 cm apart for the 
measurements, and the mean shift of a fringe due to the insertion of the polystyrene 
sheet was measured at three positions between the reflectors: near R1, near R2, 
and midway between them. ‘These results agreed within 0-5°%, the mean shift _ 
being 1:314cm. The dielectric constant « is then given by | 


constants of polystyrene and Perspex were 2:55 and 2-64 respectively, which — 
are in good agreement with values determined by Penrose at 1:25 cm. 
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Fig. 6. Fall off in intensity of fringes with reflector Fig. 7. Mean responses with and without diele 
separation. Curve 1, 6 in. x6 in. apertures; sheets between reflectors. Curve 1, witl 


curve 2, 33 in. x34 in. apertures. dielectric; curve 2, polystyrene sheet; of 
3, Perspex sheet. 

Similarly loss tangents are measured by regarding the interferometer as a | 
free space resonator, and using formulae similar to those employed in the cavity 
resonator method. In such a resonator 1/Q0,=Btan5 when resistive losses |) 
are neglected. Here Q, is the Q factor in terms of a wavelength change, given 
by Q,=Qn/2 for the interferometer (cf. eqn. (2)), and B is that fraction of the} 
total stored energy present in the dielectric. This fraction depends both on the} 
relative volume of dielectric present and the ratio A of field amplitudes in the |) 
two media, and as the position of the sheet between the reflectors varies the }} 
Q factor will change due to changes in the value of A. Assuming that one |) 
boundary of the sheet is at a node of the standing wave pattern, A is given by }} 


A=[1+(é— 1) 60s? Qadiqi- va aaa ee (13) |} 
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where A, is the wavelength in the dielectric. Since the energy stored in the 
dielectric is proportional to A®, the measured value of Q should vary periodically 
with position of the sheet by a factor of « between maximum and minimum values. 

Measurements were made using the polystyrene and Perspexsheets. An initial 
determination of Q without the sheets inserted gave a value Qy of 416, which 
is used to consider what might be termed the effective resistive loss in the 
interferometer. ‘The order of interference 7 used was 158. The sheets were 
then inserted and the range of variation of O measured. Figure 7 shows plots 
of the mean responses obtained with and without the sheets in position. The 
variations in the O values were 124 to 273 for the polystyrene sheet and 11 to 35 
for the Perspex sheet; in addition the transmission of energy through the 
interferometer was reduced by some 26 db on inserting the Perspex sheet. ‘Taking 
the lowest Q values as corresponding to the position at which A=1, the loss 
tangents were calculated using the formula 


1 1 __ Energy stored in dielectric x tand 
0 ee Total stored energy 


and values of 0-0006 and 0-009 obtained for the loss tangents of polystyrene and 
Perspex respectively. These are somewhat low compared with the values 
0-0008 and 0-012 obtained at 1-25 cm, but are certainly of the right order, the 
difference in loss tangents of these materials being readily observable on the 
interferometer. 


$6. CONCLUSIONS 


The design of reflectors using the multiple quarter wavelength technique has 
led to very high reflectivities in the interferometer, in agreement with theoretical 
predictions, and as a result extremely sharp fringes have been obtained with 
polystyrene which, though suitable for this initial work, is not the best material 
for the purpose. Expressed in terms of a wavelength change X/dA, selectivity 
or QO, factors exceeding 60000 have been obtained, which are comparable with 
those of the best cavity resonators at these wavelengths. It seems clear that 
by the use of a material with lower dielectric loss and higher dielectric constant, 
such as fused quartz, still higher reflectivities and sharper fringes can be obtained 
by this method. ‘This would seem desirable for measurements at wider spacings 
of the interferometer than those which have been employed here. 

Due to the reduction of diffraction effects, the wavelength measured on the 
interferometer at the wider reflector spacings agrees with that obtained using the 
substandard cavity wavemeter, within the accuracy attempted, to a few parts 
in 10°. At close spacings of the interferometer errors of a few parts in 10? may 
arise due to the more pronounced effects of diffraction. ‘These would not be 
serious for normal routine measurements involving the wavelength. In general, 
no discrepancy between measurements made using the larger and smaller apertures 
has been observed, but the larger apertures give both greater energy transfer and 
sharper fringes, and hence are desirable. 

The measurements of dielectric constants are certainly within 1°% of values 
obtained at these wavelengths by other methods, whilst the values of loss tangents 
obtained are in reasonable agreement with known values, and the method should 
be useful for measurements on materials of low loss tangent at millimetre 
wavelengths where conventional methods become difficult. 
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Since sharp fringes have been observed with the interferometer at distances 
of 2 metres between the reflectors, even with the polystyrene reflectors, it is felt 
that the interferometer possesses great potentialities for the accurate measurement 
of relatively large lengths—of some metres. It would also appear that with more 
robust and accurate reflectors of fused quartz this interferometer gives the best 
method for the accurate determination of the velocity of electromagnetic waves. 
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occur when a ferromagnetic metal or alloy is taken step by step through 

an ordinary hysteresis cycle, but until recently samples of ferrimagnetic 
materials have not been available in the form required for such measurements. 
However, the G.E.C. Research Laboratories, Schenectady, very kindly gave 
us a rod of a mixed Ni~Zn ferrite, Ferroxcube IV (15% NiO, 35% ZnO, 50% 
Fe,O0;), some 27 cm long and 0-6 cm in diameter, with which we have made 
satisfactory thermal measurements. The apparatus employed was_ that 
frequently used for investigating the behaviour of ferromagnetic materials 
(cf. Bates 1951, Bates and Marshall 1953), but in the present instance the 
apparatus was calibrated by heating the specimen by the passage of a small 
alternating current through it for a short time, as the more direct calibration 
by loading was not practicable. 


} { “= measurements have been made on the thermal changes which 


Effective Field (oersted) 


400 300 200 100 0 100 200 300 400 
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Thermomagnetic measurements with Ni—Zn Ferrite. 


Curve a, maximum field 410 oersteds. 
Curve b, maximum field 50 oersteds. 


(Note: all values for curve 6 have been multiplied by 5.) 


The results reproduced in the figure show that although the overall heating 
for a half cycle is very small, substantial energy changes take place in all parts 
of the cycle. The fact that these large effects are a linear function of the 
effective magnetizing field clearly indicates that the changes are directly asso- 
ciated with changes in spontaneous magnetization. It is seen that even when 
observations are made in a cycle with a maximum field of only 50 oersteds, the 
results show no appreciable departure from the linear form, the slope of the 
graph being the same as in the case of larger cycles. 
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An approximate calculation based on the thermodynamic relation 
(8Q/0H)s= — T(A1o/0T) 
gives values in agreement with the measured thermal changes, if we assume 
that the Curie point is 104°c, that the value of the intrinsic magnetization at 
room temperature is 212 c.g.s. units and that it decays linearly to the Curie 
point (cf. Wijn 1953). 

It is therefore concluded that although large thermal changes occur in this 
material, they are adequately explained in terms of the magneto-caloric effect 
of Weiss and Forrer and that, notwithstanding views expressed elsewhere 
(Wijn 1953), domain boundary phenomena do not appear to make a significant 
contribution to the energy changes, for the latter phenomena would give heating 
effects of sign opposite to those observed, and ought to show clearly on the 
graph. 
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LETTERS TO THE EDITOR 


The Dielectric Constant of a Liquid containing Spherical Particles 


In order to interpret microwave dielectric data on concentrated aqueous 
solutions of electrolytes, polar molecules (Haggis et al. 1952) and proteins 
(Buchanan et al. 1952), as well as such substances as blood (Cook 1952), it is 
necessary to know the dielectric constant of a random mixture of particles in 
a dielectric medium. Such a dielectric theory of mixtures has been worked out 
mathematically by Polder and van Santen (1946), by Lewin (1947) and also by 
Fricke (1924) for the equivalent case of electrical conductivity. Although 
Fricke verified his theory by measurements of the conductivity of blood and 
red cell suspensions, there has been no experimental examination of the dielectric 
case, except on a molecular scale. We have therefore measured the dielectric 
constant of 5% and 10% solutions of lustrex polystyrene latex (for the loan 
of which we are indebted to Messrs. Monsanto Chemicals Ltd.); this is a 
suspension of spherical particles of polystyrene of known dielectric constant 
in dilute soap solution, whose dielectric constant we have also measured. This 
case corresponds with the type of solution for which the dielectric theory of 
mixtures is employed, but of course only for spherical particles. 

For a small fraction x of a medium of low dielectric constant €, 4. in a 
medium of high dielectric constant €,,jyen, the dielectric constant of the solution 
e« is given by all authors by the equation : 


Esolvent — € = ta (« = Esolute)- 


To obtain this formula from Fricke’s theory it is necessary to replace symbols 
for conductivity by those for dielectric constant, and also to neglect 
Ezointe/ solvent 1 Comparison with unity. 

B is a parameter which Fricke has calculated for particles of spherical shape, 
in terms of their axial ratio. For spheres B=1-5, for long needles 8=1-6 and 
for flat discs 8 rises sharply to a very high value. 

Lustrex latex consists of a suspension of spherical particles of polystyrene, 
between 0-2 and 0:4 micron in diameter, in soap solution. The dielectric 
constant of the polystyrene is small compared with that of water, lying between 
2:45 and 2-65 from 60 to 10° c/s, and it is unlikely to rise very much in the 
microwave region. We found the dielectric constant of the soap solution in 
a separate experiment, having first checked that the solution was of the same 
concentration as that in the latex, both by conductivity measurements using 
an a.c. bridge technique and by dialysis against the latex for two weeks. The 
particles in the latex were examined under a microscope and found to be 
spherical to within 5°, beyond which accuracy we could not measure. ‘The 
use of more concentrated soluti ns was not practicable because of the 
aggregation of the polystyrene particles, which might affect the dielectric theory. 
The concentration of particles was found both by density measurements and 
by information provided by the manufacturer. 

The dielectric measurements were made at microwave frequencies (A= 1-26, 
3-29, 9-2 cm), where the contribution from the soap molecules is small, both 
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because of the reduced conductivity loss and the lower relaxation frequency. 
But at these frequencies the water molecule itself relaxes (Collie et al. 1948), 
so that it is necessary to calculate the low frequency dielectric constant of the 
solutions from the Debye equations. The techniques employed, which have | 
been described elsewhere, consist of absorption measurements in cylindrical | 
waveguides near the cut-off region (Collie et al. 1948), at A=9-22 cm, and a 
phase-balancing method in rectangular wavegui es (Buchanan 1952), at A= 1-28 
and3:2cm. The values of dielectric constant and loss so obtained were corrected 
for conductivity, which had been measured separately, and fitted to the Debye 
equations within +2%. The ‘low frequency’ dielectric constant of the soap 
solution was found to be 74:2+0°5 (€water=78°2), and that of the latex fell 
linearly with concentration to a value of 64-7+0-5 at 10% polystyrene. This 
linear dependence on concentration is in accordance with the above theory, 
and it is possible from our values of égoivent. % € ANd excite to calculate the 
parameter f. 

This parameter 8 was found to be 1:50+0-03, which is in satisfactory 
agreement with theory. For an experimental study of particles of different 
shapes it would be necessary to make up a suspension of plastic spheroids in 
water on a macroscopic scale. There is, however, nothing in these experiments 
which invalidates the interpretation of a microwave dielectric measurement 
on aqueous solutions in terms of the mixture theories mentioned above. 


Department of Physics, S. H. M. Et-Sapen. 
University College, J. B. Hasrep. 
London. 


28th April 1953. 
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The Electrical Conductivity and Thermoelectric Power 
of Magnesium Oxide 


Measurements of the electrical conductivity have been made on sintered 
specimens of magnesium oxide over the temperature range 600°c to 1500°c, 
The results are illustrated in the figure. The specimens were sintered at |) 
1500°c for 14 hours, and had a density greater than 70%, of the crystal density | 
calculated from x-ray measurements. ‘To reduce the contact resistances between | 
electrodes and specimen platinum was evaporated on to the specimens. The] 
results for specimens | and 2 were obtained by measuring the resistance between | 
the electrodes directly, and the conductivity of specimen 3 was determined by } 
a potential probe method. The thermoelectric power was measured by forming} 
a pellet of MgO between two Pt: Pt-Rh thermocouples, A temperature 
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gradient was produced by a short length of platinum wire fused on to one of the 
thermocouples. It was found that the thermoelectric power was positive and 
had a value of 1-1+0-1 mv/°c over the temperature range 950°c to 1400°c. 

Lempicki (1953), using single crystals of MgO, found that the conductivity 
was considerably reduced when the specimens were heated in vacuo. ‘The 
values of QO in the expression o=o,) exp(—Q/RT) were between 0-15 and 
0-25 ev before and in the range 2-2—2-3 ev after heat treatment. The agreement 
between the latter value of O and that obtained by the author suggests that the 
nature of the conductivity in Lempicki’s specimens after heat treatment was 
the same as that of the specimens used by the author. Thus the possibility 
that intrinsic or ionic conduction occurs in MgO is unlikely since Lempicki 
obtained values of the conductivity 100 times smaller than those obtained by 
the author. This difference can be readily explained if it is assumed that there 
is a stoichiometric excess of oxygen, and that the heat treatment im vacuo of the 
specimens used by Lempicki resulted in a decrease in the excess of oxygen. 
Confirmation that MgO is a defect semiconductor is obtained from the positive 
sign of the thermoelectric power. 


Specimen | & 
ye 
” 5) 


= 0 exp (-Q/KT) 
=2eV 


-10 


SG 0X 


10°39/7 (Tin°k) 


For an impurity semiconductor two possible expressions have to be 
considered for the concentration of the charge carriers n (Nijboer 1939), 


n=n,1/?24-9 x 10°T?/4 exp (—AE/2RT), 1s INGULIETE IES (1) 
n=(n,/N)2-4 x 10° T?/2 exp (—AE/RT), ON er Tatas a er ane (2) 


where N+, is the concentration of impurity centres, and m, is the concentration 
of electrons associated with them. AE is the activation energy of the impurity 
centres. The low value of the conductivity requires a very small concentration 
of charge carriers, thus at 600°c, o=3 x 10-1! ohm~! cm 1, and if the mobility 
v>1 cm? v-!sec—1, then n<2x108cm-°. However, the large value of AEF 
obtained using eqn. (1) indicates that only a very small fraction of the impurity 
centres are ionized (T=600°c, n=2 x 108 cm~-%, eqn. (1) gives for AE =4 ev, 
m, =10 cm-*). It would be improbable that the concentration of Schottky 
defects N could be less than m with such relatively large value of 
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It can be concluded therefore that magnesium oxide is a defect semiconductor, 
and that the variation of the concentration of holes should be given by 
equation (2). 

Bedford College, London. R. MANSFIELD. 

4th May 1953. 


Lempicki, A., 1953, Proc. Phys. Soc. B, 66, 281. 
Niyporr, B. R. A., 1939, Proc. Phys. Soc., 51, 575. 


The Variation of Transverse Viscosity with Shear Rate 


A dependence of viscosity on shear rate has been detected for lubricating 
oils (Neale 1943, Ward, Neale and Bilton 1951), but the question of how the 
viscosity fora relatively small flow transverse to the main flow will be affected 
in such a case does not seem to have been examined. ‘The present note gives 
preliminary results of work in which both viscous coefficients were measured 
simultaneously. 

The viscometer used was a combination of the falling and rotating concentric 
cylinder types. A piston moved under gravity down a vertical rotating cylinder 
filled with oil, being restrained from rotating by a torsion arm to which strings 
tensioned by weights were attached. ‘The strings were long enough for the 
change in inclination as the piston fell to be negligible. ‘The vertical movement 
of the piston was measured with a dial gauge. 

With a rate of rotation of 1 rev/sec values of 0-94, 0-99, 1-00, 1-00, 1-04, 1-08 
for the ratio of the viscosity calculated from the torque to that calculated from 
the rate of fall were found, using a light machine oil. ‘The spread is entirely 
explicable by the crudity of the experimental arrangements. When the rate 
was increased to 25 rev/sec, the mean horizontal flow then being about 800 times 
the mean vertical flow, and the horizontal shear rate 4:4 104 sec-!, both 
viscosities were of course reduced owing to the increased development of heat. 
If there were no shear effect, or if it were the same for the two viscosities, the 
ratio would remain unity: in fact however, values of 0-50, 0:59, 0:59, 0-62, 0-64 
were found. (The spread in this case was probably due partly to centrifugal 
force in the oil space beneath the piston, which would lead to an overestimate 
of about 10° in the viscosity calculated from the rate of fall in the case of the 
lightest piston loading.) 

The published data suggest that the reduction, due to shearing, in viscosity 
of the horizontal flow would be not more than 25°, and if so the effect of shearing 
on the other viscosity must be to increase it by about 25°%,; this seems surprising 
and it is planned to make more precise experiments on these lines to confirm it. 

Alternative explanations of the effect are (i) differential expansion of piston 
and cylinder, (i1) turbulent flow, (iii) effect of temperature variation through the 
oil film on the two flows which are of different types—linear velocity profile and 
parabolic velocity profile. It is hoped to publish these considerations in more 
detail later, but it may be said here that none of these explanations seems tenable. 


Research and Development Branch, J. W. BREMNER. | 


Windscale Works, 
Sellafield, Cumberland. 
Ist May 1953. 
NeaLeE, 5. M., 1943, Phil. Mag., 34, 577. 


Warp, A. F. H., NEALE, S. M.,and Bitton, N. F.,1951, Brit. ¥. Appl. Phys., Suppl. No. 1,12. | 


REVIEWS OF BOOKS 


Storage Tubes and Their Basic Principles, by M. KNoti and B. Kazan. 
Pp. xiii+ 143. (New York: John Wiley; London: Chapman and Hall, 
£952. ). 245. 


This book deals with the growing subject of electronic devices in which 
information is stored as a pattern of charge on a surface. 

The book is divided, broadly speaking, into two parts. The first (43 pages) 
deals with the principles of operation of the charge controlled storage tubes, 
i.e. with the equilibrium potential distributions acquired by the insulating 
surfaces under various conditions of electron bombardment and secondary 
emission. Further the methods of writing (establishing the charge distribution) 
and reading (obtaining output signals from the distribution) are discussed. 
All special technical terms are carefully defined. In the second part (86 pages) 
the various kinds of storage tubes used in television, computers etc. are reviewed 
one by one, and the principles and performance of each are briefly described. 
In all some twenty-five types are described. Finally, a rich classified bibliography 
is provided containing about a hundred entries. 

The book is profusely illustrated with diagrams and is printed in reduced 
typescript. While the principles of operation are carefully described, little is 
said of the physical construction of the tubes and no circuits are given. The 
volume suffers to a certain extent from references to later parts of the text, 
e.g. in the explanation of the very important target potential-shifting diagram 
(p. 6). Although this causes no ambiguity, it is to be regretted that the energies 
of electrons are expressed in volts, instead of electron volts. 

A number of contradictions are to be found between the diagram captions 
and the text, e.g. in figures 4,13,17, 18 and 27. In most cases these can be traced 
to errors in the captions. 

On the whoie this book is a good concise introduction to the subject. This 
is especially true of the first part which deals with general principles. The second 
part will of necessity lose value as new types of storage tubes appear. 

A, FOLKIERSKI. 


Etude générale de l’écoulement d’un gaz a travers une tuyére quelconque et du 
passage par la vitesse du son (en régime permanent ou quelconque avec apport 
de chaleur et réaction chimique éventuels), by Max Serruys. Pp. iii+ 62. 
(Paris: Publications Scientifiques et Techniques du Ministére de I’ Air 
(Oe 2/2 sel 952.) err SOE: 


An Annotated Bibliography of Selected References on the Solid-State Reactions of 
the Uranium Oxides, by S. M. Lanc. National Bureau of Standards 
Circular 535. Pp. iv+95. (Washington, D-€g- U.S.” Department of 
Commerce, 1953.) 30 cents. 


Température et équilibre thermique dans une flamme de diffusion, by PIERRE BaRRET. 
Pp. iti+114. (Paris: Publications Scientifiques et ‘Techniques du 
Ministére de l’Air (No. 273), 1952.) 1,200 fr. 
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The Mechanism of Stress Birefringence in Amorphous Solids 


By J. E. H. BRAYBON 
The University, Southampton 


Communicated by S. Weintroub; MS. received 30th March 1953 


Abstract. ‘The theoretical treatments of Mueller and Treloar are combined. 
Mueller’s assumption of molecular optical anisotropy due to strain is replaced 
by Treloar’s consideration of alignment, by elastic deformation of the medium, 
of permanently anisotropic molecular units. An expression is derived for the 
ratio B,/B, of the absolute stress optical coefficients in terms of B=B,—B,, 
Young’s modulus £, Poisson’s ratio o and the refractive index n of the unstressed 
material. Specimens of CR39 and Marco Resin were tested experimentally 
and the results of the measurements made of B,/B,, B and n at various wave- 
lengths within the range 4000-7000 A, and of FE ando are given. ‘The theoretical 
and experimental values of B,/B, are compared. 


$1. THEORETICAL INTRODUCTION 


HE photoelastic properties of an amorphous solid may be described in 
terms of the two stress optical coefficients, B, and B,, defined by 


B, = (1, = n)/|p. e én,/pz and B, zn (n, - n)/ pz =e dn./P., ereneuskele (1) 
where x is the refractive index of the unstressed solid, 7, and 7, are the refractive 
indices of the stressed solid for light oscillating with its electric vector in the x 
(perpendicular to z) and z directions respectively, and p, is the applied pressure 
in the z direction. It is usual, in most investigations, to determine only the 
differential stress optical coefficient 


B=B,—By=(%,—1,)/pp=Onipe 9" aust (2) 
Mueller (1935), in his theoretical treatment of amorphous solids, assumed that 
p was given by Seed (a2) a4 P eae ele Pad (3) 


where P is the electric polarization, and that the following two effects were produced 
by the elastic deformation: first, that the Lorentz—Lorenz interaction between 
the dipoles altered in the manner suggested by Havelock (1908) and second, that 
optical anisotropy, introduced by Mueller in order to explain the observed 
birefringence of certain glasses, occurred. When p, is positive, B as defined 
above is positive as a result of the first effect and negative as a result of the second. 
The birefringence produced solely by the alignment of a molecular system, 
the individual units of which are permanently anisotropic, was treated theoretically 
by Treloar (1947) and Crawford and Kolsky (1951). 'Treloar, who was concerned 
with the long chain molecular structure of rubber (see also Kuhn and Griin 1942), 
considered a network of N molecular chains per cm’, each chain consisting of a 
number of universally jointed links which were optically anisotropic and 
characterized by polarizabilities x, and % corresponding to directions along and 
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perpendicular to the links. Crawford and Kolsky discussed the birefringence 
produced by the spatial orientation under strain of a system of uniaxial rod- 
shaped crystallites embedded in an elastic medium. However, unless the aniso- 
tropy of the Lorentz—Lorenz interaction forces is also taken into account, the 
treatments lead to values of 57, and 5,, and hence B, and By, which must differ 
in sign and this is not always in accord with experimental observation. 

It is possible, however, as is shown in the Appendix, to combine Mueller’s 
and the more recent approaches to the problem. Mueller’s assumption of 
molecular optical anisotropy due to strain is replaced by the assumption 
of alignment, by elastic deformation of the medium, of permanently anisotropic 
molecular units. Since for small strains there is little difference between the 
birefringence-strain curves obtained by either the Treloar or Crawford and 
Kolsky treatments, only the former treatment has been considered. The 
following relations for B,/B, and B are derived, viz. 


B,/By = én ,/on, 


=[M(1 —20)+(K—L)(1+0)|/[M( — 20) -2(K—L)\i+e)] ...- (4) 
Pak DAS) (5) 
where 3K =4nN(? 42)(0,—a)/450, ae (6) 
Leen =a (7) 
M2G2— DGe+2\6n, 2-9 2 (8) 


and o and Fare Poisson’s ratio and Young’s modulus respectively. ‘The factor K 
arises from consideration of the alignment of the molecular network, L from 
the distortion of the Lorentz—Lorenz forces and M from the change in density. 

It should be noted that for rubber-like materials at small strains c+0-5 and 
the terms in M will disappear. B is independent of M but, because of the 
presence of L, the observed birefringence will tend to be less than that obtained 
by calculation solely on the molecular alignment theory. In fact, Treloar’s 
value for the theoretical maximum attainable birefringence for rubber was 
approximately three times too large. 

In order to test the validity of relations (4) and (5), B, n, Eand o were measured 
for two commonly used photoelastic substances, the unsaturated polyester | 
resins CR39 and Marco Resin. The values of B,/B, were then calculated by 
elimination of the unknown factor K — L from (4) and (5) and compared with the 
observed values of this factor. ‘The data are summarized in the table. Measure- 
ments were also made of the variation of B with wavelength A because if the 


dispersion of B with A is known the variation of K and thus N(«,—«) with A 
may then be determined. 


§ 2. EXPERIMENTAL WorK 


For CR39, B was measured over the wavelength range 0:45-1:81 by the 
modified form (Filon and Harris 1931) of Filon’s method and for the infra-red 
region a recording spectrometer (Fochs, unpublished) was used. The refractive 
index m was measured at four wavelengths (the intense lines, 4358, 4915, 5460, 
5790.A of a mercury vapour lamp) in the visible region by means of a CR39 ff 
prism, and the dispersion curve for the range 0-45—0-9 z was found by the author’s_ } 
method (Braybon 1950) with the use of a Michelson interferometer. The ] 
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ratio B,/B, was obtained by the same method, and EF and o for several specimens 
of the material were measured by standard methods. 

From the results on CR39 it appeared that a reasonable test of the theoretical 
relationships derived above could be obtained from measurements restricted 
to wavelengths in the visible region and accordingly the subsequent measure- 
ments on Marco Resin were confined to that region. For the measurement of B 
on this material a Babinet compensator method (Braybon and Jerrard 1952) 
was also used, in addition to the Filon and Harris method. 

For both CR39 and Marco Resin the values of B,/B, obtained by use of the 
Michelson interferometer had to be corrected for change in thickness of the 
specimen by loading. All the measurements on Marco Resin were made on 
specimens prepared from the same melt and reproducible results were obtained 
on specimens of CR39 prepared from two different melts. 

Some similar measurements were made on specimens of Catalin but the 
results were not sufficiently reliable to permit inclusion and discussion. 


§ 3. DiscUSsION OF THE RESULTS 


The experimental and corresponding theoretical values are compared in the 
table. It will be seen that the agreement between the calculated and observed 
values of B,/B, is good for CR39 and fair, though within the limits of the experi- 
mental error, for Marco Resin. For both materials the variation of N(«,—«) 
was found to be linear with 1/A°. 


Results for CR39 and Marco Resin 


A (A) BAOs'(batre.) n N(a,—%) X10 B,/Be calc B,/ Bz exp 
CR39 > H=2-14~ 10* bars, o=0'37 

5000 3-40 1:5048 2-47 1-68 ( 7QSE Se 

5500 B37, 1-5018 2°45 1-68 1°70 5%, 

6000 3-34 1-4994 2°43 1-68 LEZ ORS Oe) 5 

6500 S203 1:4976 2:42 1-68 e7@se 59% 

7000 Soot 1-4963 2:41 1-68 UO neo) 


Marco Resin: E=1-90 x 104 bars, c=0-36 


5000 DDS TES 787, 2:76 1-25 1:294 5% 
5500 2-03 Saws) 2-70 122 decreasing 
6000 fon ies O72 2:64 2a with 
6500 1-85 1:5638 2-61 Lowi wavelength to 
7000 1-83 1:5603 2°58 (Pi 1528-59 


Note. The stress optical coefficient in Brewsters is given by B x 10’. 


It is difficult to ascribe a precise physical meaning to the factor N(«,—«,) in 
the case of cross-linked polymers such as CR39 and Marco Resin. However, 
since for both substances the variation of N(«,—a«,) with wavelength obeys a 
simple Cauchy relationship, it would appear likely that the natural frequencies 
of the anisotropic components of the molecular network lie within the ultra-violet 
region and not, as might at first be expected, within the infra-red region. 
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APPENDIX 


The Change in Refractive Index of an Amorphous Solid 
under Unidirectional Stress 


The dispersion equation 
3(n?—1)/(m?+2)=4rP, a ee (A 1) 


is based on the assumption that the electric field intensity F acting on a macro- 
scopic particle in an isotropic medium is 


PL EV4ePa 0. (A 2) 


where E is the electric field intensity of the light wave and P the polarization. 

The effect of a strain in the medium was considered by Mueller (1935). The 
strain produced a deformation of the molecular structure and hence a change 
in the Lorentz—Lorenz interaction between the particles. It was shown that for 
a medium strained in the z direction, where the strain ellipsoid has the axial 
ratios 1:1:1+e, the refractive index , is given by 


3(n,2—1)=40No[(n,2+2)+k(m?—-1)], eee (A3) 


and similarly for n, and n,, where k, =k, =2e/5; k, = —4e/5. 

In addition, changes in N and « are produced by the strain and these must 
be taken into account in order to obtain the full effect on 7,, 2, and n,. 

The corresponding change, 5, in N for a deformation denoted by is given by 


SN == iNe | op (A4) 


To calculate the change in «, Mueller’s formal treatment may be replaced by 
Treloar’s treatment, which considers the optical properties of a medium, 
consisting of N statistically kinked long chain molecules per cm*. Each molecule 
is composed of optically anisotropic links characterized by polarizabilities ~, and 
a, along and at right angles to their lengths. A strain in such a medium produces, 
solely by alignment of the molecule system, changes in the polarizability per 
unit volume given by 


8P,,=5P, =[—2(a, —%)N/15]e, | 

SP, =[4(a — a) N/15]e. | 

If eqn. (A3) be differentiated, substitution of the values given by (A4) and 
(A5) will lead to 


én, a on, i (n®—1)? (n?—1)(n? + 2) (n® + 2)?(o44 — ay) 


bebe 15” 6n ce, 450 
and oo AG) 
dn, 2(n®—-1)?_ = (nm? —1)(n? +2) (n? + 2)?(a, — ao 
ee ie 6n TS eae _ | 
Equations (A 6) give the Neumann strain optical constants p and q as defined 
by 6, = —n®pe and 6n,= —n?qe, where 5n,, and Sn, are refractive index changes 


produced by the strain in the z direction. The relation between p and q and 
the constants B, and B, is p—~q=EB/n?(1+0); 2p+q=E(2B, + B,)/n(1— 20). 
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Equations (A 6) may thus be rewritten as 
B, =[M(1—2c)+(K-—L)(1+0)]/E, | 
B,=[M(1— 2c) —2(K — L)(1+0)]/E, 


i eee eione. ole 
and 
where M = (n? —1)(n? + 2)/6n, DL =(n? — 1)?/15n, 
and K = (47 N/3)(n? + 2)?(a1 — &)/45n. 
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Cuprous Oxide Rectifier Characteristics 


By J. LEES 
Department of Natural Philosophy, University of Aberdeen 


Communicated by P. T. Landsberg; MS. received 18th February 1953 


Abstract. Using a substitution bridge method, the current voltage and reverse 
capacitance voltage characteristics of a cuprous oxide rectifier have been 
obtained at 0°c, 30°c and 70°c. The capacitance characteristic is found to be 
temperature independent in the above range. ‘The assumption of a Schottky 
barrier (or an allied class of barriers) is not in agreement with the experimental 
results. Using the capacitance characteristic and a single adjusted value of the 
dielectric constant of cuprous oxide, it is found possible, with only one 
temperature dependent parameter, to predict theoretical reverse current 
voltage relations in good agreement with experiment. 


§ 1. INTRODUCTION 
T= present position in the diffusion theory of metal rectifiers may be 


summarized as follows: 


(i) The Direct Current-Voltage Characteristic 


The shape of theoretical characteristics is not greatly influenced by the 
assumed impurity centre distribution. Thus a given experimental characteristic 
may be explained by assuming a Mott barrier, or a Schottky barrier (Landsberg 
1951a). In an explanation of this sort, however, values of various parameters 
of the barrier (mobilities, conductivities etc.) must be used which depend 
critically on the assumed impurity centre distribution; moreover, with any 
impurity centre distribution so far investigated these parameters are, in general, 


different from those known for the corresponding bulk semiconductor (Rose and ‘ 


Spenke 1949, Landsberg 1951b). 


(11) The Capacitance—Voltage Characteristic 

This depends critically on the nature of the impurity distribution. . Thus 
a Mott barrier leads to a voltage-independent capacitance per unit area C, while 
a Schottky barrier (Schottky 1942), and a more general class of barriers 
(Landsberg 1951b), lead to a linear relation between C-? and the applied 
voltage. ‘lhis more general class of barriers will henceforth be described as the 
‘class A’ type of barrier. Comparisons of theory and experiment either have 
been confined to a limited range of applied voltage (Schottky 1942, Kobayashi 
and Arita 1949), or, as in the present investigation, have shown that, on the basis 
of known barriers, a satisfactory account of the capacitance voltage relation over 
a wide voltage range cannot be given (Hoffmann 1950). 

Landsberg (1951 b) has shown, however, that there exists a relation, which 
is independent of impurity centre distribution in the barrier, between the d.c. 
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and capacitance voltage characteristics of a rectifier in the reverse direction. 
This relation is contained in the following equations 


J — y3/2eV pees its 
Fs write E xP EF | Ser (1) 


. $ it e 2 70 
and y?(U) — y2(0) = 4m (sr) ) cau eee. (2) 


where j is the current density, « is the dielectric constant, RT has its usual 
significance and y*(0) is a quantity which may be taken to be zero for reverse 
voltages U in excess of about 3 volts. Equations (1) and (2) imply that, having 
assigned values to « and jg, one may derive a theoretical reverse direct current 
voltage characteristic from the experimental reverse capacitance voltage 
characteristic (or vice versa). 

Jo and y(U) are related to the parameters of the barrier by the additional 


relations 
: 2\ 12 kRT\2 V. 
Jo= (<) n(d)ve (=) exp (- i) tet erecting (3) 


and Vibe eyce CRI. ee me bk | Deeg er (4) 
Here b(U) is the distance, measured into the semiconductor from the interface, 
of the plane at which the potential energy of the current carriers is a maximum, 
v is the mobility of the current carriers, n(d) is the impurity centre concentration 
in the bulk semiconductor, and Vp 1s the ‘ diffusion potential’. 

In this paper we describe the determination of the d.c. and reverse capacitance 
voltage characteristics of a single cuprous oxide rectifier at 0°c, 30°c, and 70°c. 
Using these results we confirm Landsberg’s relation, and discuss (§ 4) the values 
of the barrier parameters which are required for agreement. For the sake of 
comparison the paper also contains an analysis of the experimental material on 
the basis of a Schottky or class A type of barrier. 


§ 2. EXPERIMENTAL PROCEDURE AND RESULTS 
(i) Choice of Rectifier 

Alternating and direct current measurements of metal rectifiers are complicated 
by creep phenomena. The creep is of a particularly simple form in cuprous oxide 
rectifiers, since in this type it becomes negligible within a reasonably short time 
of the application of a given bias voltage (about 30 minutes at 70°c, and about 
30 hours at 0°c). A cuprous oxide rectifier was therefore chosen for our 
experiments, and at each bias voltage all the electrical measurements were made 
after the rectifier had reached this steady state. No creep was observed when 
forward bias voltages were applied to the rectifier. 

Our experiments were performed on a used Westinghouse disc which had 
good rectifying properties and very stable characteristics. Its geometrical 
contact area was 2:41 cm?, and the thickness of the cuprous oxide film was found 
by direct measurement to be about 0-014 cm. he conductivity of the bulk 
semiconductor was found from these dimensions and from its resistance derived 
from the linear part of the forward d.c. characteristic (see table 2(c)). 


(ii) The Rectifier Mounting 


The rectifier was mounted in a brass calorimeter placed in a water bath, the 
temperature of which was controlled to +0-1°c. ‘The calorimeter was evacuated 
through a P,O, water vapour trap to minimize the effects of changes in the 
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atmosphere surrounding the rectifier. ‘The base of the calorimeter was in good 
thermal contact with the copper electrode of the rectifier, and by use of a 
thermocouple junction, it was verified that the temperature of the copper—cuprous 
oxide junction did not deviate by more than 0-1°c from the mean temperature 
of the water bath. The counter electrode consisted of a lead washer making 
contact with a colloidal graphite layer painted on the cuprous oxide surface 
of the rectifier. Spring washers were used to keep the counter electrode in 
position, and to ensure that the contact pressure of the electrodes on the rectifier 
did not vary excessively with temperature. 


(iii) Electrical Measurements 


Bias voltages up to a maximum of 18v in the reverse direction were applied 
to the rectifier; this ensured that the current flowing through the rectifier was 
always less than 60ma so that excessive heating of the barrier was avoided. 
After creep had finished at each reverse bias voltage, the current passing through 
the rectifier was observed, and also the resistive and reactive parts of the 
‘slope impedance’ as a function of frequency in the frequency range 500-9000 c/s. 

Impedance measurements were made with an alternating current substitution 
bridge of the type used by Schottky and Deutschmann (1929), in which a small 
alternating voltage is superposed on the steady d.c. bias voltages. It is necessary 
to keep the magnitude of this alternating ‘ripple’ voltage as small as possible, 
since the non-linear behaviour of the rectifier introduces considerable harmonic 
distortion in the bridge. In these experiments the ‘ripple’ voltage never 
exceeded 6 mv, and usually had a value of 4 mv (r.m.s.). Rectifier noise sets a 
lower limit to the magnitude of the ‘ripple’ voltage which can be used. 

The current passing with various voltages applied in the forward direction 
was also observed, although no impedance measurements were made in this 
region, since the small barrier resistance effectively shunts the capacitance and 
makes its measurement extremely difficult. 


(iv) Derivation of the Characteristics 


The d.c. characteristics obtained from the current measurements at 0°c, 
30°c and 70°c, are shown in fig. 1. 

To obtain the capacitance of the barrier at each bias voltage and temperature, 
the resistive component A, of the slope impedance A,—iB, of the rectifier was 
plotted against the corresponding reactive component B, for the various 
frequencies f of the applied alternating ‘ripple’ voltage. The plot always 
approximated closely to a semicircle centred on the A (i.e. resistive) axis, and 
cutting it in two positive values. ‘Three experimental semicircles are shown 
in fig. 2. The semicircular locus diagrams imply that the impedance of the 
rectifier may be represented by either of the two networks of fig. 3. In both 
of these, the capacitance may plausibly be associated with the barrier capacitance, 
and the resistances with the resistances of various parts of the rectifier (Henisch 
1949). We have analysed our results on the basis of both networks, and find 
that C, and C, do not differ greatly (fig. 4). 
ake is the bulk resistance of the semiconductor and is regarded as included in 7, 
in the circuit of fig. 3(a); in 3(b) it is neglected in comparison with R, and 7». 
C;, R, and ry are related to C,, R; and 1, as follows: 


Cy=Ci(1+n/Ri)?, Ry=Ry+r, m=r(l4r/R,). ....--(5) 
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From the semicircular diagram 7, was obtained directly as the shorter intercept 
of the semicircle on the A axis, and R, was obtained as its diameter. C, was then 
calculated for each point A;, B; from the formula 

Cpe Bitar 1) RE MEO ahd oy Orban (6) 
With large bias voltages at 70°c, the locus points tended to accumulate near 
the larger intercept of the semicircle on the A axis; this did not lead to any 
60 
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Fig. 1 (a). Reverse d.c. characteristic of the rectifier: ---- experimental characteristic; 


x theoretical d.c. characteristic from C, capacitance relation; -+ theoretical d.c. 
characteristic from Cy, capacitance relation when it differs from Cy, relation; 
© theoretical d.c. characteristic on the assumption of a Schottky barrier. 


Fig. 1(4). Experimental forward d.c. characteristic’of the rectifier. 


Rk, R, 
C, 7 C; Te 
0 500 1000 @ ™ 2000 7500 (a) (b) 
Fig. 2. Three experimental semicircular impedance Fig.3. Assumed equivalent circuits 
locus diagrams. Figures at the experimental of the rectifier. 


points indicate the frequency of measurement. 
I: T=0°c Bias voltage=7-58 v 
Il: T=30°c Bias Voltage=2:-80 v 
III: T=70°c Bias voltage=0-465 v 


difficulties. However, with small bias voltages at 0°c the points accumulated 
near the smaller intercept, and, since-A; is then nearly equal to 7,, eqn. (6) became 
inapplicable. ‘The capacitances were determined in these cases by equating the 
real and imaginary parts of the complex impedance of the circuit of fig. 3 (a) to 
those of the experimentally determined impedance at each frequency. 
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A small decrease in C, with increasing frequency was found at each bias 
voltage and temperature. This variation was about 10% at ZeTO bias voltage, 
but was generally less than 5%, from the frequency average. This average was 
taken to be C,; a knowledge of the exact mechanism of the capacitance variation 
would probably have enabled a slightly better estimate of this capacitance to be 
made. C, was calculated by means of eqn. (5). C, and C, are shown as functions 
of reverse voltage and temperature in fig. 4. C, as a function of reverse voltage 
is independent of the temperature and C, is very nearly so. ‘This difference is 
quite obvious if fig. 4 is drawn on a larger scale. Since both these functions are 
calculated from the same experimental data, and the C, function is so remarkably 
temperature independent, it appears likely that the slight trends observed in the 
case of C, are significant. 


0:05 A 70° 
oO 30% 
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Fig. 4(a). Cy, as a function of reverse voltage (experimental). 
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Fig. 4(6). Cy, as a function of reverse voltage (experimental). 


(v) Differential Resistances 


At a given bias voltage and temperature, the larger intercept of the semicircular 
impedance locus diagram on the resistive axis, which is equal to R,, corresponds 
to f=0. R, might therefore be expected to be equal to the slope resistance of 
the corresponding d.c. characteristic. Figure 5 shows R, and this slope 
resistance dU/di as functions of reverse voltage and temperature. There are 
considerable differences between the two functions; these are discussed in § 4 (iv). 


§ 3. INTERPRETATION OF RESULTS 
(i) D.C. Relations derived from the Capacitance Relations using 
Equations (1) and (2) 
It is reasonable to assume that ¢ is temperature independent: the temperature 
independence of the capacitance functions lends support to this view. With 
this assumption we have predicted (cf. fig. 1 (a)) theoretical reverse d.c. relations 
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from the capacitance characteristics using eqns. (1) and (2), which are in 
excellent agreement with the experimental d.c. characteristics for U greater 
than 3V (fig. 1(a)). This agreement requires «=4:8+0-2 and «=4:3+0-2 for 
the C, and C, characteristics respectively. (0) was neglected since it is 
small compared with y?(U) for U greater than 3V. As might be expected, quite 
large divergences (up to ~50°%) were found between the experimental and 
predicted values of j(U) in the range 0<U<3V. These divergences could not 
be completely removed by introducing (0) as an additional adjustable parameter 
without increasing the discrepancies in the higher voltage range from 2% to 
about 10%. 
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Fig. 5. Experimental differential resistances. 

Fig. 6. 6 as a function of reverse voltage from the C, capacitance relation. b from the C, 
capacitance relation is slightly larger over the entire voltage range and cannot 
conveniently be shown separately. 


Fig. 7. Approximate total number of ionized impurity centres per unit cross sectional 
area in the barrier (a) from the C, capacitance characteristic, (6) from the C, 
capacitance characteristic. 


When « is assumed constant in eqns. (2) and (4) the temperature independence 
of the capacitance characteristic implies the temperature independence of y(U)T 
and of the function 4( U) which gives the distance of the potential energy maximum 
from the interface. In the light of eqns. (1), (2) and (4) this implies that there 
exists a single temperature independent function b(U) from which, using one 
temperature independent constant «, and one temperature dependent parameter 
Jo, the reverse capacitance and d.c. voltage characteristics of the rectifier may be 
satisfactorily predicted at each temperature. ‘The function b(U) obtained from 
the C, capacitance characteristic with «=4-8 is shown in fig. 6. Figure 7 gives 
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an indication of the total number of ionized impurity centres per unit cross 
section of the barrier, as deduced from (Landsberg 1951b) | 


1 
b 


The broken portions of figs. 6 and 7 contain an approximation for y(0) and are 
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therefore not reliable. 


(ii) The Schottky or Class A Impurity Distributions 


The assumption of a Schottky or class A type of barrier implies that one has, 


in addition to eqns. (1) and (2), the relation (Landsberg 1951 a) 
| Fa Vp Seyi Vol. 


Table 1. Values of the Adjustable Scale Constants 


T (°K) BAS 303 343 
(a) From comparison of capacitance and d.c. characteristics 
Go LAcCmM as), €—=45 ial 45 220 
Hoa cham?) e—423 6-9 30 150 | 
(6) On the assumption of a Schottky or class A barrier t 
VSO? ow) 8-38 14-6 21-8 
Jo(wA cm?) 0-353 2-46 13e2 
Table 2. Inferred Values of n(d)ev and Other Conductivities 
T(CK) 273 303 343 
(a) With the constants of table 1(@) and Vp=0-375 ev. 
new(Q cm)-1, «=4-8 OW Sal 4:31 Ome Soles 
nev(Q cm), e=4°3 ABS) <M SOS NN 24x10 


(b) On the assumption of Schottky or class A barriers, -=10*, Vp=0-450ev 
nev(Q cm)~1 24x10 2-0 x10-° (Eek 


Pca) ae! 


(c) Conductivites from resistance and dimensions of the bulk semiconductor | 


nev(Q cm)=} DOS NO SS iO=" Be7 Oa 


(d) Values of conductivity of cuprous oxide given in the literature 


Observer ‘Temp. (c)) Cond, (© cm)= Remarks 
Vogt 1930 75 4:2x10-°— From 6 cuprous oxide plates 
MoS iO" 
0 OKO 10) 
SSC IO) == 
Angello 1942 0 PAR MO = From 7 cuprous strips 
oy SAO-* 
60 Sram 
. ates) < IID 
Feldman 1943 50 Sali) = From 2 cuprous oxide strips 
)  ScilO=" 
Rose and Spenke 30 4p SeU@ 8s From bulk resistances of 7 rectifiers 
1949 7 A? 
30 9 x10-— From barrier resistances of above 
SG" rectifiers on the assumption of a 
Schottky barrier 
Sakaki 1950 60 Px 10 = From 1 cuprous oxide plate 
i al Vine 


* For e=5 these values should be multiplied by 2. 
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It was found possible to choose j, and Vy at each temperature to give, through 
eqns. (1) and (8) a theoretical reverse d.c. characteristic in good agreement with 
the experimental curve (fig. 1(@)). jy and Vy are given in table 1(b). Using 
these values of Vy it was found impossible, by adjusting «, to obtain reasonable 
agreement between the values of y derived from eqn. (8), and the values of y 
obtained, through eqn. (2), from the capacitance characteristic using reasonable 
values of Vp. 

We have also analysed our forward and reverse d.c. characteristics by several 
methods as described by Landsberg (1952), and have obtained very similar 
numerical results (cf. his table 1). ‘These are not given here, except for values 
of the conductivity, assuming the Einstein mobility relation (table 2(6)). 


$4. CONCLUSIONS AND DISCUSSION 


(1) The Capacitance Characteristic 


The fact that C, appears to depend slightly on the temperature and C, is 
temperature independent is in approximate agreement with the results of 
Schottky and Deutschmann (1929) who found that C, varied markedly with 
temperature whereas C, was almost constant in the temperature range —73°c 
to +20°c. 

As remarked in the previous section, b(U) is also temperature independent : 
this suggests (but does not necessarily imply) that the impurity centre distribution 
is temperature independent. 

Our results indicate a small decrease in capacitance with increasing frequency. 
Frequency variation of capacitance has been observed in cuprous oxide rectifiers 
by Calderwood, Cooper and Heppel (1950), and in selenium rectifiers by Wood 
(1933), Schmidt (1941), Cooper (1950) and by Yamaguchi et al. (1952). 
A relaxation mechanism, arising from movement of impurity centres in the applied 
field has been proposed by Breckenridge (1948) to account for dielectric losses 
observed in ionic crystals at audio frequencies. ‘The observed capacitance 
variation is probably due to a mechanism of this type, though other mechanisms 
have been suggested. 

While both the C, and C, characteristics agree equally well with Landsberg’s 
theory, there is some justification for assuming that C, should be considered to 
be the rectifier capacitance rather than C,: (i) the slightly smaller temperature 
dependence of the C, characteristic would otherwise be very surprising; 
(ii) the resistance 7, is very much larger than the resistance of the bulk 
semiconductor, this being the only resistance with which it may reasonably be 


identified. 


(ii) Analysis of the Basis of a Schottky or Class A Type of Barrier 


The assumption of a class A type of barrier gives theoretical reverse d.c. 
characteristics in good agreement with experiment (fig. 1(a)). Furthermore, 
the values of the conductivity of cuprous oxide (obtained through eqn. (3)) 
which are required for this agreement are not very different from those of the 
bulk semiconductor (tables 2(b) and (c)) provided V}~0-45ev*. With this 
value of V it is, however, impossible to predict the capacitance characteristic. 


* This value of VY is reasonable since a study of the energy levels of cuprous oxide 
leads one to expect that Vy lies between 0:25 and 0°50 ev. 
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This characteristic can only be accounted for by assuming Vp ~2ev which is 
extremely improbable and, in addition, implies impossibly large values of the 
conductivity. ; 

We conclude that our experimental results cannot be analysed satisfactorily 
on the basis of a Schottky or class A type of barrier. 


(iii) The Values of the Parameters required to give Agreement between the 
Capacitance and d.c. Voltage Characteristics using Equations (1) and (2) 

Excellent agreement may be obtained (for U>3V) between the reverse d.c. 
and either of the C, or the C, capacitance voltage characteristics (cf. fig. 1(a)). 
The value of the dielectric constant of cuprous oxide required for this agreement 
is 4-8 for the C, characteristic and 4-3 for the C, characteristic. These values 
are about one-half of values for the bulk material (table 3). Taking V,=0-375 evt 
values of the conductivity of cuprous oxide are implied which are of the same 
order as those of the bulk semiconductor but decrease as the temperature 
increases (table 2(a)). 


Table 3. The Dielectric Constant of Cuprous Oxide 


Observer Temperature Dielectric constant 
Grosser and Lenertz* 1929 9326 (se i 
Hojendahl 1933 AE 10-5 
Wright 1950 8 


* Quoted by Schottky and Deutschmann 1929 


In commenting on these results we first consider a possible error in the 
interpretation of our experiments. It has been suggested by Starr (1936) that 
the ‘effective’ contact area of a rectifier, as far as rectification is concerned, may 
be considerably smaller than the geometrical contact area. If only a fraction a 
of the latter is the ‘effective’ contact area, it can be shown that, while the 
agreement between theoretical and experimental curves is not altered, the values 
of the adjustable constants « and jy obtained will be respectively \/a and a times 
their true values. Our low value of « could be accounted for by taking a=}, the 
resulting change in the conductivity being insignificant in view of the uncertainty 
in Vp. Starr, however, inferred a>4 from his experimental results, and it seems 
unlikely that the discrepancy can be wholly accounted for thus, particularly as 
we might expect a satisfactory explanation to account also for the temperature 
dependence of the conductivities. 

Secondly we must consider the assumptions made in deriving the equations 
of $1, and the ways in which the rectifier may violate these assumptions. 
(a) The diffusion equation and the Einstein mobility relation are assumed to 
be applicable. (6) It is assumed that the potential function in the barrier has 
a single sharp maximum and that the Laplace approximation (Landsberg 1951 b) 
is therefore applicable. ‘This is not necessarily the case, since the discontinuous 
nature of the space charge distribution could imply a relatively broad maximum 
or even a series of comparable maxima in the potential function. (c) The 
possibility of wave mechanical penetration of the top of the barrier has not 
been considered. In the case of crystal rectifiers, Courant (see Torrey and 
Whitmer 1948) has made an estimate of this effect, and has shown that it brings 
about an increase in the current (at a given bias voltage) comparable with that 
due to the image force. An approximate calculation confirms this result, and 

+ See footnote on preceding page. 
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suggests that the effect will be less important as the temperature increases. We 
should therefore expect that, due to ‘tunnel’ effect, the current flowing at a given 
bias voltage will be larger than that given by the theory. /,, and our deduced 
conductivities, will therefore be larger than the theoretical values, but will tend 
towards them as the temperature increases. 

A combination of the above effects may well account for the numerical values 
obtained, but their detailed explanation requires further investigation. In an 
additional experiment on another cuprous oxide rectifier of similar origin at 
25°c, the relation embodied in eqns. (1) and (2) was again demonstrated and the 
values of the parameters required for agreement were found to be very similar 
to those obtained above. 


(iv) Differential Resistances 


To explain the difference between R, and dU/di (§2(v)) we consider fig. 8 
which shows the current voltage relations of a cuprous oxide rectifier. Curve 
XOY represents the d.c. characteristic of the rectifier when all creep has been 


Reverse Current 


Fig. 8. 


eliminated. If the rectifier is in the state represented by the point O and the 
applied bias voltage V is suddenly changed by +6V, then the current does not 
immediately assume the values given by points A or B. We have verified 
experimentally that this current change does, in fact, take place in two fairly 
distinct parts: at first there is a rapid (~10~° second) change, represented by 
OC or OD—this corresponds to a change in current with the rectifier still 
effectively in the equilibrium state corresponding to the voltage V; it is followed 
by slow (of the order of several minutes) current creep, represented by CA 
(positive creep) or DB (negative creep), as the rectifier adjusts itself to the 
equilibrium conditions characteristic of the bias voltage V+6V or V—8éV 
respectively. ‘Thus R,, which was measured with an alternating voltage of 
frequencies between 500 and 9000 c/s, is the differential resistance corresponding 
to the curve CD, whereas the d.c. ‘slope’ resistance corresponds to the curve 
AB.  R, is therefore greater than the corresponding d.c. ‘slope’ resistance, 
and experiments indicate that the ratio IC/IA has approximately the correct 
value to produce the observed difference. 
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The Barkhausen Effect in Single Crystals 
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Department of Physics, University of Leeds 


Communicated by E. C. Stoner ; MS. received 24th April 1953 


Abstract. Measurements have been made on the Barkhausen effect in single 
crystals of silicon-iron and nickel and it is shown that the results are markedly 
dependent on the demagnetizing factor of the specimen. ‘The effect of a high 
demagnetizing factor is to reduce the magnitude of the Barkhausen effect and 
to produce a corresponding increase in the contribution of the reversible 
magnetization processes. An explanation of this effect is given. It is pointed 
out that the good agreement between the results of the theoretical investigation 
of Néel and others and the experiments of Bates on the magnetization of single 
crystals is probably due to the high demagnetizing factor of the specimens, which 
results in a close approximation to conditions of reversibility. It is suggested 
that the Barkhausen effect is to be associated with the movement of 180° rather 
than 90° boundaries. 


§ 1. INTRODUCTION 


effect it was believed that the volumes of magnetic material involved in 

a sudden change of magnetization could be identified with the domain 
volumes of the specimen. ‘That this simple view is untenable has been shown 
only by comparatively recent work. On the one hand a somewhat more precise 
knowledge of domain sizes has been obtained by the study of powder patterns 
on single crystals (Elmore 1938, Williams, Bozorth and Shockley 1949, Bates and 
Neale 1950, and others); on the other, definite information has been obtained 
about the number and size distribution of Barkhausen discontinuities in 
polycrystalline specimens in the work of Bush and 'Tebble (1948) and 'Tebble, 
Skidmore and Corner (1950). These papers will be referred to as I and II 
respectively. It has become apparent that the greater part of the ordinary 
Barkhausen discontinuities must be associated with much smaller volumes than 
the primary domains and are probably produced by the irregularities in the 
movement of the main domain boundaries. 

In the work of Tebble and his collaborators, the study of the Barkhausen 
effect has been linked with measurements on the reversible susceptibility so as 
to obtain an estimate of the relative importance of reversible and irreversible 
processes over the hysteresis range. It is obviously desirable that work of this 
nature should not be confined to polycrystalline specimens but that the 
investigations should be extended to single crystals in view of the considerable 
advances in our knowledge of their domain structure. 


D« NG the decade following the discovery of the magnetic Barkhausen 


* Now with Messrs. Ferranti Ltd., Manchester. 
PROC. PHYS. SOC. LXvI, 8—B 2U 
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§ 2. EXPERIMENTAL 
2.1. Pulse Counting Measurements 


The method used for the size measurement and counting of the magnetic 
discontinuities was essentially that described in II and therefore need only be 
described in brief. The specimen under investigation is contained inside the 
‘search-coil’ which is itself situated inside the magnetizing coil, and the whole 
arrangement is screened by a mumetal box. During a slow change of magnetizing 
field the Barkhausen discontinuities produced in the specimen induce voltage 
pulses in the search coil; these voltage pulses are amplified, passed through a 
voltage discriminator and finally recorded by a suitable counting unit. 

The rate of change of the magnetic field in the present work was of the order 
of i oersted per minute and it was found convenient to control the current in the 
magnetizing coil by means of an electrolytic cell consisting of 2%, copper sulphate 
with copper electrodes. The resistance of the cell was changed by allowing the 
electrolyte to drip slowly from the container; in this way runs lasting up to 
60 hours have been taken. 

For counting at different pulse levels the discriminator setting was held 
constant, and the output attenuator of the amplifier was varied. For a particular 
attenuator setting readings of the counter were taken at field intervals of 2 oersteds 
as the specimen was taken through a portion of the magnetization curve. The 
maximum rate of entry of pulses into the scaling unit (resolving time 104 sec) 
was not allowed to exceed 70 per second. 


2.2. Determination of the Total and of the Reversible Susceptibility 


The magnetic susceptibility, referred to here as the ‘total’ susceptibility, 
was determined by graphical differentiation of the hysteresis loop which was 
determined by the standard ballistic method. Owing to the small size of the 
specimens investigated, their large demagnetizing factors and consequent small 
effective permeability, the correction which had to be made to the experimental 
readings due to the area of the induction measuring coil was unusually large. 
Special precautions had therefore to be taken to ensure that the induction coil 
had exactly the same orientation with reference to the magnetizing field both 
when it was empty for purposes of calibration and when it contained the specimen 
whose hysteresis loop was being measured. Similar precautions had to be taken 
to ensure that the orientation of the specimen with regard to the magnetic field 
was precisely the same for the hysteresis loop measurements and for the reversible 
susceptibility measurements for which the same coil system was used. For the 
hysteresis loop measurements a heavy copper tube was inserted round the 
specimens and inside the magnetizing coil. This was to ensure that the changes 
of field during the course of the measurements took place slowly, in accordance 
with the conditions for specimens of high demagnetizing factor given by Snoek 
(1939). 

The reversible susceptibility of the specimens was measured by means of an 


improved version of the low frequency bridge method used by Tebble and |) 
Corner (1950). ‘The definition of reversible susceptibility used in their work, |, 
which will be adopted here, is x,.,=Limgy.o(AJ/AH), where I is the | 
magnetization, and AH is an alternating field superimposed on a steady polarizing | 
field. ‘The effective susceptibilities uncorrected for demagnetizing factor were | 


so low that eddy current corrections were negligible. 
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‘The measurements obtained in the present work were actually of the effective 
susceptibility given by 


K=AI/AA pier =AL/A( He + ND, ~ canes (1a) 
and the measured total susceptibility «,,, is given by 
1 1 
rome reid IN ao cont yon Bh le ute Ei ee 1b 
Ktot tot ) 


where N is the demagnetizing factor and «}, the total susceptibility with zero 
demagnetizing factor. 
2.3. Specimens 


The choice of specimens in work of this nature requires careful consideration 
if the results which are obtained are to be of any significance. Crystals of 
silicon—iron and of nickel were available but it was realized that, because of the 
relatively small length to diameter ratio of the specimens which could be produced, 
their properties would be strongly dependent on their shape. It was obviously 
desirable that the effect of alteration in shape and in crystal structure should be 
examined. Silicon-iron crystals with a different shape but similar magnetic 
properties were produced and a polycrystalline specimen of similar dimensional 
ratio prepared. / 

The silicon-iron crystal was taken from a sheet of hot rolled silicon—iron 
alloy known as Stalloy II, manufactured by G.K.N. Ltd. In the form in which 
it is manufactured this material sometimes forms large crystals which fracture 
easily along cleavage planes. ‘This specimen was shaped by producing suitable 
fracture in a large crystal. The silicon—iron II crystal was prepared from the 
silicon—-iron I specimen by etching the sides of the crystal so as to reduce the 
cross section while the length was left relatively unaltered. Whereas the cross 
section of the silicon—iron I crystal was approximately square the second specimen 
was roughly cylindrical in shape. 

The polycrystalline specimen, which was taken from a length of wire similar 
to the large grained iron specimen described in II, so as not to introduce 
unnecessary strains by cutting, was etched from the wire and was approximately 
ellipsoidal in form. 

The nickel crystal which was produced from a larger crystal by etching, 
was in the form of a long plate with reasonably straight sides but a rather irregular 
surface. 

The main properties of the specimens are summarized in table 1; the value 
of H,, given in the table is the field value corresponding to the ‘knee’ of the 
hysteresis curve, below which the magnetization curve is approximately linear. 


§ 3. RESULTS 


The discriminator transmits pulses greater than a given size and in 
papers I and II the results have been given as number-—level (N, M) curves, 
showing N the number of Barkhausen discontinuities per cm* above a given 
size M, plotted against the corresponding discriminator or attenuator setting 
(in terms of M). 

The contribution of the measured discontinuities over the measured range 
of Mis then given by I,=|MAN, 
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with appropriate limits (cf. II, page 755; the symbol A has been dropped in the 
present paper). as, 
In the present work the results are given in terms of susceptibility, and the 
‘Barkhausen susceptibility’ is 
dip @ ) Mane | : 

Kp = GB = aa | man = |e 2 | Ns =o eee (3) 
where N’ is the number of Barkhausen discontinuities per unit change in field. 
Typical (N’, M) curves for silicon—iron I and II at remanence are given in fig. 1: 
those for the other specimen are of a similar form. Over the range of measurement 
the (N’, M) curves can be fitted to curves of the type A exp (— «x M4") and the 
values of the parameters A, K and n are given in table 2. 


Table 1. Physical Properties of Specimens 


Specimen Composition Length Cross sectional Direction of | Angle of face (°)* 
(cm) area (mm?) Long Axis 
Nickel crystal 0-620 0-10, (100) (38, 52, 90) 
(Si 4-32 
Silicon-iron CC Ota7 
crystal I S 0-010 0-688 O25 (201) (26, 6375, 63:5) 
P 0-008 
Mn 0-14 
Silicon-iron Ni 0-06 
crystal II Cir 02580-6517 0:0455 
LAl 0-022 
Polycrystalline 
iron Mn 0-05, max. dia. 
Fe 99:92 0°869 0-43 mm. 


* Angle between normal to broadest face and nearest (100) axes. 


Table 2. Summary of Results of Magnetic Measurements 


Specimen He Ay Kroyt Ktoe 1/N (N’, M) curve parameters 

A K n 
Nickel crystal 5 60 5°5 9-6 9-3 4-5 x 108 17000 2-0 
Silicon-iron I 1-4 130 oF / = OES 10-0 25 108 310) set 
Silicon-iron II 1-4 80 14°6. 18-4 19 3205< 108 21005 22 
Polycrystalline iron 1-5 100 ste 12-0 i ey 


* at remanence. 


An indication of the reliability of the total susceptibility «,,, measurements is 
obtained from the fact that, for specimens with a high demagnetizing factor N, 
Kop 1/N. ‘The experimental values of the total susceptibility at remanence 
agreed, to within 5%, with the reciprocals of the demagnetizing factors, 
calculated from the dimensions of the specimens. 

Owing to the small size of the specimens, the reversible susceptibility 
measurements had to be carried out using rather large values of the alternating 


field. Measurements were carried out for each crystal, on the variation of the — 
experimental susceptibility value with the amplitude of the alternating field used 
in its determination. Extrapolation of the curves obtained shows that in the | 


case of the nickel crystal the experimental values of the reversible susceptibility 


are unlikely to be too high by more than approximately 2-5°/ near remanence. | | 
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In the case of the silicon-iron crystals however, the values of the reversible 
susceptibility, at least near remanence, may be as much as 20° too large, although 
the error may be much less at high fields. This uncertainty does not invalidate 
the conclusions which will be drawn from these results. 

Curves showing the variation with field (increasing from negative to positive 
values) of «to4, «py and «,,, for the single crystals are shown in figs. 2, 3 and 4. 
A summary of the results of the magnetic measurements is given in table 2. 
None of the results are corrected for demagnetizing factor. 


x 108 
1600 
(200 
N 
800 
+ Sife I 
e SiFe II 


x 10-6 (e,m.u.) 


0 2 4 6 
M 


Fig. 1. (N’, MW) curves for silicon-iron crystals I and II at remanence, showing the number 
of discontinuities per cm* per unit change in field with a magnetic moment greater 
than M. 


0 
(00 50 0 50 
H. applied 


Fig. 2. Variation of measured susceptibilities with applied field—silicon-iron I. 


§ 4, DISCUSSION 


Examination of figs. 2, 3 and 4 shows that in no case does the integrated 
Barkhausen contribution (due to measured discontinuities larger than 10~* e.m.u.) 
account for more than 30% of the difference, i.€. Kiot—rey =Kirrey >Kp between 
the values of the total and the reversible susceptibility. It seems fairly certain 
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that extrapolation to M=0 can do no more than halve this discrepancy. The 
reason for this is almost certainly due to the fact, previously mentioned in paper II, 
that the Barkhausen pulses occur in groups, of which only one tends to be 
detected by the apparatus used. It would seem to be fundamentally impossible 
both to count and to measure the magnetic discontinuities produced in metallic 
specimens since a large proportion of them occur in bursts. Because of the eddy 
current effect, the voltage pulse induced in a search coil due to such a burst will 
have the shape of a plateau with several peaks, each peak corresponding to one 
or more of the component pulses of the group. Although the change of magnetic 
moment corresponding to the whole group of discontinuities could be evaluated 
by integrating the area of the plateau pulse, it would still be impossible to allocate 
the change of magnetic moment unambiguously amongst the subsidiary pulses 
of which the ‘burst’ is composed. It can be deduced however that the ‘true’ 
number-level curves of the specimens investigated, will rise more steeply than 
the experimental ones. In no case did the number-—level curves, or the 
distribution and contribution curves obtained from them, possess points of 
inflexion. The same should therefore hold for the corresponding ‘ideal’ curves. 


20 10 7 a ie T 7 alee T 


L 


0 ! rl 4 
100 0 100 ¥ 


: applied Happlid ; 
Fig. 3. Variation of measured susceptibilities with Fig. 4. Variation of measured suscept)! 
applied field—silicon-iron II. ibilities with applied field—nickel crystal 


Reference to figs. 4 and 5 indicates that most of the measured Barkhausen | 
effect takes place in the region of the magnetization curve between H=+H,. | 
In this part of the hysteresis curve changes in magnetization take place primarily | 
by domain boundary movements and the Barkhausen effect must be associated 
with small perturbations in the movement of these boundaries. The wall 
movements involved are probably 180° rather than 90° boundaries as the former 
can ‘wrinkle’ without the production of ‘free charge’ whereas the latter cannot. 
This is illustrated in fig. 6. Although the presence of strains and inclusions will 
modify this picture considerably there will be no essential change in the concept 
that 180° boundaries are energetically more favourable for the production of 
irregularities than are 90° boundaries. 

Perhaps the most striking feature of the results is the fact that such a large 
portion of the total susceptibility is accounted for by the reversible component. 
This is the case for the polycrystalline specimen as well as the single crystals. 
lhe fact that this phenomenon is probably due to the high demagnetizing factors 
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of the specimens investigated, is illustrated in fig. 5 where the fractions 
Kyey/Ktot ANd KR/Kkto, for the two silicon-iron crystals and Kye,/Kio, for the poly- 
crystalline iron specimen are plotted against the reduced field H/H,. For 
specimens of polycrystalline material having a very low demagnetizing factor 
Krey/Ktot 18 of the order of 5% and hence kipoy/Ktop2295 % (see paper II). Not oa 


100 


100K rey/ Kot 


° 08 0-4 0 0-4 08 2 
H/t, 
Fig. 5. Effect of shape on the reduced reversible and irreversible susceptibilities (note 
change of scale in bottom curves, which show 100K p/ktot). 


Hes “Happlied -MI 


Fig. 6. (a) A ‘ forbidden’ domain wall Fig. 7. Diagram representing reversible 
configuration showing production and irreversible changes in magnet- 
of ‘ free charge’ (direction of mag- ization. ab, cd represent reversible 
netization shown by arrows). changes and be, de represent dis- 
(6) An ‘allowed’ domain wall con- continuous irreversible changes. 


figuration (direction of magnetiz- 
ation normal to plane of diagram). 


is there a reduction in the Barkhausen contribution but it is evident from an 
examination of fig. 1 and the parameters given in table 2 that the size of the 
Barkhausen discontinuities is also reduced by an increase in demagnetizing factor. 

It would seem safe to conclude from these results that the reversible proportion 
of the total susceptibility rises as the demagnetizing factor increases and that 
both the irreversible contribution and the magnitude of the Barkhausen 
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discontinuities decrease correspondingly. This can be explained by reference 
to fig. 7. In a specimen with zero demagnetizing factor the sequence of reversible 
and irreversible changes in magnetization may be represented by a series of steps 
ab, be, etc. in which ab, cd. . . represent reversible changes in magnetization 
and be, de... represent the discontinuous changes in magnetization which 
produce Barkhausen discontinuities. The diagram can be considered as a much 
‘magnified’ hysteresis curve. The effect of a demagnetizing factor is to reduce 
the effect of the applied field so that 
? Hog = iced > Rees G 

and this is usually represented as a ‘rotation’ of the uncorrected hysteresis 
(I, A,ppiiea) Curve through an angle 0, where tan 6=N (see Bates 1951); -¢ue 
‘corrected’ (I, H.™) curve remaining unchanged. 

So far as the reversible regions ab, cd of the curve are concerned this 
correction is still applicable and the (J, H) curve is unaltered, the effective 
susceptibility being given by eqn. (1a). However, over a portion such as be 
there is a discontinuous change in J, and hence a change in the demagnetizing 
field NJ, with no alteration in the externally applied field. In the change be the 
effective field is thus reduced from H,, to H, given by 

Hy=Hy—3H,.=H,— Nol, = ae (5) 
and the ‘idealized’ path is thus a discontinuous change in J from b to c followed 
by a reversible reduction in J and H fromctoc’. The reduction in magnetization 
from c to c’ is given by 

dL 7 WM revoH oe 7 rey NL y¢', ENS DDS (6) 
where x°,,, is the reversible susceptibility corrected for demagnetizing factor. 
The rate at which these changes take place is controlled by the eddy currents in 
the specimen and the actual path followed will be of the form represented by be’. 
The effective size of the discontinuous change in magnetization is thus reduced 
from d/,, to df, and the reversible contribution is correspondingly increased, i.e. 


ie me dT a Nee vol per ae df,./(1 te Neer) DOEDC O'0 (7) 


In the present measurements the results are given in terms of the 
susceptibilities as an average value 8//SH,ppiica) and the relevant expression is 


N 
Kirrey — te Udi Los CIOS (8) 
N Y (7 : pweric é 
where «"iney is an ‘irreversible susceptibility Al ye/AHappiea and could be 


obtained from measurements on a specimen with zero demagnetizing factor and 
applying eqn. (1a). 


The factor Nx®,., is thus a measure of the reduction in the Barkhausen effect _ 


produced by the demagnetizing factor. Because of the high demagnetizing 
factor of the four specimens used it is practically impossible to make a reasonably 
accurate estimate of x°,., but it is probable that «°®,,, is of the order 50 to 100 at 
remanence giving, with N=, a value of 1+ Nx®,., between 6 and 11, which is 
of the order of the reduction in the magnitude of the Barkhausen effect. 

The present results would seem to explain the fact that the treatments of the 
magnetization curve of single crystals which have been presented by Néel (1944) 
and Lawton and Stewart (1948), assuming conditions of complete reversibility, 
are in such good agreement with experiment (Bates and Neale 1950). This is 


presumably due to the fact that the crystals investigated experimentally have all 1 


| 
| 

i 

| 

| 


| 
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had rather large demagnetizing factors; although the experimental conditions 
were such as to reduce the demagnetizing effect they would correspond more 
closely to the theoretical conditions of reversibility than would have been 
generally expected. It is hoped that a detailed treatment of the subject will be 
presented in a separate paper. 


§ 5. CONCLUSION 


It might well be suggested that the obvious method of eliminating the shape 
effect would be to use specimens with small demagnetizing factor. In addition 
to the obvious difficulties of producing a single crystal with length to diameter 
ratio of say 100: 1, the consequent increase in size would result in an increase in 
the already considerable time involved in carrying out an analysis of the 
Barkhausen effect. It is possible that this problem may be solved by the careful 
choice of a ‘picture frame’ crystal, but even in this case there would still be a 
considerable increase in dimensions if the crystal is to be sufficiently robust to 
allow for the necessary machining and preparation. The simplest solution to 
the problem would be to confine investigations to measurements of the total and 
reversible susceptibilities only and to estimate the reversible contribution from 
the difference. 

The results of this work on small single crystals may be summarized by 
stating that it has been demonstrated that the magnitude of the Barkhausen effect 
is strongly shape dependent and that an explanation has been given. It is shown 
that if the demagnetizing factor of the specimen is large the Barkhausen effect is 
small and the magnetization process is mainly reversible. This effect would 
explain the good agreement between some of the theoretical and experimental 
investigations on single crystals, which assume conditions of complete reversibility. 
It is also suggested that in single crystals such as iron the Barkhausen effect is 
to be associated with the movement of 180° boundaries. 
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Abstract. Experiments have been carried out on the probability of ionization 
of mercury by electron impact, using an electron gun and space charge detector. 
Some irregularities in the curve obtained for the variation of probability with 
electron energy have been found to be associated with instability and oscillations in 
the detector. These appear to arise from a periodic rearrangement of space charge. 
The results show that under certain conditions the response of a space charge 
detector can be non-linear and that it can give spurious effects which might be 
misinterpreted as marking the onset of new ionization processes. 


$1. INTRODUCTION 


INCE the work of Lawrence (1926) a number of investigations have been 
carried out on the ionization of mercury vapour by electron impact, which 
indicate that there are irregularities in the ionization probability curve 

above 10-38v. Some experiments show the irregularities as changes in slope, 
others as maxima and minima, and there is marked disagreement in the number 
reported by different observers. ‘The true probability curve seems to have been 
determined by Nottingham (1939). His results indicate that the chance of 
ionization does not increase regularly with electron energy above the first ionization 
potential of 10-38v. Instead, it passes through a maximum at 10-8 v, a minimum 
at 11:05 v, asecond less pronounced maximum at 11-45 v, and thereafter, although 
probably continually increasing up to at least 12:5v, does so irregularly. 
Nottingham used a magnetic analyser to reduce the velocity spread of the electron 
beam, and collected the pos.tive ions by a small wire made slightly negative to the 
space. He used every available technique to obtain pure mercury vapour and to 
reduce spurious effects. His results are supported by later work by Stevenson and 
Hipple (1942). Accepting Nottingham’s results as most probably correct, an 
explanation must be sought for the disagreements in the results of the earlier 
experiments, many of which were done with great care. McFadden’s experiments 
(1946) were a first attempt in this direction. He obtained results apparently 
similar to Nottingham’s, using a simple tube with a pure tungsten filament and 
detecting the positive ions by a space charge detector used by the Hertz method. 
A sharp minimum in the curve showing the variation of ionization cross section 
with voltage was recorded at 10-85v. The tube was not however designed for 
exact measurement of fine structure and it was surprising that it showed such 
detail. McFadden has discussed the possibility of the irregularities arising from 
such effects as periodicities in the structure of the filaments and grid, or variations 
in thermionic emission constants of the material of the filament. 

The work described in this paper is an extension of McFadden’s. It has been 
shown that the irregularities which appeared on his ionization probability curve 
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almost certainly arose from an instability in the space charge detector. This 
instability can be associated with low frequency oscillations and is probably due toa 
discontinuous rearrangement of space charge. It is possible that this effect may 
have caused some of the disagreement in the results of the earlier experiments on 
ionization of mercury vapour. It does not directly affect the reliability of 
Nottingham’s results, as his experimental method was different. 


§ 2. EXPERIMENTAL METHOD AND RESULTS 


‘The arrangement of the electrodes in the experimental tube is shown in fig. 1. 
A pure tungsten filament F, 0-1 mm in diameter and 3-0 mm in length, was set at a 
distance of 2-0mm from, and at right angles to, a slit S of width 0-5 mm to which 
electrons from F could be accelerated. The slit was covered with fine mesh gauze, 
the wires of which were set diagonally to reduce possible effects of geometrical 
periodicities. The electrons which passed through 5 could be further accelerated 
through a gauze covered hole G into the space charge detector, which was a 
cylinder D with a pure tungsten filament E 0:1mm in diameter. The filament 
was slightly bowed and set at right angles to the axis of the cylinder. 


[iat 


Fig. 1. Circuit and electrodes of experimental tube. 


The electrodes other than the filament were made of nickel or nickel-chrome 
and were enclosed in a soda glass envelope attached through a liquid air trap to a 
pumping train. ‘The tube was maintained at a temperature of 350°c for 10 hours 
during pumping, the electrodes were raised intermittently to a red heat by eddy 
currents, and the filaments were maintained at white heat for half an hour. After 
this heat treatment mercury was distilled into the tube from a small multi-stage 
vacuum still into which pure mercury had been previously fractionated. A 
discharge was passed through the mercury vapour to give the electrodes a final clean 
up before sealing off the tube, which was done after preheating of the seal. 

The circuit used in the experiment is also shown in fig. 1. The cylinder D 
was made 2V positive to the negative end of E. ‘The temperature of E was high, 
and the flow of electrons from E to D was limited by their space charge. The 
electrons from F were accelerated to S, which, unless otherwise stated, was 8v 
positive to the negative end of F. ‘They were then further accelerated through G 
into D where they collided with gas atoms to produce positive ions. ‘The slow 
moving positive ions neutralized part of the space charge around E, giving an 
increased electron current from Eto D. ‘This increase in current is normally taken 
as a measure of the number of ions produced. ‘The main electron current from 
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E to D, about 2ma, was balanced out in the galvanometer K by a reverse current 
produced by a set of fine control potentiometers, and the galvanometer was then 
used at a sensitivity of 5mm/a to measure the variations in current from E to D. 

A typical plot of this variation in current with energy of the electrons entering 
D from F is shown in fig. 2. The operating conditions were : heating current 
for F, 2:20; heating current for E, 1:50; potential difference between D and E, 
2:00v; potential difference between S and F, 8-00v; tube temperature 26°c, and 
vapour pressure 0:002mmHg. No attempt has been made to correct the voltage 
scale for contact potential difference or for potential differences along the leads. 
The curve shows irregularities at X and Y which are similar to some of those 
obtained by McFadden (1946). Further investigation showed however that the 
voltage spacing of the breaks and their sharpness was highly sensitive to operating 
conditions. ‘The variation in voltage position of the breaks for different runs was 
as much as 1-:0v and was probably too large to be caused by varying contact 
potential differences. 


T (uA) 


°0 I 12 0 | 2 
Volts € (LA) 

Fig. 2. Variation in the electron Fig. 3. Response of the space charge 
current J in the detector as a detector J as a function of the current 
function of the energy of the of ionizing electrons e for different 
ionizing electrons. electron energies. 


When recording the variations in current, readings of the galvanometer were 
taken at intervals of 0-01v. In many runs it was noticed that the galvanometer 
became unstable at one reading on the downward break and oscillated with 
amplitude of about 2 to 3cm on the scale. For readings of voltage on each side 
of this the scale reading was stable to 0-5 mm. ‘These measurements indicated that 
some process was taking place within the tube which was not necessarily connected 
with ionization probability. ‘To investigate it further the following experiments 
were verformed. 
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(i) Velocity Distribution 

The electrons from F were accelerated by 8 v to S and were then retarded by a 
variable potential difference between S and G. ‘The electron current from F to G 
was measured as the retarding potential was increased. A graphica' differentiation 
of the decrease in current showed the velocity distribution of the electrons entering 
G from F to be roughly gaussian with a half width of the order of 0-6v. It is 
difficult to understand how the detail shown in fig. 2 could be recorded using this 
wide velocity distribution if it resulted from atomic processes. In some cases the 
abrupt changes in current occurred within 0-01 v. 


(i1) Space Charge Detector 


An investigation was made of the changes in current in the space charge 
detector when the number of electrons entering from F was increased, their energies 
being kept constant. ‘The intensity of the electron beam entering D from F was 
altered by varying the potential of 5S from 0 to 6-0 positive with respect to F and 
was measured by the galvanometer H placed in the circuit on the lead to G. The 
changes in current between E and D were plotted against the intensity of the electron 
beamentering DfromF. For electron energies of 10-8 v and 11-0 v, determined by 
the potential difference between F and G, the curves pass through a series of maxima 
and minima as shown in fig. 3, curves A and B respectively. For 12-0v the curve 
is smooth, as shown in curve C. If the detector is operating normally, all these 
curves should be straight lines, since for any given energy the number of ions 
produced should be directly proportional to the number of the ionizing electrons. 
The results indicate that for the conditions of curves A and B of fig. 3 some 
instability was occurring in the space charge detector. For the slightly different 
conditions of curve C, the detector behaved more regularly 


(iii) Low Frequency Oscillations 


A test was made in the detector circuit (D to E) for the presence of low frequency 
oscillations at the discontinuities found in fig. 2. A 1000 ohm resistance was placed 
in series with the circuit. ‘The variations in the potential difference across the 
resistance due to the current were amplified and applied to the vertical deflecting 
plate of a cathode-ray oscillograph. When conditions were adjusted so that the 
current to D was just about to decrease abruptly, as at X in fig. 2, oscillations were 
visible on the screen of the oscillograph. ‘They correspond in this case to 20 A 
oscillating current when the total change in current between E and D due to the 
ionization was about 60a. ‘The frequency of the oscillation was 300c/s and the 
wave form that of a relaxation oscillation. When the voltage between F and G was 
increased or decreased by 0-2 Vv the oscillations disappeared. 


(iv) Voltage Position of the Irregularities 


A study of the irregularities showed that they occurred at lower bombarding 
electron energies (measured by the voltage of G with respect to F) for higher 
currents of the bombarding beam (dependent on the voltage of S with respect to F), 
the heating current of F being kept constant. ‘Two curves obtained are shown in 
fig.4. For curve A 4v were applied to S, and the irregularity occurred with 13-20 v 
on G. For curve B 8v were applied to S, thus giving a higher current; the 
irregularity then occurred at 12:25yv. ‘This wandering of the irregularity is a 
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movement with respect to the unvarying initial rise in the curve due to ionization 
at about 10v, below which the curves are coincident. It is therefore unlikely to 
arise from varying contact potential differences, or potential drops along the leads. 

The dependence of the voltage position of the irregularity upon the current in 
the primary electron beam enteri>g D from F was repeatedly studied with similar 
results by this method or by varying the current through change in the temperature 
of F. It was noticed in each case that the irregularity occurred at about the same 
current from E to D in the space charge detector, probably corresponding to a 
definite ion density. 


e (10°a) 


Volts 


Fig. 4. Variation in the current in the space 
charge detector J as a function of the Fig. 5. Ionizing electron current e and space 
voltage of the ionizing electrons, for charge detector current J as a function of 
different potentials on the first grid S. the voltage of the ionizing electrons. 


The voltage position of the irregularity also varied with the heating current of 
the filament EF, and with the anode voltage of D with respect to E. It was lower for 
greater heating current or for lower anode voltage. 


(v) Primary Electron Current 


The possibility that the irregularities originated in the electron source F and 
were being carried into the detector by the electron beam was investigated. 
Figure 5 shows plots of variations in the grid current e, measured by the galvano- 
meter H in fig. 1, and in the detector current J, with electron energy. In this case 
there is no indication of irregularities in the grid current. Galvanometer sensi- 
tivities were such that a change in e produced seven times that change in J. Further, 
when oscillations were being observed in the detector currents none could be 


observed in the grid currents. It seems that, in this case at least, the irregularities _ 1 
originate within the detector. 
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(vi) Effect of External Circuit 

All experiments were carried out within an earthed metal cage which screened 
the apparatus from external electrical disturbances. The oscillations were found 
to occur for various circuit designs. There was no detectable change in frequency 
when capacities and inductances were introduced into the circuit. We thus 
conclude that the oscillations do not depend upon the external circuit. 

When a 25 mH choke coil was placed in series with the circuit between E and D 
the oscillations could no longer be observed. However, the characteristic was 
identical with that taken without the choke, and showed irregularities similar to 
those infig.2, Itis concluded that the irregularities in the current characteristic do 
not depend on the existence of oscillations in the external circuit, and that the 
associated phenomena of oscillations and irregularities cannot be explained by 
circuit pick up of electrical disturbances. 


§ 3. Discuss1on 

There are three aspects in which the results of these experiments are significant : 
(i) They indicate that under certain conditions a space charge detector may become 
non-linear and unstable; (11) they resolve some of the difficulties associated with the 
interpretation of the experimental results on the ultra-ionization potentials of 
mercury vapour by showing that McFadden’s results did not necessarily arise 
from variations in ionization probability; and (iii) they indicate a phenomenon of 
instability of space charges which, as far as is known, has not previously been 
reported, and give some basis for a theory of its mechanism. 


(i) Instability of the Space Charge Detector 

Space charge detectors have been used to measure ionization in such experi- 
ments as those of Lawrence and Edlefsen (1929) on photo-ionization, Hughes and 
Van Atta (1930) and McFadden (1946) on ionization in mercury vapour by electron 
impact, and Varney (1936) on ionization by atomic impacts. It is interesting to 
note that in each case there were unexplained anomalies. Lawrence and Edlefsen 
obtained results for the photo-ionization of potassium which were not in agreement 
with the results of other experiments. Hughes and Van Atta found only changes 
in slope in the ionization probability curve for mercury vapour, while McFadden 
reported maxima and minima. Varney’s results disagreed with similar work by 
Rostagni (1934), who used an electrometer directly to measure ionization. It is 
not possible to make a complete analysis of these experiments but it is suggested 
that an instability of the space charge detector such as that reported in this work 

may have been responsible for some of the anomalies. 


(11) Jontzation in Mercury 
The experiments reported here show that McFadden’s results cannot be 
interpreted unambiguously as variations in ionization probability. Similar 
effects may have been present in the experiments of other workers although it is 
impossible to be certain because of the differences in the experimental techniques. 


(iii) Mechanism of the Oscillations 
The natural interpretation of the irregularities observed is that they are due to 
the onset of oscillations. ‘Three considerations indicate however that ion oscilla- 
tions may not be the sole cause of the effects observed. (a) ‘The frequency cal- 
culated for ion oscillations under comparable conditions (Kingdon 1923) 1s not less 
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than 10ke/s, which is much higher than the frequencies of the oscillations which we 
have observed. (b) The life time of an ion under the experimental conditions is 
about 10-°sec, which is probably too short to produce oscillations of 300c/s. 
(c) It is to be expected that an ion in oscillation would have a longer life time than 
normal. It would thus cause greater neutralization of space charge and a con- 
sequent increase in electron current in the detector. Contrary to this it has been 
found that on the onset of oscillation there is a marked decrease in current. 

The low frequency of the oscillations and the fact that they seem to occur 
when some critical ion density is present within the detector indicates that they are 
caused by a periodic rearrangement of ion space charge. Consideration of the 
present experiments in conjunction with others made by Kingdon (1923) shows 
that the oscillations probably consist of a relatively slow accumulation of ion charge 
followed by a sudden loss of ions. The loss may be due to a partial disappearance 
of the potential minimum near the cathode resulting in a more rapid flow of ions 
to it. This oscillation would repeat itself with a frequency determined mainly 
by the time required for the ion space charge to accumulate and would cause a 
corresponding oscillation in electron current to the anode. 


$4. SuMMarRY OF RESULTS 


Using a space charge detector by the Hertz method to study the ionization of 
mercury vapour by electron impact, irregularities have been found in the ionization 
probability curve above 10-4v. The irregularities are similar to some reported 
previously, but because of their variations with tube conditions it is believed that 
they do not arise from atomic processes and are caused by an instability in the 
space charge detector. Low frequency oscillations in the current in the detector 
were found to be associated with the irregularities. It is suggested that this 
phenomenon may have caused spurious results in other experiments with space 
charge detectors including experiments on the ultra-ionization potentials of 
mercury vapour, and that the irregularities and oscillations arise from a 
discontinuous rearrangement of ion space charge. 
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Thermoelectric Effects due to Stationary and Moving 
Asymmetrical Temperature Gradients in Mercury 


By. N. FUSCHILLO 
‘The Physical Laboratories, University of Leeds 


Communicated by E. C. Stoner; MS. received 17th March 1953 


Abstract. Stationary and moving asymmetrical and symmetrical temperature 
distributions are applied to mercury, employing maximum temperatures from 
the melting point to the boiling point of mercury and an asymmetrical temperature 
gradient ratio of 1:96. No electromotive force greater than 0-005 pv was detected 
until maximum temperatures greater than 176°c were reached. These e.m.f’s 
were found to be spurious and were traced unambiguously to the finite electrical 
conductivity of Pyrex glass above this temperature. The experiments confirm 
the conclusions drawn from earlier work on copper and platinum, and show that 
the Thomson e.m.f. produced by a temperature difference is independent of the 
shape of the temperature gradient and the rate at which it is changing. 


§ 1. INTRODUCTION 


N a previous paper (Fuschillo 1952, to be referred to as I) it was shown that 

the difference in the e.m.f’s produced by applying asymmetrical and then 

symmetrical temperature distributions to specimens of copper and platinum 
were probably explained by the more extensive ‘averaging’ of the e.m.f’s due 
to inhomogeneities on the shallow side of the asymmetrical temperature 
distribution than on the steep side. If the explanation suggested is correct 
it would be expected that a metallic substance which exhibits no e.m.f. on the 
application of a symmetrical temperature gradient would also exhibit no e.m.f. 
on the application of an asymmetrical temperature distribution. Mercury can 
be expected to be comparatively free from the type of inhomogeneity (strains, 
inclusions etc.) in which it is envisaged that the symmetrical and asymmetrical 
effects originate. [he experimental methods developed in the previous 
investigation have therefore been applied to this metal in the expectation that 
the behaviour would be different from that shown by solid metals. Experiments 
were performed with maximum temperatures varying from the melting point 
to the boiling point of mercury in an apparatus producing an asymmetrical 
gradient ratio of approximately 1:96. ‘The specimen was of uniform cross- 
sectional area, and hence the heat current in the steep temperature gradient 
was approximately 96 times that along the less steep gradient, thus producing 
a net flow of heat through the conductor. ‘This experiment, therefore, also 
provides a means of examining whether the irreversible heat flow due to thermal 
conduction, which necessarily accompanies the production of the Seebeck e.m.f. 
in a thermoelectric circuit, itself contributes to this e.m.f. (Giauque, Bufhngton 
and Shulze 1927). 

In the treatment of the thermoelectric circuit given by Bruzs (1935) an e.m.f. 
is predicted due to the application of a temperature gradient under transient 
conditions. An attempt to detect this e.m.f. was made by rapidly moving an 
asymmetrical temperature distribution of ratio 1:96 along the mercury 
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specimen. Finally, to ensure that all the electrical effects which might be 
produced by an asymmetrical temperature distribution were investigated, an 
electric current was reversed through the asymmetrical heat flow under both 
equilibrium and transitory conditions. Measurements on any change in the 
magnitude of this current on reversal were made to verify that no interaction. 
occurred between the irreversible heat current and the electric current. 


§2. Previous WoRK 


The results obtained with mercury in previous attempts to measure 
asymmetrical temperature gradient e.m.f’s show little agreement. Electromotive 
forces have been measured by Benedicks (1917, 1919), Gouineau (1920), Tsutsui 
(1929) and by Ch’en and Band (1936). On the other hand Haga and Zernike 
(1919) obtained a maximum e.m.f. of only 0:05v, while Benade (1921) and 
Fraser (1938) could not detect an e.m.f. greater than 0-Oluv. Over half of 
these workers employed the constriction method, the others asymmetrically 
heated mercury contained in glass tubes of uniform diameter with non-uniformly 
wound electric furnaces. ‘The first method is open to the following objection. 
The production. of an asymmetrical temperature gradient e.m.f. may be 
dependent upon an asymmetrical flow of heat in the specimen. ‘The steep 
temperature gradient is produced by constricting the specimen and heating on 
one side of the constriction. This procedure, however, severely limits the 
asymmetry of the heat flow as the thermal current through a cross section of a 
conductor is directly proportional to both the cross-sectional area and the 
temperature gradient. With the second method only small (ie. less than 
1:7) asymmetrical gradient ratios can be applied. ‘The limitations of both 
of these methods can be overcome by the present procedure, in which an 
asymmetrical gradient ratio of 1:96 is applied to a specimen of uniform 
cross-sectional area. 


§ 3. PRESENT WorK 


The general method of investigation was similar to that described in I. 
Platinum wires, in the tubes a and a’ of fig. 1, were used to lead the e.m.f. 
developed in the mercury system to the galvanometer, and platinum—iron 
thermocouples were used, in a manner described later, to verify that the 
mercury platinum junctions were at equal temperatures. 


(1) Experimental Details 


Vacuum distilled mercury, outgassed and dried by pumping over it for 
six hours at a temperature of 100°c, was used to fill the apparatus illustrated 
in fig. 1. Here A is a brass former of thickness 1-5 mm on which was wound 
a coil of Pyrex tubing of axial length 41 cm and diameter 11:5 cm, with zero 
spacing between successive turns. ‘The Pyrex tubing had an internal diameter 
of 2-0 mm and an external diameter of 3-0 mm. The system had been cleaned 
with chromic acid and distilled water,. after which it was thoroughly dried. 
‘The mercury in the reservoirs D and D’ could be circulated through the coil 
by opening taps E and E’, the tubes C and C’ acting as air traps. A length of 
40 cm of the Pyrex—mercury leads from C and C’ was immersed in the mercury 
H contained in a Pyrex tube, which was surrounded by oil G contained in a 
Dewar vessel. ‘The leads terminated in the sealed tubes a and a’ each of which 
contained a junction (b or b’ of fig. 2) of one platinum and two iron wires, the 
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junction only being in electrical contact with mercury. To the other ends of 
these wires were soldered copper leads connected to thermoelectrically neutral 
reversing switches 1 to 5 (fig. 2). The junctions cc’, dd’, ee’ of these wires were 
insulated with ‘ Sleek’, wrapped together and placed between the tubes a and a’. 
Thus immersed in the mercury H these junctions were very nearly at the same 
temperature as b and b’. With the aid of switch 1 and galvanometer G, the 
e.m.f. developed in the mercury could be measured, and with G, and switches 2 
and 3 the equality in the temperature of the junctions b and b’ could be 
ascertained with the platinum—iron thermocouples by the method outlined for 
platinum in I. With the arrangements described no difficulty was experienced 
in maintaining b and b’ at the same temperature to 0-001°c, which enabled 
measurements significant to 0-005 uv to be made. The galvanometer employed 


dp 
=e, 


S aa a ae a 


ao FaaS 
= Coe 


ZR 


(ELL 


Fig. 1. Apparatus for producing stationary or moving asymmetrical temperature gradients. 
in mercury contained in Pyrex tubing. Asymmetrical gradient ratio 1 : 96. 


was the same as that used in the previous experiments with copper and platinum. 
The resistance boxes A, B and C in conjunction with an accumulator and 
switches 4 and 5 enabled an electric current to be reversed through the mercury 
circuit. ‘This current was measured with the galvanometer G,. 


(11) Precautions against Spurious Effects 


As a safeguard against electrical interference from outside sources the 
apparatus was electrically shielded and the oil heaters switched off while a 
measurement was taken. ‘The test for electrical leakage between the coil and 
the former, described in I, was performed at regular intervals. In addition the 
galvanometer G, could be included in a circuit to measure the magnitude of 
such a leakage current. The mercury in a and a’ of fig. 1 was occasionally 
subjected to a pressure of approximately one metre of mercury. If leakage of 
mercury occurred through the rubber and black wax sealing these tubes, the 
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mercury coil could have been short circuited. Hence, the insulation resistance | 
between the junction b of fig. 2 and the mercury H was frequently checked. — 


The resistance of the mercury circuit was measured at every reading to ensure 
that the electrical connection was complete. ‘The simple electrical circuits 
associated with these arrangements are not shown in fig. 2. 

(iii) Experimental Procedure and Results 


Asymmetrical temperature gradients were produced by immersing the first 
six turns of the coil in electrically heated oil for maximum temperatures above 


20°c, or acetone cooled with liquid nitrogen for lower temperatures. Symmetrical | | 


gradients were similarly applied by immersing the loop B’, illustrated in fig. 1. 


No symmetrical gradient e.m.f. could be detected for maximum temperatures | 
varying from the melting point to the boiling point of mercury. When the mercury _ 


—— Platinum 
---- Iron 
Copper 


Fig. 2. Electrical circuit for measuring e.m.f’s, produced in the apparatus illustrated in 
fig. 1. Junctions b and b’ are in electrical contact with the mercury contained by 
tubes a and a’ of fig. 1. 


solidified, however, electromotive forces were produced. An e.m.f. of 0-12 pv | 


was recorded when the acetone bath was at a temperature of —41°c. This effect 
was undoubtedly caused by the inhomogeneous solidification of the mercury. 


No e.m.f. was observed on applying asymmetrical temperature gradients until | 


a temperature above 176°c was reached, but then the insulation resistance 
between the coil and the former A was no longer infinite. The e.m.f. increased 
and the insulation resistance decreased with increasing maximum temperature. 
‘The results obtained at temperatures in excess of 176°c showed little uniformity, 
the electromotive force produced depending on the thermal history of the run. 
A typical example of this effect is as follows. 


Deen Cac) 176 185 230 300 
Asymmetrical gradient e.m.f. (uv) 0-00 0:06 0-14 0-21 
Insulation resistance (ohms) © S0R102 8:5 x 10 9:0 105 


Leakage current (A) 0-00 0-12 0-64 0-83 


; 
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The electromotive forces observed were undoubtedly due to the significant 
electrical conductivity of the Pyrex glass at the higher temperatures, while the 
rather large values of the leakage current were probably caused by the e.m.f. 
developed in the mercury—Pyrex—brass system. 

Transitory conditions were produced by opening the taps E and E’ of fig. 1, 
thus allowing mercury to circulate through the coil. Experiments similar to 
those already described were then repeated at a bath temperature of 150°c. 
The rate of flow was nearly 50 cm? min-!. Thus an asymmetrical temperature 
distribution, with an asymmetrical gradient ratio of approximately 1 : 96, was 
moved along a mercury conductor at the rate of 26 cmsec!. No e.m.f. was 
observed during the circulation of the mercury or on immediately starting or 
stopping the flow. ‘The experiment, therefore, failed to verify the prediction 
of Bruzs (1935). This procedure was repeated at a bath temperature of 220°c 
but no change in electromotive force was produced. 

Finally no change in electric current, measured with galvanometer G, of 
fig. 2, was observed on reversing 10a through both stationary and moving 
temperature distributions. ‘The precision of this measurement was 0-01 ma. 
In the experiments described above the difference in heat flow along the sides 
of the stationary asymmetrical temperature distribution, estimated from the 
area of cross section of the specimen, the thermal conductivity and the 
asymmetrical gradient ratio, was found to be 0-04calsec"! for a maximum 
temperature difference of 280°c. 


§ 4. CONCLUSION 


These experiments show conclusively that, in the absence of spurious effects, 
no e.m.f. greater than 0-005 .v is produced by applying stationary or moving 
asymmetrical temperature gradients of ratio 1:96 to a homogeneous conductor. 
Hence, in such a conductor, the Thomson e.m.f. produced by a temperature 
difference is independent of the shape of the temperature gradient and the rate 
at which it is changing. Moreover, no evidence has been found for any kind 
of interaction between reversible electrical phenomena and irreversible heat 
transfer in the thermoelectric circuit. ‘There is no apparent reason why these 
conclusions should not apply to any homogeneous metallic conductor. 
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The Design and Operation of a 4:5 MeV Microtron 


By C. HENDERSON, F. F. HEYMANN anp R. E. JENNINGS 
University College, London 


Communicated by H. S. W. Massey; MS. received 16th February 1953 


Abstract. ‘The design and construction of a 45Mev microtron is described. 
The machine operates at a wavelength of 10 cm, at a magnetic field of about 
1000 gauss. The diameter of the final orbit is approximately 30 cm. A 
circulating current of about 0-24a mean has been observed at a duty cycle of 
4x 10-4, with a 500kw peak microwave source. 

A simple and efficient method of beam extraction has been developed. 
This has enabled a beam of semi-angles 1-5° in the horizontal plane and 0-3° in 
the vertical plane to be brought into the laboratory. 

It is concluded that with sufficient radio-frequency power, the output of 
the microtron should compare favourably with that obtainable from linear 
accelerators. 


§ 1. INTRODUCTION 


LTHOUGH the principle of operation of the microtron was established 

EX at the same time as that of the synchrotron (Veksler 1945, MacMillan 

1945), the former instrument has received much less attention than the 

latter. ‘This reluctance to investigate the practical possibilities of the microtron 

seems to be based largely on the lack of positive magnetic focusing of the particles 
and on the difficulties associated with injection. 

The first published account of the operational characteristics of a microtron 
is that of a machine constructed by Redhead, LeCaine and Henderson (1950). 
Judging by their experience, and that of the present authors, the lack of magnetic 
focusing is not serious; the electric focusing due to the resonator field is 
apparently enough to prevent a serious loss of particles. The problem of 
injection was overcome by accelerating electrons from rest, using field emission 
from the resonator lips as a source of electrons. 

When a high energy electron scattering programme was started in these 
laboratories, it was felt that two important features of a suitable accelerator 
should be (a) ease of extraction of the electron beam, (b) ease of providing a 
beam of constant and known energy. The first of these is met by the microtron, 
in so far as the orbits are well spaced, which makes it possible to provide a 
magnetic-field free path from the final orbit without interfering appreciably 
with the field at the preceding orbit. The second condition is satisfied, since 
the microtron requires a steady field, as distinct from the alternating magnetic 
fields of both the betatron and electron synchrotron. This makes it possible to 
stabilize the field with ease and the output energy is determined by the value of 
the magnetic field and the position of the extractor mechanism. 

For these reasons, it was decided to construct a small microtron, in the 
first instance to act as a source of electrons for scattering experiments at 4-5 Mev, 
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and secondly to provide practical information about the behaviour of this type 
of accelerator, as a guide to the design of a larger machine. 

The microtron has been found to be remarkably stable in operation, in spite 
of the fact that field emission is relied upon to provide the electrons to be 
accelerated, and the beam has been brought out of the machine by very simple 
means. With the confidence gained during the operation of this small machine, 
the design of a 30 Mev microtron has been commenced. 

The principle of magnetic resonance on which the operation of the microtron 
rests has been discussed in greater detail by various authors since its introduction 
by Veksler (Redhead et al. 1950, Itoh and Kobayashi 1950, Henderson e¢ al. 
1953). 

The accelerator operates in the manner described below. 

A microwave resonant cavity, the shape of which is illustrated in fig. 4, is 
placed near the edge of a steady, uniform magnetic field, with its axis of symmetry 
perpendicular to the direction of the magnetic field. The resonator is excited 
so that the peak voltage across the lips is slightly larger than the voltage 
corresponding to the rest mass of the electron (about 0-511 Mev). Electrons 
are emitted from one of the lips by field emission and those which cross the gap 
at the appropriate phase of the electric field emerge from the hole in the opposite 
cone of the cavity with a total energy of two rest masses. ‘The values of the 
magnetic field and the operating frequency of the cavity are adjusted so that such 
electrons require a time corresponding to two cycles of the radio-frequency 
field to complete their first orbit. They will then make the next transit of the 
cavity at the correct phase for each electron to gain one additional rest mass of 
energy. Since the time needed for an electron to complete an orbit in the magnetic 
field is directly proportional to its total energy, the second orbit corresponds 
to a time interval of 3 cycles of the radio-frequency field and the electrons under 
consideration once more arrive at the cavity at the appropriate phase for each 
to receive one rest mass of energy. In this manner the electron is subjected to 
continued acceleration, moving on orbits of increasing radii, all cotangential to 
the axis of the resonator. ‘Thus, after m transits of the accelerating field, the 
total energy of an electron is +1 rest masses. 

Other modes of operation are possible. If one considers electrons starting 
from rest, it can readily be shown that the possible conditions for resonance are 
given by (Redhead et al.) 


B=wem,/e(a—b) (gaussian units) —...... (1) 
_ mec b R; : 
Vers aoe), (caussiam Units)" "70" Sac eraen (2) 


where B is the magnetic flux density, V the peak potential ditference across the 
cavity, w the angular frequency of radio-frequency supply, my the electron rest 
mass, and a and @ any integers such that 1<b<a>2. The mode described 
above is the fundamental, corresponding to a=2, b=1. As there is no mode 
requiring a higher magnetic field, this is one of a set (corresponding to a—b=1) 
which requires the smallest possible magnet radius for a given final energy. 
Moreover, the mode of this set with 6=1 requires the lowest voltage of the set. 

At higher frequencies lack of a sufficiently powerful radio-frequency source 
makes it imperative to operate in one of the higher modes, requiring a lower 
value of the voltage. A 1Mev microtron, operating at 3 cm in the mode 
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a=4, b=1, has recently been constructed in the United States (Kaiser 1952). 
This seems to be about the best that can be achieved at a wavelength of 3 cm 
with present-day magnetrons. na 

The principle of acceleration outlined here possesses a phase stability broadly 
analogous to that of a synchrotron, by virtue of which an electron which crosses 
the accelerating gap with errors in energy and in phase undergoes a motion in 
the following orbit which tends to correct these errors. Various aspects of the 
limits of error in energy and phase within which phase stable acceleration takes 
place have been investigated (Itoh and Kobayashi, Henderson et al., Redhead 
et al., Veksler) and agreement of these calculations with the operational behaviour 
of the machine will be discussed in § 6. 


§ 2. MAGNET 


The microtron described here (see Plate I) is similar to that constructed by 
Redhead et al. It operates at a frequency of 3030 Mc/s in the mode a=2, b=1, 
so that the magnetic flux density required in the air-gap is 1070 gauss. This 
relatively low value has permitted the construction, by Mr. A. J. Tyrrell of 
Mullards, of a magnet of novel appearance, the major dimensions of which are 
illustrated in fig. 1. The pole pieces A are mounted on square steel plates B, 
spaced apart by four corner pillars C. The plates B and pillars C form the 
magnetic return path for the flux across the air-gap. Each of the exciting coils D 
consists of 1300 turns of No. 14 s.w.g. cotton covered copper wire. The two 
coils are connected in series. The solid brass rings E, of 14 cm x 0-5 cm cross 
section, act as damping resistances to limit the inverse voltage surge across the 
winding when the magnet is disconnected from the supply. As a further 
protection, a metal rectifier is connected across the windings with reversed 
polarity. 

The magnet requires approximately 4:5 amperes at 100 volts for full 
excitation. ‘This power is obtained from 3 phase, 400 volt a.c. mains, through 
six grid controlled mercury vapour rectifiers. ‘The magnet current is stabilized 
by balancing the voltage drop across a resistor in series with the magnet against 
the e.m.f. of a cell by a galvanometer and photocell unit. The amplified error 
signal is used to vary the firing time of the thyratrons in such a sense as to reduce 
the difference between the voltage across the resistor and that of the cell. By 
this means, the magnet current can be held constant to one part in a thousand 
for several hours, despite normal fluctuations in the supply voltage and a 15% 
increase in the winding resistance due to the temperature increase of the winding 
during operation. An early tendency towards hunting in the stabilizing system 
was cured by the addition of a resistance in series with the magnet, in order to 
lower the effective O of the magnet. 

The absolute calibration of the magnetic field was made with a nuclear 
resonance circuit. ‘The relative radial variation of the field was determined 
with a pair of flip coils, using a null method for comparing the field at any desired 
radius with the field at the centre of the magnet. The distribution obtained 
in the case of flat pole faces is shown in fig. 2, curve a. Subsequently the pole 
faces were shimmed in order to obtain a larger region of substantially uniform 
field. ‘The tightly fitting shimming rings are secured by means of grub screws 
pressing into the cylindrical surfaces of the original pole pieces. The radial 
variation of the field after shimming is shown in fig. 2, curve b. If the machine 
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is operated with the centre of the resonator in a field 1°/ below the central value,. 
the defocusing region of curve b is not serious and the use of the shims enables. 
the maximum output to be increased from 4 to 6 Mev. 

The upper pole can be lifted off the magnet and moved laterally by means. 
of a small travelling crane in order to provide access to the vacuum chamber, 


situated in the air-gap. 


§3. VacuuM SYSTEM 


The vacuum tank is constructed of brass with an internal diameter of 21 in.,. 


an internal height of 3? in., 


and a wall thickness of 2 in. 


Flanged ports are 


provided as illustrated in fig. 3, in order to accommodate the vacuum pumping 
manifold, a Philips type vacuum gauge, the waveguide feeding the resonator, 
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Fig. 2. Magnetic field distribution in the median plane. 
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Fig. 3. Vacuum tank—plan view. 


the beam extractor and a movable port for investigating individual electron 
orbits. Two additional viewing ports with glass windows are provided. All 


seals to the flanges are made with the aid of rubber ‘O’ rings. 


The lid of the 


tank is removable and is sealed to the body by a double ‘ O’ ring seal on a grooved 
flange on the tank body, with provision for pumping out the region between the 
two seals. In practice it has never been found necessary to make use of this 


facility. 
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The probe 1s situated diametrically opposite to the resonator, and can be | 
moved along this diameter by a remotely controlled motor operating on the i 
probe shaft via a rack and pinion. The probe shaft moves through a spring | 
loaded Wilson seal. The probe position is indicated at the control panel with | 
the aid of a slide-wire potentiometer, the jockey of which is mounted on the 
probe shaft. 

The whole radio-frequency transmission system, up to the magnetron input | 
unit, which itself operates at atmospheric pressure, consists of an evacuated I 
waveguide. Various tuning and matching adjustments are made through sliding | 
seals. 

The vacuum system consists of an Edwards 4 in. diffusion pump, charged — 
with Dow Corning 702 silicone oil, backed by an Edwards 1S—150 rotary pump 
fitted with a phosphorus pentoxide vapour trap. A large liquid air trap is 
interposed between the diffusion pump and the vacuum chamber, although the | 
necessity for this has not yet beén clearly established. The diffusion pump — 
can be completely isolated from the rest of the system. A by-pass line is provided | 
for admitting air into the chamber and for roughing out the chamber, whilst 
keeping the condensation pump hot. With the high pumping speed obtained 
with this arrangement, it is possible to dismantle the vacuum tank for making 
adjustments and to re-evacuate within half an hour. 

The lowest pressure yet obtained is 10-> mm Hg, but in practice it has been 
found that a pressure of 10-4 mm Hg is sufficiently good for reliable operation. 
It appears probable that the upper limit to the pressure is set not by defocusing 
of the beam, but by flashover in the radio-frequency system. 


$4. RESONATOR 


Various experimental resonant cavities have been built. Figure 4 shows 
the main features of the most successful design to date. The body is machined 
from a rectangular block of tellurium copper and is provided with a series of | 
water cooling holes, one of which can be seen at B in the diagram. The conical 
poles are hard soldered to their copper discs, which in turn are clamped to 
knife-edged surfaces on circular recesses in the body. Early fears that the 
clamped joints might introduce large electrical losses proved to be groundless, 
provided that the plates were clamped tightly and uniformly. It has in fact 
been possible to obtain a Q of 9500, as compared with an estimated theoretical 
Q of 11000. It is difficult to measure the shunt impedance of a cavity in 
which the holes through the poles are of approximately the same dimensions 
as the gap spacing. An estimate was made by determining the shift in resonant 
frequency when a dielectric rod was inserted along the axis of the cavity. With 
the assumption that the gap is effectively increased at each end by an amount 
equal to the radius of the hole, this measurement gave a value of 1:2 megohms. 

The cavity block is soft soldered directly to the waveguide, and electrical 
coupling is provided between the cavity and the waveguide by a hole D in the block, 
as shown in fig. 4. ‘The diameter of this hole was adjusted experimentally to give | 
the desired coupling. 

Frequency tuning of the cavity is accomplished by means of a thermal 
expansion device which moves the cone A axially relative to the body. A 
corrugation, not shown in the drawing, was made on the copper disc on which 
this cone is located in order to facilitate movement of the cone. This mechanism | 


The Design and Operation of a 4:5 MeV Microtron 659 


is capable of tuning the resonant frequency through the range 3030+5 Me/s. 
This method of tuning is very simple and is practically free from backlash, but 
has the disadvantage of a thermal delay of about 30 seconds. However, in 
practice the radio-frequency system is sufficiently stable to make retuning of the 
cavity seldom necessary. A mechanical tuner operating through a Wilson seal 
has been used successfully on another model. 


Fig. 4. Cavity resonator. 


Due to the relatively large transit time of electrons starting from rest and 
crossing the gap for the first time, the magnetic force acting on the electron 
during the transit causes the first orbit to be displaced as shown in fig. 5. 
Difficulty was experienced in designing a cavity for which the first orbit would 
not be impeded by the corner C of the cavity. The problem was eventually solved 


ar : 
F 
B | CV.76 
aes | i) 
A 
Fig. 5. Displaced first orbit. Fig. 6. Waveguide system. 


by making the cones asymmetrical, as shown in fig. 4. With this arrangement, 
the first orbit is placed symmetrically with respect to the external dimensions of 
‘the cavity, when the initial transit takes place from the long towards the short 
cone. The degree of asymmetry required was estimated by a numerical 
calculation of typical initial transits, assuming a uniform electric field in the gap. 

Field emission from the cavity lips is used to yield the electrons to be 
-accelerated, this emission being controlled by first polishing and gold plating 
the cones, to keep the normal field emission to a low level, and then inserting in 
the long cone a cylindrical phosphor bronze sleeve of % in. wall thickness. By 
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adjusting the distance that this sleeve protrudes into the gap, it is found that 
the emission can be readily controlled. This system has the advantage of 
enhancing the emission in the desired direction. The inside of the cavity can be 
observed directly through a small window shown at D in fig. 6. 


§5. RapIO-FREQUENCY SYSTEM 


Certain conditions have to be fulfilled in order to feed power stably from 
a self-excited oscillator into a highly resonant load (Pierce and Shephard 1947). 
Space does not permit a full discussion of these, but the major requirements 
in practice may be listed as follows: (a) A resistive load must be connected to. 
the supply, either in series, at an integral number of half wavelengths from the 
resonator, or in parallel at an odd number of quarter wavelengths from the 
resonator. The minimum value of this load depends largely on the character 
of the Rieke diagram of the oscillator. (b) The oscillator must be effectively at 
approximately an integral number of half wavelengths from the resonator, for 
optimum frequency stability. Small variations of the effective length of this 
section of the transmission system may be used for fine adjustment of tuning, 
by frequency-pulling of the oscillator. Figure 6 illustrates diagrammatically the 
way in which these requirements are met. 

Standard 3 in. x 14 in. brass waveguide is used throughout in the transmission 
system. A type CV.1480 (selected CV.76) pulsed magnetron operating at 
3030 Mc/s is the source of radio-frequency power. ‘The magnetron works at 
500 kw peak power output with a nominal pulse duration of 2 usec at a repetition 
frequency of 200 pulses per second. ‘The coupling of the magnetron to the 
transmission system is adjusted by controlling the depth of insertion of the 
output probe and by means of a plunger, as shown at A in fig. 6. 

The magnetron input unit which is specially widened to prevent breakdown 
is operated at atmospheric pressure, but the whole of the rest of the waveguide 
is evacuated. A Pyrex window 3 in. thick provides a vacuum seal at the choke 
flange B where the magnetron input unit is coupled to the rest of the system. 
The electrical length of the transmission line can be varied by means of a 
tapered dielectric line lengthener C operated through a Wilson seal. An E-plane 
series T-junction at an integral number of half wavelengths from the resonator 
provides connection to a water load F which acts as the stabilizing resistor 
Two appropriately placed screws ahead of the water load are used to adjust the 
load to its optimum value, and to cancel the shunt susceptance introduced into 
the waveguide by the T-junction. Due to the poor Rieke diagram of the 
magnetron it has not been possible to feed more than about 50°% of the total 
power into the cavity. 

The cavity voltage is monitored with the aid of a bolometer, coupled to a 
series window which is placed in the waveguide at an odd number of quarter 
wavelengths from the cavity. 


§ 6. OPERATIONAL CHARACTERISTICS 


(i) Resonator Voltage 


When the machine is adjusted for maximum current in the eighth orbit, it 
has been observed that operation takes place at a magnetic field of 1030 gauss. 
instead of the 1070 gauss required by the elementary theory of the microtron 
(with injection from rest). It is thus apparent that under optimum conditions 
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there is not sufficient radio-frequency power available to excite the cavity fully 


to yield 511 kev gain per transit. Operation takes place, instead, at 490 kev gain 
per transit. ‘The fact that a well-defined set of orbits is obtained at all under 
these conditions lends strength to the argument advanced by the authors 
(Henderson et al. 1953) that with injection from rest, resonance may be obtained 
when the voltage differs by a small fraction from 511 kv, if the magnetic field 
is different from the theoretical value by the same fraction. 

The peak voltage obtainable is less than one is led to expect on the basis of 
power input and the estimated shunt impedance of the cavity. ‘This is not 
surprising, as steady state conditions are never reached in the cavity during the 
pulse: the build-up time constant of the cavity is approximately 1 psec, whilst 
the total pulse duration is only 2 psec. 

(ii) Emission 

The total emission current has been collected on a large insulated brass 
septum placed to intercept all the current emerging from one side of the cavity 
using a low magnetic field. This current pulse, displayed on a fast triggered 
oscilloscope, has verified that the build-up time of the resonator is an appreciable 
fraction of the total pulse duration and that the cavity voltage is only large enough 
to cause field emission during the latter half of the radio-frequency pulse. 

The septum was also used to determine whether the polishing and plating 
of the cavity were effective in limiting the emission from the cone facing towards 
the backward direction. ‘This was done by comparing the current collected by 
the septum with the magnetic field in the normal direction with that collected 
with the magnetic field reversed. By this means, the wanted and unwanted 
currents were swung on to the septum in turn. ‘The reverse current was found 
to be only about one twentieth of the current in the required direction. 

The energy spectrum of the electrons emitted from the cavity was determined 
by operating the machine at a low magnetic field and recording the current collected 
by the movable probe as-a function of probe position. ‘his measurement in 
effect utilizes the magnet as a 180° focusing flat spectrometer and the energy 
spectrum obtained in this manner is shown in fig. 7. 


(111) Orbit Current 


Figure 8 is a typical plot of the current collected by the movable probe as 
a function of probe position under normal operating conditions. ‘The last two 
orbits are of decreased magnitude largely because they are located in the region 
of non-uniform magnetic field. A mean current of 0-2 in the eighth orbit 
is typical of the best performance of the machine. Since the voltage across the 
cavity is high enough for resonance only during the latter half of the pulse, this 
mean current corresponds to a pulse current of over 1 ma. Although only ten 
orbits are shown in fig. 8, eleven orbits have been observed under favourable 
conditions, with 0-084 in the eleventh orbit. ‘The machine was originally 
designed for only eight orbits but as electronic loading due to later orbits is small, 
the final energy can be increased by using a larger magnet. 

The orbits have been examined visually by means of a fluorescent material 
deposited on the movable probe. The first orbit was found to be rather badly 
focused, being about 3 cm high and 4 cm wide, although the width must be 
accounted for largely in terms of the energy spread of the emitted electrons. 


Relative Output 
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The other orbits all have a vertical spread of about 5 mm. As this is somewhat 
smaller than the diameter of the orifice of the cavity, it is apparent that no 
appreciable defocusing of the beam takes place. This is also obvious from the 
fact that the currents in all the orbits beyond the third are approximately constant, 
until the non-uniform region of the magnetic field is reached. 

The microtron has a mode of operation at half the normal magnetic flux 
density for which the voltage gain per transit has the normal value, corresponding 
to a=4, b=2 in eqns. (1) and (2). Orbits of this mode have been observed, at 
currents much lower than those obtained in the fundamental mode. 
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Fig. 7. First orbit spectrum. Fig. 8. Current in various orbits. 


(iv) Variation of Current with Magnetic Field 


The output current was found to be more critically dependent on the value 
of the magnetic field (fig. 9) than that reported by Redhead ef al. (1950), but 
agrees fairly well with the calculated value of the limits of phase stability. It has 
been shown (Henderson et al. 1953) that for this microtron, phase stable 
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Fig. 9. Variation of output with magnetic field. Fig. 10. Variation of output with! 


magnetron power. 


acceleration is possible with the normal value of the magnetic field only for 
peak cavity voltages between 520 kv and 614 kv (taking into account the finite 
transit time), corresponding to a fractional range of 1:18: 1 in voltage. In the 
same paper, it was shown that a small fractional change in magnetic field is 
equivalent to the same fractional change in voltage, so that, at constant cavity 
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voltage, one would expect acceleration to occur over a range of 1:18: 1 in 
magnetic field. This range is shown in fig. 9, with the upper limit taken 
arbitrarily at the point A, from which it is apparent that the range over which 
appreciable output is obtained agrees reasonably with the expected range. 


(v) Variation of Current with Magnetron Output Power 


The current in the eighth orbit is plotted as a function of magnetron output 
power in fig. 10. From the steep slope of this curve it is fair to expect that an 
increase in radio-frequency power will result in a large increase in the output 
of the machine. Unfortunately, both the magnetron and its modulator are 
already overloaded at present, and all attempts to increase the magnetron power 
beyond that shown in fig. 9 have been unsuccessful. 

The present output of the machine is, however, ample for the experimental 
programme envisaged. 


(vi) Beam Extraction 


Since two adjacent orbits in the fundamental mode require intervals of 
n and n+1 cycles of the radio-frequency respectively for completion, then for 
orbits where the electron velocity is near to that of light, the increment in path 
length between orbits becomes sensibly equal to the wavelength of the radio- 
frequency supply. At 10 cm wavelength, this corresponds to a spacing of 3-18 cm 
between orbits at a position diametrically opposite the cavity. With this spacing 
the extraction of the beam becomes a simple matter. All that is required, in 
principle, is to insert a tube of suitable magnetic material into the vacuum 
chamber so that the axis of the tube intercepts the desired orbit tangentially, 
when the beam should proceed straight down the tube, due to the production 
of a field-free region inside the tube. The tube should be of small enough 
diameter to cause no appreciable interference with the magnetic field at the 
previous orbit. Such an extractor has been constructed. ‘The tube is made 
of mild steel, tapered from # in. i.d.x1 in. o.d. at the edge of the magnet 
to + in. i.d. x # in. o.d. at the point where the orbit is intercepted. About 50% 
of the circulating current has been brought out of the ninth orbit into the 
laboratory through a 0-004 in. aluminium window. 

The divergence of the beam has been measured in a vacuum and semi-angles 
were found to be 1-5° in the horizontal plane and 0-3° in the vertical plane. 
Plate II is a photograph of the extractor in position. 


(vil) Measurement of Particle Energy 


The kinetic energy of the particles as calculated from the magnetic field and 
orbit radius in the machine give a value of 4-5 Mev with an upper limit to the 
energy spread (estimated from the cross section of the final orbit and the size 
of hole in the cavity) of +.0-07 Mev. 

An independent measurement of the energy of the electron beam was made 
by determining its range in aluminium. ‘Two ionization chambers, one on each 
side of the absorber, were used and the current in them compared directly by 
means of a potentiometer. Making use of the range energy data given by Katz 
and Penfold (1952) the value found for the ‘practical range’ corresponds to a 
kinetic energy of 4:6 Mev. 


664 C. Henderson, F. F. Heymann and R. E. fennings 


§ 7. CONCLUSION 


Although the output of the microtron is more than enough for experimental | 
purposes it is evident that the radio-frequency power at present available is | 
insufficient to allow us to make a fair comparison with linear accelerators. It | 


is, however, expected that with an input power in the region of a megawatt, the 


microtron will compare favourably with linear accelerators. his is justified | 
by the fact that any increase in power fed to the cavity can be used for electronic || 
loading, no additional power being required for excitation. ‘The steep rate of | 


rise of power with magnetron power (fig. 10) lends strength to this argument. 


The possibility of using a 2 Mw magnetron for the sake of comparison with linear | 


accelerators is at present being explored. 

The output has been found to be unexpectedly stable, in view of the fact that 
the machine relies on field emission to provide a source of electrons. It was, for 
instance, possible to retrace curves such as that shown in fig. 8 point by point over a 
period of at least an hour, yielding substantially a constant curve. ‘This is all the 
more remarkable in view of the small margin of power (fig. 10) available for 
producing a beam. 

In view of the simplicity of the machine and the small amount of precision 
engineering involved compared with a linear accelerator, the authors feel that the 
microtron offers a competitive alternative in the energy region below, say, 50 Mey. 
The relatively large final orbit diameter compared with that in a synchrotron or 
betatron need not be taken as a serious disadvantage, since (a) the low flux density 
involved results in a magnet of comparatively low weight, and (4) the magnet is 
much simpler to construct since the microtron operates with a constant, as opposed 
to an alternating, magnetic field. 
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Abstract. ‘The role of electrode and gas processes in the production of electrons 
which initiate spark discharges is investigated. ‘The results for metal surfaces 
covered with thick (>10~°cm) oxide layers are consistent with the view that 
electrons may be liberated from sites of negative ions on the oxide. For metals 
covered with thin (~10~‘ cm) tarnish films the emission is also field dependent 
but in these cases involves the action of a surface charge of positive ions in setting 
up an intense field across the film causing tunnel effect emission: in both cases 
the macroscopic applied electric field was of the order of 10° vcm™!. The influence 
of surface micro- geometry on the cold cathode emission processes is examined. 
These experiments in dry air, hydrogen and argon (p~760 mm Hg) indicated that 
initial electron production by detachment processes and the quenching of 
metastable atoms does not play a significant part in the discharge initiation. The 
influence of moisture on these processes is examined. Recent work on breakdown 
of liquid dielectrics is discussed in the light of the present work. 


$1. INTRODUCTION 


H1S paper describes a study of the fundamental processes involved in the 

initiation of discharges in dielectric media, and investigates the influence 

of the nature of the electrode surface on cathode emission as well as the 
influence of the nature of the gas on the action of ions in their role of supplying 
initiatory electrons. The method of using spark time lag data to obtain 
information about the mechanism of production of initiatory electrons in spark 
gaps in gases has recently been the subject of a rigorous theoretical and 
experimental analysis by Llewellyn Jones and de la Perrelle (1953), and the 
present investigation follows that basic work. 

In order to produce a discharge in a spark gap an initiatory electron must be 
present in a suitable position when a sufficiently high potential difference is 
applied. In the absence of such an electron a voltage in excess of the static 
sparking potential V, can be maintained for some time across the gap without 
the occurrence of aspark. ‘This time is referred to as the total time lag of sparking. 
It consists of the initiatory or statistical lag and the formative lag. ‘The initiatory 
lag is the time which elapses between the application of a potential equal to or 
greater than the static sparking potential and the appearance of the electron 
which leads to breakdown. ‘The formative lag is the time taken for the 
development of the Townsend avalanche and the setting up of the secondary 
processes. Previous work with various gases has shown that the formative lag 
(~10-* sec) is usually negligibly small compared with the mean statistical 
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lag (~10-4 sec) for the short gaps (~0-03 cm) used in this work, and it is 
convenient to regard the statistical lag as being equal to the total lag. The 
following is the principle of the method of investigation. 


§ 2, EXPERIMENTAL TECHNIQUE 


The experimental technique involves the establishment of an electric field 
in a spark gap ona large number JN of successive occasions, maintaining it constant 
each time for a period (~10~ sec) which is long compared with the average time 
(~10- sec) taken for an electron to appear for many surfaces investigated. The 
time which elapses between the setting up of the field and the appearance of the 
electron, i.e. the initiatory lag, is recorded. 

An electron once liberated has a certain probability W of leading to a spark, 
thus the time lag depends jointly upon the probability of electron liberation and 
upon W. In general W is a complicated function of position, electric field _X,,, 
gas pressure p, and the Townsend ionization coefhcients « and w/«; in general 
W will be different for different electrons. However, in a parallel plate gap it 
will be the same for all electrons liberated at the cathode under a constant uniform 
electric field. This is a particular form of the general case considered by Wijsman 
(1949) and permits calculation of the numerical values of W as a function of gap 
voltage V from known values of the Townsend ionization coefficients. Figure 1 


@_ Air at 760 mm Hg 
b Hydrogen at 600 mm He 
c Argon at 600 mm Hg 


0 10 


20 
(V-1)/Ve(%) 


Fig. 1. Probability W as a function of percentage over-voltage. The curve for air at 
600 mm Hg would approach those for argon and hydrogen. 


gives W as a function of V calculated for the particular cases of aluminium 
electrodes in air, argon and hydrogen; the electrode separation was 0:03 cm. 
It can be seen that for V greater than 1-35 V,, W may be taken as unity in argon 
and hydrogen, and for V greater than 1-25 V, in air. Under these conditions 
every electron released at the cathode leads to a spark; thus counting sparks is 
the same as counting the initiatory electrons. 


Fundamental Processes of the Initiation of Electrical Discharges 667 


: If J the electron emission per unit time from the cathode is constant and W=1, 
_ the probability of a spark time lag of length ¢ to ¢+ dt is I exp (—It) dt (Liewellyn 
_ Jones and de la Perrelle 1953); and the mean time lag 7 is given by 


feel il Praeger Par nae see (1) 


It also follows that the standard deviation o of these time lags is equal to the 
mean 7: thus determination of ¢ from the measurement of N lags gives directly 
the rate of electron emission J. The probability exp (—/J?) of a lag exceeding f is 
determined experimentally by observing the number of times m in which the lag 
actually does exceed ¢ out of a very large number N of trials. 


Thus RUN = exp (ii) Ge We eae eee (2) 
hence - Pas ( Ley inCN in) cps ok) Sete ea ae (3) 
This relation provides a convenient method of obtaining J from a graph of 


In (N/n) plotted against t. ‘The linearity of such a graph together with the equality 
of o and ¢ all determined from experiment provides a rigorous check of the method. 


§3. APPARATUS AND EXPERIMENTAL METHOD 


A block diagram of the apparatus is given in fig. 2. The sequence of events 
for the measurements of a single spark lag was as follows. A trigger pulse from 
the source was applied simultaneously to the time base, calibrating oscillator 
and delay circuit; the time base and oscillator functioned immediately but the 


Delay Electronic Impulse 


Spark Gap 
Circuit Switch Generator 


Trigger 
Source 


Time Base 


Attenuator 


ibaa 


Cathode Ray Tube 


Pulsed 
Oscillator 


Fig. 2. Block diagram of apparatus. 


operation of the electronic switch was delayed for a few microseconds by the 
delay circuit. On closure, this switch connected the pulse generator to the gap 
for a period of 2 msec. This applied an impulse of potential difference of sensibly 
rectangular form and of sufficient magnitude to make W=1 to the gap for 2 msec, 
after which it was removed. The circuit then returned to its quiescent state to 
await the application of another trigger pulse at a pre-determined instant. ‘The 
form of potential difference across the gap was displayed on a cathode-ray tube 
a Y-2 
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screen after division in the attenuator. ‘The vertical portion of the rectangular 
impulse was masked on the screen to leave visible only the horizontal trace. 
If no electron is liberated from the cathode during the application of the impulse — 
the length of the trace is equal to the impulse duration of 2 msec. On the other | 
hand, if an electron is liberated at a time ¢, after the electric field is established, 
breakdown immediately occurs (since W=1) and the potential difference | 
immediately collapses, terminating the horizontal trace. The length of this 
trace in terms of the calibrated time base gives the statistical time lag ¢,. This 
process is repeated after a pre-determined rest time by the application of a second 
trigger pulse and a second lag fy, in general different from ¢,, recorded. Photo- 
graphic film was made to move vertically in a camera in front of the screen so that | 
the lags were recorded separately as a series of horizontal straight lines. The | 
records were analysed by various optical or photomultiplier arrangements. For | 
quick assessment of the activity of a surface, direct visual observation was highly 
convenient. Owing to the ease and rapidity with which measurements could be 
made and analysed by this technique some millions of time lags were observed _ 
and recorded in the present investigation. 

The variable gap discharge chamber, gas and vacuum system used were the 
same as those described and used by Llewellyn Jones and Grey Morgan (1953) 
but with the addition of a number of small spark gaps sealed in hard glass 
envelopes and connected to the system. ‘The electrodes used in the variable 
gap discharge chamber consisted of cylinders 1:25 cm in diameter and 3 cm long 
of the materials to be examined. Hydrogen was generated electrolytically from 
a boiling 5°, solution of bartum hydroxide. Commercially pure argon was 
purified by standing over heated pure calcium turnings for 24 hours before 
being admitted to the system. All gases were dried by standing over phosphorus 
pentoxide and passage through vapour traps immersed in liquid oxygen. With 
this apparatus the electron emission from the various cathodes could readily be 
determined in various atmospheres. 


§4. CATHODE PHENOMENA 
Emission Mechanisms 


Experiments were carried out in dry air, hydrogen and argon with electrodes 
of Ni, W, Fe and Cu in various surface conditions. Since previous work 
(Llewellyn Jones 1946, 1949 a, Llewellyn Jones and de la Perrelle 1951, Llewellyn 
Jones, de la Perrelle and Morgan 1951) had shown the importance of the nature 
of the surface in determining the precise nature of the emission, the metals were 
examined for four different surface conditions, viz. I, heavily oxidized surfaces, 
i.e. covered with oxide layers >10-° cm; II, surfaces covered only with a thin 
tarnish film ~10-7cm; III, smooth and clean surfaces; IV, electro-polished 
surfaces. 

The electrodes in class I were those obtained by sparking-and by long exposure | 
to the atmosphere; such surfaces are of considerable interest in electrical — 
engineering. Class II surfaces were highly polished first to grade 0000 emery | 
paper and then with micro-alumina after which the surface was exposed to the 
atmosphere for the few minutes only required for the assembly of the discharge | 
chamber which was then evacuated. Class III surfaces were obtained by the | 
further conditioning and hydrogen ion bombardment of electrodes of class IT. 
The fourth class of electrodes were obtained by electrolytic polishing. 
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Class I Surfaces 


‘The measurements of the rate of electron emission J from cathodes of Ni, 
W and Fe which were covered with comparatively thick (>10~° cm) oxide layers 
showed that / measured in electrons per second was related to the applied field X,,, 
by an equation of the form 

heed Xe OR Dar LDA -  ebe ey Boece (4) 
where A and D are constants. 

From the experimentally obtained values of A and D, the area S, and work 
function ¢, of the source of electrons can be obtained by comparison with the 
Fowler—Nordheim (1928) equation for field emission. ‘This theoretical equation 
_ may be written as 


3/2 
1=38-5 x 102 S,X? exp (-68 «107 aS] 
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where ¢ is the Fermi energy of electrons and X is the microscopic field at the 
cathode surface and is a multiple of X,, given by 


Ey oh I oe SA ete (6) 


where JM is a factor representing the local intensification of the macroscopic 
fields by microscopic roughness. The values of ¢, and S, thus obtained are 
¢;~0-5 ev and S,~10-“ cm® where M is taken to be 10. These results are very 
similar to those obtained by Llewellyn Jones and de la Perrelle (1953) and by 
Llewellyn Jones and Grey Morgan (1953), which they completely confirm; 
there is thus no need to give them in detail here. The results are consistent with 
_the view that for the surfaces examined which were covered with comparatively 
thick (> 10~° cm) oxide layers, the initiatory electrons are produced under applied 
electric fields of about 10°vcm™ at the rate of 10? to 10°sec+ by a field 
dependent mechanism from sites or groups of negative ions formed in or on the 
oxide layer which have effective work functions of the order of 0-5ev. As inthe 
previous work, self-consistent values of M, ¢, and S; must be obtained together. 


Class IT 


The metals Ni, W, Fe and Al when covered with thin tarnish films (10~* cm) 
were also examined in dry air, argon and hydrogen and their cold electron 
emissive properties investigated. ‘The experiments showed that for these 
surfaces too, the relation between the rate of electron emission J and the 
macroscopic applied field X,, was of the form of eqn. (4), i.e. the mechanism of 
electron emission was again a cold field dependent process for applied electric 
fields of the order of 10* to 10° vcm™!. However, consideration of the estimates 
of work functions and emitting areas obtained by comparison of the experimental 
data with the Fowler—-Nordheim equation (5) showed that the detailed mechanism 
of emission could not in fact be pure field emission. ‘The results obtained with 
tungsten electrodes, for example, lead to the following estimates for 4, and S;: 
¢, =0-08 ev, S,;=3x10- cm*. Similar estimates were obtained for Ni, Al 
and Fe. A value of 3 was assigned to M in these cases, this value being not 
unreasonable for surfaces which have been highly polished and conditioned 
(Llewellyn Jones and Grey Morgan 1953). ‘These low values of 4, and S, can 
clearly have no physical significance because the value of ¢, is of the order of 
thermal energies which would give thermionic emission at room temperature, 
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and the value of S, is less than atomic dimensions: the analysis, using (5), appears 
to be invalid and it is necessary therefore to examine more closely the conditions 
under which the electron emission took place, . | 

It was noted in these experiments (which were carried out in dry gases) that 
considerable over-voltages could be maintained across the discharge gaps for 
times of the order of minutes before breakdown occurred. Once an initial 
breakdown occurred, however, all subsequent discharges could be readily initiated 
at much lower voltages and with time lags of the order of 10~‘sec or less. It 
follows therefore that ionization produced in the gap by the first measuring spark 
was effective in initiating sparks under subsequent impulses of e.m.f. Element- — 
ary considerations of the diffusion, drift, recombination and attachment of | 
electrons and ions in the gas show that the ion concentration would be reduced to _ 
negligible amounts in the interval (~10-*? sec) between the application of 
successive impluses, and it may be concluded that the presence of post-breakdown 
ions in the gas did not play a significant part in the production of initiatory 
electrons. This view is strengthened when it is remembered that the experiments 
showed that the relationship between the rate of initiatory electron production J, 
the applied field X,,, and the cathode material was of the form which indicates: 
that the mechanism was a cathode effect and was field dependent. It is not easy 
to see how any gas process could satisfy the experimental data. Yet the results 
obtained with dry gases indicate that post-breakdown ions were active in initiating 
discharges, because the presence of ions eliminated the very long (of the order of 
a minute) initial time lag. ‘The mechanism of emission therefore has the 
properties of being: (a) cathode dependent, (0) field dependent, and (c) requiring 
the action of positive ions on the cathode. 

A process which is consistent with these conditions has been proposed by 
Llewellyn Jones and Grey Morgan (1953) and is as follows. If the cathode has 
a thin insulating surface film, positive ions produced in the first spark can 
accumulate there, and set up an intense field X, across the film and liberate 
electrons from the underlying metal surface. ‘The form of the potential energy 
barrier at the electrode surface is distorted by the presence of the field X, due 
to the ionic charge. ‘The energy system is then the same as that considered by 
Stern, Gossling and Fowler (1929), and the rate of electron extraction is given 
by the relation 
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where a is the film thickness. 

It is important to note that eqns. (7) and (4) have the same analytical form. 
Equation (7) is applicable to the present case because the form of the potential | 
energy barrier at the electrode surface is identical when the field X, is set up by | 
positive ions and when it is due to a contact potential difference $1 — $2 caused by | 
the presence of a thin film of material of work function ¢, on the base metal Py, | 
as envisaged by Stern et al. All that is necessary to apply this equation to the | 
present case it to remember that 4, now merely gives the surface field X, due to _ 
the ionic charge by the relation (8). 
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It can be clearly seen now that if the surface field due to positive ions is ignored 
then the estimates of the emitting areas given by eqn. (5) will be too small by a 
factor which is the inverse of the second exponential term in eqn. (7). If the 
film thickness were 10~* cm in these experiments then the magnitude of this term 
is about 10%, and the emitting areas calculated from eqn. (7) then become about 
10° cm* or more. ‘That such films can be present has been shown by Mott 
(1947), who assigned a value of 2x 10-7cm for the thickness of the oxide on 
aluminium, for example, after exposure to air. 

Thus for the surfaces covered by thin (~10-*cm) insulating tarnish films, 
the present experiments are consistent with the view that the initiatory electrons 
were liberated from the base metal under the influence of an intense electric 
field set up by the presence of positive ions on the insulating surface film. The 
maintenance of the surface positive charge will depend upon the properties of 
the thin tarnish film. Inanumber of experiments with different cathode surfaces, 
and therefore different tarnish films, the positive charge remained longer (as 
judged on this view by the enhancement of the field emission) on some films 
than on others, being particularly long for aluminium oxide. It might be 
expected that the decay of charge from the surface should depend on the resistivity 
of the tarnish film, and the density of the charge remaining on the surface should 
therefore decrease with the time allowed for decay. This is in accord with 
observations, because, when the time between successive pulses was increased 
from 10-*sec to times of the order of minutes, the enhancement of the field 
emission decreased. It is of interest to note that with nickel and aluminium 
the decay was less than with the other metals tried, and enhanced emission was 
found even after delays of minutes. ‘The presence of traces of moisture in the 
gas atmosphere greatly effected the rate of the decay, and this effect will be 
discussed in $5 below; the observations are in accordance with the view that 
traces of water vapour in the gas reduced the insulation of the thin film. 


Class III 


When the surfaces of class II are subjected to prolonged conditioning and to 
ion bombardment ina hydrogen glow discharge the thin tenacious film is gradually 
removed (Llewellyn Jones and Davies 1951). Measurements made at successive 
stages during the removal of the film showed that for iron, for example, the 
emission decreased rapidly from about 10° electrons sec"! at X,, ~ 10° vem“ until 
the rate of electron production corresponded to that due to natural processes 
only, i.e. there was negligible electron emission from the cathode. ‘This shows 
clearly that the presence of the thin surface film is essential in producing the 
enhanced emission, presumably by providing a base upon which the positive 
ions can reside to set up an intense field at the substrate metal surface. Removal 
of the film destroys this high surface field leaving the macroscopic applied field 
which is then too low to extract electrons from the cathode, in which case the 
electrons which initiate discharges are those produced by natural processes. 

While the electron emission from iron and copper was considerably reduced 
as a result of the bombardment by hydrogen ions in a glow discharge, no 
significant reduction was obtained with aluminium electrodes, although the 
treatment was continued for over one hundred hours. Whereas the surfaces of 
iron and copper were obviously cleaned and made brighter by this treatment, 
the aluminium cathode developed a dull black layer, i.e. the thin surface oxide 
film was not removed; instead a much thicker contaminating layer, possibly a 
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hydride, was formed. The glow discharge between the Al electrodes was not 
uniform as was the case for copper and iron: there was a tendency for the formation — 
of high current density discharges which stood out against the background of a 
very faint glow. These seemed to roughen the surface. The combined effect 
of the formation of the black contaminating layer and the roughening of the 
cathode gave rise to conditions which appeared to give enhanced electron emission 
of the order of 10¢ electron sec! at low electric fields of about 10*vcm™. 
Similar behaviour of aluminium in hydrogen glow discharges is reported by 
Fan (1939). 
Surface Micro-Geometry 


It is sometimes considered that electro-polished surfaces are mainly atomically 
smooth; if this were so there would be no intensification of the local field due to 
microscopic irregularities for such surfaces, and the value of M should be unity. 

In previous work (Llewellyn Jones and Grey Morgan 1953) it has been shown 
that the emission from an electrolytically polished copper surface did not differ 
greatly from that from a standard surface which had been carefully hand polished 
and subjected to a conditioning process by light current sparking. 

To compare further the properties of electro-polished and hand-polished © 
surfaces, aluminium electrodes were electrolytically polished in accordance 
with the method described by Evans and Whitram (1947). These electrodes 
were mounted in the discharge chamber and dry hydrogen was admitted to a 
pressure of 600mmHg. ‘The emission obtained from these electrodes was 
compared with that from aluminium electrodes which had been hand-polished 
and conditioned. ‘The results of this comparison are given in the table from 
which it is seen that the emission from the electrolytically polished surfaces was 
found to be greater by a small amount than from the conditioned surface under 
the same electric fields. ‘Thus the two types of treatment resulted in surfaces 
which had approximately the same degrees of smoothness. 


Electric field (v cm—! x 104) 4-19 4-94 5-43 
Emission J electro-polished 7-64 17-4 23 
(electron sec~! x 1O2 yA hand-polished 9-0 15-0 IW JE 


Further careful hand polishing and prolonged conditioning of aluminium 
produced a much more inactive surface than was obtained by electrolytic polishing. 
This result is illustrated in fig. 3 in which the slope of the (In N/n, t) graphs gives 
the emission /. It can be seen that for the same value of electric field, the 
emission from the conditioned surface was only about one tenth of that from 
the electro-polished surface. This result was again confirmed in experiments 
with nickel which had been electrolytically polished in a 70° solution of sulphuric 
acid at a current density of 0-25acm-2. In this case the emission from the 
electropolished Ni exceeded that from the conditioned Ni surfaces by an even 
greater quantity. Further experiments with electro-polished surfaces established 
that the emission was, in fact, field emission and related to the applied field by 
eqn. (4). ‘This is shown by the linear relation obtained between In J/X,,2 and 
1/X,,, in fig. 4 which was derived from the data of these experiments. These 
results are consistent with the view that electro-polishing of surfaces does not 
necessarily always produce a high degree of surface smoothness. On the contrary, 
it is likely that cliff-like crystal edges are revealed (Evans and Hopkins 1952). 
These edges can lead to intensification of the local electric field and give rise to 
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Fig. 3. Electron emission from (a) electro-polished and from (6) conditioned aluminium 
electrodes. 
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Fig. 4+. Dependence of electron emission on electric fields for electro-polished aluminium; 
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the enhanced field emission observed. This view confirms the work of Hadden 
(1951) who measured the breakdown voltage in vacuo between electro-polished | 
and between hand-polished electrodes. He showed that breakdown occurred | 


at a lower voltage for electrolytically polished surfaces than for hand-polished 
surfaces. This effect is attributed to field emission enhanced by surface roughness 
on the electro-polished cathode. 


It may be concluded from the present work on polishing that hand-polished _ 


and conditioned surfaces can have a satisfactorily high degree of smoothness, 
and they may be regarded as a standard of activity with which other more active 
surfaces can be compared and can in fact be better than electro-polished surfaces. 

It is important to note that in the present work it is unlikely that the emission 
observed from the electro-polished surfaces was pure field emission in the sense 
that it depended only upon the applied electric field. ‘The values of the emitting 
area S and work function ¢ obtained by comparing the numerical values of the 
constant A and the slope D of the experimentally determined graph of In //X,,° 
against 1/X,, (fig. 4) in eqn. (4) with the Fowler-Nordheim equation (5) were 
S~10-'cm? and 6 ~0-02ev. These values are too low to have any physical 
significance and may be taken as evidence of the presence of a thin (~ 10~‘ cm) 
surface insulating film upon which post-breakdown positive ions accumulate and 
set up an intense field (Llewellyn Jones and Grey Morgan 1953). In this case 
the experimental equation should be compared with the Stern—Gossling—Fowler 
equation (7) to obtain the emitting area. Indirect evidence for the presence of such 
films on electro-polished surfaces is the considerable resistance to corrosion 
shown, for example, by electro-polished iron. Samples of electro-polished iron 
remain rust free in the atmosphere for several weeks while unpolished samples 
from the same specimen become heavily rusted in a few days. ‘The presence of a 
thin protective film can probably account for this important fact (Evans and 
Hopkins 1952). 


Electrode Growths 


Experiments with Fe, Al and Cu electrodes are of considerable interest 
because with these materials surface instability appeared to occur; the cathode 
emission was found to fluctuate rapidly. Again, considerably enhanced emission 
of a spasmodic nature was noted from W, Fe and Al surfaces. In these cases 
the emission increased from about 104 electron sec"! to greater than 10° to 10? 
for periods of the order of fractions of a minute. These effects can be of the 
greatest importance in many practical applications of spark ignition devices. 
This spasmodic emission can be attributed to variations in the nature of the 
electrode surfaces and the formation of surface irregularities which intensify 
the local electric field. ‘That changes in the cathode surface can take place was 
clearly demonstrated in experiments in air with copper. Copper electrodes were 
oxidized by heavy current (~ 100 a peak) sparking in a’subsidiary apparatus and 
the emission measured at stages during the oxidation and erosion of the surface. 
After some initial random variation the emission increased rapidly and voltages 
5% in excess of V, resulted in an emission of more than 10° electron sec!. Quite 
suddenly this emission fell to zero and further discharges could not be initiated. 
Examination of the gap revealed that it had been bridged by a growth (fig. 5) which 
was practically the segment of a cone in shape. This can be compared with 
growths obtained by Compton, Mendizza and Arnold (1951). Measurements 
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showed that the resistance between anode and cathode was a fraction of an ohm 
as the growth had short circuited the gap. This growth, and others obtained 


“subsequently on copper, appeared so quickly that visual observation of its 


development was not possible. However, it seemed that the growths developed 
on the anode and grew towards the cathode. In contrast to similar growth 
observed by Haworth (1951) it did not appear to be molten. 

In other experiments designed to remove thin tenacious surface films using 
the method of hydrogen ion bombardment in a glow discharge of 10 ma current 
density at 10 mm Hg pressure (Llewellyn Jones and Davies 1951), similar growths 
were found on iron as well as on copper. In this case, however, the rate of 
growth was much slower and it was possible to observe the development from 
the anode to the cathode. On iron the shape was not as clearly defined as for the 
growths on copper and resembled that previously obtained on tungsten electrodes 
under 100 a sparks in this laboratory (Llewellyn Jones 1949 b) and had a resistance 
of afew ohms. ‘The micro-transfer of material from such anode growths, which 
are friable, to the cathode leads to the sharpening of the projection and cathode 
irregularities. This can be seen in fig. 5. Small irregular pieces of the growth 
have become detached and lie on the cathode. ‘Their presence results in con- 
siderably enhanced field emission which may be of a spasmodic nature owing to 
the conditioning effect of sparking upon these small irregularities. This accounts 
for some of the instability of emission observed in this work. 


Anode 


Cathode 


Fig. 5. Growth bridging a copper electrode gap (the dark parts on the cathode are reflec- 
tions of the bridging growth and anode). Electrode separation=0:03 cm. 


§5. Gas PROCESSES INVOLVED IN INITIATION 


When conditions are such that initiatory electrons cannot be liberated from 
the cathode, the discharge must be initiated by electrons released in the gas. 
Possible initiatory mechanisms are then detachment of electrons from negative 
ions, the quenching of metastable atoms in collisions of the second kind and also 
ionization due to cosmic rays and local radioactivity. ‘To investigate the 
processes involved, experiments were carried out in dry and moist gases using the 
same general experimental technique as for the investigation of the cathode 
processes; and also by a careful examination of the time lags in the measurement 
of the static sparking potential V,. For this part of the investigation the static 
potential across the gap was increased in steps of ten volts, each step being 
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maintained for one minute; if no spark occurred in this period the potential was 
increased by a further ten volts, and so on until a spark occurred. 

The gases were thoroughly dried by standing over phosphorus pentoxide 
for at least 24 hours and by passage through vapour traps immersed in liquid 
oxygen. The results obtained may be summarized briefly as follows: . 

(a) In the dry gases, measurements of V, under static conditions showed 
that potentials of up to 4, could be sometimes maintained for periods of minutes 
before the occurrence of breakdown, but no such potentials could be maintained 
immediately after the first spark. 

(b) In the dry gases, although, in the application of a succession of impulses 
of 10-2 sec duration, potentials of up to 4V,, and in one case 5V.,, were maintained 
across the gap during periods of minutes before breakdown occurred; once this 
initial breakdown had occurred subsequent time lags were all quite short even 
though the potential was reduced to a little above V,: the emission corresponding 
to these lags follows the field law discussed above (eqn. (4)). 

(c) The introduction of moisture to the dry gas immediately destroyed these 
conditions. The long initial delay was at once ended, and breakdown occurred 
immediately on the application of an impulse. Breakdown was also produced 
under the successive e.m.f. impulses but the lags were longer than those found in 
the dry gases. 

(d) In measurements of V, under static conditions in a moist gas a long 
(>10- sec) initial delay before breakdown was not observed. 

(e) In moist gas a spark always occurred under an impulse of e.m.f. within 
the duration of the first impulse applied (i.e. within 10-7 sec). 

The observations on the sparking potential measurements are illustrated in an 
approximate manner in the histograms of fig. 6. The scales are so drawn to 
indicate the completely different range of times involved in dry and moist gases, 

General results of this nature have been known for about a century (Faraday 
1838, J. J. Thomson 1893 and Warburg 1897) (see also Thomson and Thomson 
1933, Vol. II, chap. IX, for further accounts). The present results confirm in 
every detail this early work. However, no complete explanation of these important 
phenomena appears to have been published to date, but an explanation can be 
given which is consistent with the present observations. 

In the gases used in the present work, viz. air, hydrogen and argon, it is likely 
that free electrons were present when these gases were dry; it is thus necessary 
to account for the long delay which occurs before breakdown both in impulse and 
static conditions even though free electrons are present in the gap. ‘The probable 
explanation is as follows: the transit time of electrons across the short gaps used 
(0:03 cm) is small (<10-*sec) compared with the time taken to establish the 
final value of the field in the gap, and free electrons would be swept to the anode 
when the parameter X,,/p was still low, and thus no ionization would be produced 
by the motion of these electrons; i.e. the gap would be cleared of electrons long 
before the voltage passed the breakdown value. In this case it is therefore neces- 
sary to await the fortuitous liberation of an electron near the cathode by natural 
processes after the field has reached sparking values in order to initiate a spark. 
In gaps of the size used this would involve a delay which could be as long as a 
few minutes, i.e. of the order of magnitude observed. 

In a moist gas, on the other hand, owing to the formation of large numbers 
of very low mobility negative ions by the attachment of electrons to water mole- 
cules, ions are likely to remain in the gap for much longer times and be present 
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when the voltage attains and even passes the minimum breakdown value. If 
electron detachment then occurs, breakdown would follow immediately. In 
this work X,,/p always exceeded 85vcem-!'mm='!Hg after the final field was - 
established and the absence of a long delay (~10~*sec) in a moist gas before 
breakdown is accounted for if electron detachment occurs within this interval. 
It should also be noted that in gaps which have been exposed to a moist 
atmosphere for some time there is a high probability of cold cathode emission from 
sites of negative ions at the cathode surface as discussed above (Llewellya Jones 
and de la Perrelle 1951, 1953, Llewellyn Jones, de la Perrelle and Morgan 1951). 
In long gaps, however, where the sparking field may be too low to produce this 
enhanced field emission, initiation by electron detachment from a water molecule 
is the probable mechanism. In either case there would be no long delay between 
the application of the potential difference and the occurrence of a spark, and this 
is in agreement with the observations. A further conclusion follows from this 
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Fig. 6. Distribution of time lags obtained in measurements of V’, in (a) dry gas, (6) moist gas. 


work: in hydrogen there are no metastable states, thus discharge initiation by 
electrons liberated by the quenching of metastable atoms is not possible in this 
gas; however, such a process is permitted in argon which has metastable levels. 
Since there was no marked difference between the rates of discharge initiation 
in these two gases it follows that the production of electrons from collisions of 
the second kind between gas molecules and metastable atoms does play a significant 
part in discharge initiation. Over the range of pressures 200-760 mm Hg 
there appeared to be no significant dependence of emission upon pressure; 
the nature of the gas was the important factor influencing the emission mechanism. 


Discharge Initiation in Liquid and Solid Dielectrics 


So far in this paper there has been considered only the initiation of discharges 
in gases, but there is no reason why the processes of field emission envisaged 
should not be operative in breakdown in liquid or even solid dielectrics, 
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This cold extraction of electrons at remarkably low electric fields has important 
applications to the electrical breakdown of gases at very high pressures, when 
high (~ 105 to 10%’vcm+) electric fields obtain, since the field emission can lead 
to a lowering of the sparking potential through the failure of Paschen’s law 
(Llewellyn Jones and Grey Morgan 1951). ie 7 

At the very highest pressure these processes of cathode emission are likely 
to be the predominant ionization processes (Trump, Cloud, Mann and Hanson 
1950) and it seems probzble that this might be operative in the breakdown of 
liquid dielectrics. ‘There would appear to be no reason on general grounds why 
the mechanism of electron emission when a metal electrode is in contact with a 
gas should not be the same as when the metal is in contact with a liquid dielectric, 
or even a solid dielectric. It is interesting therefore to discuss measurements 
of cathode emission for the case of ionization currents which occur prior to the 
breakdown of a liquid dielectric. It is possible to do this because of the recent 
comprehensive investigation of conduction and breakdown in liquids by Goodwin 
and Macfadyen (1953). They have shown that the cathode emission from 
phosphor bronze and steel electrodes in v-hexane was in accordance with eqn. (4): 
i.e. the emission in the case of a liquid dielectric was in fact field dependent. 
If we compare the experimental data given in their paper with the theoretical 
Fowler—-Nordheim equation, then the estimates of the work function ¢ and 
emitting area S are 6 ~0-Lev and S ~10- cm’, which are of the same order of 
magnitude as those previously obtained in this laboratory for gaseous dielectrics. 

Now these results, like similar values obtained in gases, are consistent with 
the view that initiatory electrons involved in the breakdown of liquid dielectrics 
are emitted from electron sites on the cathode surface. The work of Goodwin 
and Macfadyen emphasizes the similarity between the electrical breakdown of 
gases at very high pressure and of liquids. 

‘The processes of cathode emission which are now known to take place in gases 
and liquids might also play an important part in providing the initiatory electron 
for the breakdown of solid dielectrics, particularly if the intrinsic breakdown 
fields are of the order of or greater than 10° vcm™!, and also in vacuum breakdown. 
Further work is necessary to determine the precise physical nature of the sites of 
electron emission. 


§ 6. ELECTRON EMISSION FROM SEMICONDUCTORS 


A preliminary study of cold emission from semiconductors has been made. 
The semiconductors were prepared for the authors by the Plessey Company 
Ltd., and consisted of (a) pure zinc oxide, (6) pure zinc oxide plus 0:1°% by weight 
of copper oxide, (c) zinc oxide plus 10°, by weight of nickel carbonate, in the 
form of cylinders 1:25cm in diameter and 3 cm long with rounded edges at the 
flat surface. ‘These specimens were made the cathode of a spark gap the anode 
of which was highly polished and conditioned nickel. The experimental 
procedure was exactly the same as that for metal cathodes. 

It was found that the electron emission was considerably greater than that 
obtained from metals under identical conditions of electric field, gas pressure 
etc. For example with fields of the order of 10‘vcm™! and pressures approxi- 
mately atmospheric, the emission exceeded 10? electron sec. Further work 
with single crystals of germanium is now in progress. 
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Abstract. 'The variation of resistance with temperature, pressure and magnetic 
field in several types of carbon resistor has been measured down to helium > 
temperatures. ‘Temperature variation is interpreted on the basis of an assembly | 
of contacts with two different ranges of barrier height. A resistance decrease | 
with pressure of approximately 0-1% per atmosphere is found in carbon 
compound resistors, and a small size effect variation with magnetic field in the 
case of carbon film resistors. Noise measurements have been made which show 
that the 1/f law holds at all temperatures. The temperature dependence of the 
noise is not in agreement with Macfarlane’s theory in terms of a single activation 
energy. Measured noise power is found to be closely proportional to J°, while 
the ambient temperature noise level at 10~° a for small resistors is expressible as 


SR2/R2~10-1! Sf/f. 


GENERAL INTRODUCTION 


HE work to be described was undertaken as part of a programme of noise 

measurement in semiconductors. It may conveniently be divided into two 

sections dealing first with resistance measurements, and secondly with the 
work on noise. 


I. RESISTANCE MEASUREMENTS 
§ 1. INTRODUCTION 


Previous work on amorphous and graphite carbon has unfortunately been 
of a rather empirical nature, investigating its suitability for low temperature 
resistance thermometry, and little is apparently known of the detailed structure 
of carbon resistors or of the fundamental reasons for their physical behaviour. 
The only theories applicable to the temperature variation of resistance are perhaps 
those advanced by Mrozowski (1950, 1952) in connection with graphite of 
various forms, and no detailed agreement has been found with any of these. 


§ 2. EXPERIMENTS AND RESULTS 


2.1. Investigation of Contacts 


It was desirable first to check that the contact resistance of the external 
connections to carbon resistors is low, since high-resistance contacts might } 
cause serious difficulty in obtaining accurate measurements of resistance and | 
noise. Several one-watt resistors were therefore mounted in a jig which allowed | 
the direct application of axial potential contacts, and measurements were made _ 
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on a potentiometer at about 290°K, 90°K and 20°K, the lower temperatures being 
obtained by immersion in liquid oxygen and liquid hydrogen respectively. 
These measurements showed that any contact resistance was less than 0-1°/ of 
the whole and was therefore negligible. 


2.2. Variation of Resistance with Pressure 


Since measurements in the helium range would involve changes of pressure, 
and the approach to helium temperatures in a modified Simon liquefier (Simon 
1936) might involve pressures of the order of 100 atmospheres, a check was 
made that there was no very large resistance—pressure effect. Measurements 
were made with a Wheatstone bridge on specimens contained in the liquefier 
to be used. A carbon compound resistor showed a reduction of the order of 
0-1°% per atmosphere, as might be expected from its granular construction. 
No measurable effect was found in a carbon film resistor. The maximum error 
from this cause is thus 10°%, which is negligible when compared with the effects 
due to temperature changes in the same range. 


2.3. Variation of Resistance with Temperature 


Measurements down to hydrogen temperatures made on Erie 4-watt carbon 
compound resistors and plotted as Rp/Roo9 on a logarithmic scale against 1/T with 
the intention of investigating activation energies showed immediately two 
distinct groups of resistor (fig. 1). Information obtained from the manufacturers 
led us to believe that the lower values of resistor have some graphitic inclusions— 
possibly produced by a heating process during production. More detailed 
measurements down to helium temperatures on a ‘graphitic’ carbon compound 
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resistor (10 Q nominal value) and on a 100 kQ carbon film resistor showed (fig. 2) 
apparently two activation energies, of the order of 10-3 ev or higher at temperatures 
between 300°K and 20°x and ~10-5 ev at lower temperatures. It may be noted 
here that the carbon film resistor is formed of a pyrolitic deposit of carbon, and 
such films have been shown by x-ray analysis to contain graphitic groups together 
with ‘gaseous’ carbon molecules. 

Comparison of these measurements with those made recently by Wilks and 
Webb of this laboratory in connection with carbon resistance thermometers has 
shown a striking resemblance between the curves for all types of carbon 
resistor, including those made in the laboratory from graphite dispersions. That 


is, all show more or less clearly two different activation energies, though there | 


is a considerable range of values for these. 


2.4. Variation of Resistance with Magnetic Field 


A magnetic field of 8 kilogauss was applied to several specimens at various 
temperatures. A resistance rise of 1°/, was observed in the case of a 10Q carbon 
compound resistor at 4-2°K, whilst a 100 kQ carbon film resistor showed a drop of 
0-5°% at the same temperature. On the other hand, a specimen of polycrystalline 
graphite showed under the same conditions a magneto-resistive increase of 
some 146%. 


§ 3, DiscussIOoN 


3.1. Magnetic Field Experiments 


The results of the experiments with magnetic fields suggest that we may 
take as our model for a carbon compound resistor a number of low resistance 
granules with high resistance contacts between them. A magnetic field has no 
effect on a potential barrier, but can increase the resistance of bulk material by 
effectively increasing the average distance travelled by the current carriers. 
Since the mean free path remains constant, the net number of collisions is 
increased and the resistance of the material rises. Thus the 1°, increase found 
in the carbon resistor may be attributed to the magneto-resistive change in the 
bulk material. 


oF : : : 
The 0:5°% resistance decrease noticed in the carbon film resistor occurs at a 


temperature when the mean free path of the current carriers is of the order of | 


10-7 cm. Comparison of the resistor’s temperature coefficient and ‘square 
resistance’ (resistance between opposite sides of a square of film) with the data 
of Grisdale et al. (1951) shows that the thickness of the carbon film is also about 
10-7 cm, indicating that this is the normal magneto-resistive ‘size effect’ 
(cf. MacDonald 1949, MacDonald and Sarginson 1950). 


3.2. Temperature Variation 


If we consider the general shape of the (log R, 1/7) curve for a carbon resistor | 


at low temperatures, we find two distinct regions: at temperatures below 20°K an 


approximate straight line corresponding to an activation energy of the order of as | 
low as ~10~° up to ~10-* ev, and above 20°K a portion which tends towards but | 
does not reach a straight line corresponding to a higher activation energy. | 


Chere is also at high temperatures a saturation region in which thermal scattering 
of conduction electrons in the bulk material causes the resistance to rise again, 


but we are not concerned here with this effect. | 
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Assuming then that the resistance is located effectively at the contacts, we 
must envisage some contact mechanism whereby there are two different activation 
energies with a fairly wide range of possible values. It must be emphasized that 
the effects found can only be explained by a parallel mechanism, e.g. of two 
potential barriers in parallel. In a series arrangement, only that producing the 
higher resistance would be apparent in external measurements. 

One possible explanation is that while most contacts involve barriers of 
height 10-* to 10 ev, there is a small number of ‘good’ contacts of much lower 
barrier height. The height of these lower barriers, which in any one specimen 
appear to be of the same order, is presumably determined by the forming 
processes used during manufacture. Since graphite under certain conditions 
behaves as a semiconductor of zero activation energy (Wallace 1947), the lower 
activation energy could be interpreted as a parallel ‘short circuiting’ of contacts 
by graphitic inclusions. 


i> NOISE: MEASUREMENTS 
§ 1. INTRODUCTION 


The first detailed investigations of current noise since its discovery by 
Johnson (1925) were made by Christensen and Pearson (1936) using carbon 
microphones and other granular (e.g. carbon compound) resistances. ‘This 
emphasis on the association of contacts with this form of noise led to the adoption 
of the name ‘contact noise’, but since the effect is observed also in bulk 
semiconductors such as germanium, the name is, perhaps, inappropriate. Other 
workers in this field, notably Abson et al. (1946) and Campbell and Chipman 
(1949) have confirmed over a limited temperature range and at various 
frequencies the general findings of earlier workers. 

The phenomenon may with some simplification be regarded as a resistance 
fluctuation which is made apparent to us by passing a steady current; that ts, 
for any specimen there is a quantity 5R?/R? (whose spectral distribution we may 
call p,,) which for a given bandwidth depends on frequency, temperature and, 
perhaps, to a small extent, on the value of the current itself. 

The theories of Schottky (1926) and Macfarlane (1950) show no dependence 
on current J, though Macfarlane (1947) in a theory of general application to 
semiconductors gave p,, <I” 1f-*(1<x<2) where f is the frequency. 

Macfarlane’s later theory (Macfarlane 1950), which involves contacts, 
introduces, however, an explicit dependence on temperature: 


pyc T2e-HISRTf—#( 1) 
which may be tested experimentally. 


§ 2. EXPERIMENTAL PROCEDURE 


The apparatus was designed so that a measured direct current from a 
carefully smoothed supply could be passed through two identical resistors 
connected in series. Both sides of the current supply were effectively earthed to 
a.c. signals so that any resistance fluctuations in the specimens produced an 
alternating potential relative to earth at the junction between the two resistors. 
This arrangement has two specific advantages apart from those normally inherent 
in a balanced system: (i) the available noise power is double that obtainable from 
a single carbon resistor in series with a wire-wound resistor of equal value; 
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(ii) each resistor, considered as a source of noise power, ‘sees’ in the other at all 
temperatures optimal a.c. loading. ; , 

The two resistors were contained in a small helium-filled copper capsule 
which could be surrounded with liquid oxygen or hydrogen. For measurements 
at helium temperatures the two resistors were mounted in a Simon ( 1936) 
liquefier as used in the resistance measurements. Connections to the specimens 
were made with fine insulated constantan wires passed down the german silver 
tube which supported the copper capsule. 

The noise signal was fed via a low-capacity coaxial cable and a condenser of 
hich insulation resistance into a low-noise preamplifier. A selector switch at 
the preamplifier input allowed readings to be taken of the thermal or ° Johnson’ 
noise in the 1MQ grid resistor which was then used as a reference level. a rom 
the preamplifier the signal was fed to a wave analyser of a nominal 4 c/s bandwidth. 
The output from this (a 50 kc/s signal modulated by the noise) was taken to an 
oscilloscope and from this to the detector, using a cathode-ray tube as a visual 
monitor. The detector was in some cases an envelope-detector diode and in 
others a vacuum thermocouple, both systems having a time constant of about 
10 seconds. The detailed frequency response of the complete apparatus was 
determined by injecting a signal across a small resistor in the ‘earthy’ side of the 
bridge. 

Using resistors of the carbon compound and carbon film types with room 
temperature values between 100kQ and 1 MQ, measurements have been made 
of the variation of current noise with frequency, temperature and current. The 
effect of a magnetic field has also been examined. 


§ 3. RESULTS 
3.1. Frequency Dependence 

In the range 20 c/s to 10 kc/s all specimens obeyed more or less exactly a 
1/f law at currents and temperatures ranging from 1a to 100ua and 290°K to 
4-2°K respectively. i 

A typical spectrum is shown in fig. 3. It may be mentioned here that 
measurements at room temperature have recently been extended to frequencies 
lower than 10~* c/s where the 1/f law is still obeyed rather precisely (Rollin and 
Templeton 1953). 

3.2. Current Dependence 


Up to 20a, at frequencies and temperatures as above, the measured mean 
square noise voltage in all specimens follows more or less exactly a law 5V2 cc [2° 
(though a reduction of the index of J to 1:9 could be read into some of the earlier 
results). 


The same law continues to apply for a 100 kQ carbon film resistor for currents 


as high as 50044. However, carbon compound types show, at currents ranging | 


from 20 to 60a, a fall-off from a straight line on a graph of log (SV?)1? plotted | 
against log J. ‘These deviations are found to be non-reproducible (fig. 4 (both | 


types)). It should be noted that the power dissipation involved is still far below 
the rated value of the resistor. 


3.3. Temperature Dependence 
Pp» was deduced for a carbon compound resistor and a carbon film resistor 
at temperatures down to 14°K and 1:5°K respectively. In each case the value 
at 1 kc/s (1 c/s bandwidth) with 10j.a flowing was taken. 
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Graphs were then drawn of log T'y/p,, plotted against 1/T for comparison with 
Macfarlane’s theory (fig. 5), which would predict a linear relationship. 
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Fig. 5. ‘Temperature dependence of current noise in carbon resistors for comparison with 
Macfarlane’s theory. A, 120k (nominal) carbon compound resistor; B, 100 kQ 
(nominal) carbon film resistor. 


3.4. Effect of a Magnetic Field 


A field of 8 kilogauss produced no measurable change of noise level in any 
specimen. 


3.5. General 


The value of p, for a current of 10a has been found to lie in the range 


3x10-" to 3x 10- of/f for 4-watt carbon compound and }-watt carbon film 


resistors. 
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§ 4. DISCUSSION 
4.1. Magnetic Field 


The fact that no measurable effect is produced by a magnetic field gives 
reason to suppose that the resistance fluctuation as well as the main resistance in 


carbon resistors is located at contacts. On the other hand, in bulk semiconductors 


such as germanium a reduction of noise is found with magnetic field 
(cf. Montgomery and Shockley 1950). 


4.2. Frequency Spectrum 


The present measurements, together with the later ones (Rollin and 
Templeton 1953) show that the 1/f law is obeyed over a wide range and down to 
very low frequencies. Any theory of contact noise must therefore involve some 
very long time constant effect: a diffusion theory such as that of Macfarlane may 
meet this requirement. 

4.3. Current Dependence 


Although most recent measurements show negligible dependence of the 
mean square (relative) resistance fluctuation on current, earlier work suggested 
a small dependence 5R?/R?ocJ-°1. Such a reduction might possibly be 
associated with a progressive reduction in the number of fluctuating carrier- 
emitting centres; alternatively it might be attributed to the sweeping away of 
carriers from regions in which a variation in the number available can make a 
large contribution to the resistance fluctuations. 

The non-reproducible effects at higher currents in the compound type 
resistor may perhaps be due to very local heating effects at internal contacts, 
though the total power dissipation in the resistors when these effects occur is 
only of the order of 10-° watt, and any departure from Ohm’s law is very slight. 
The absence of such effects in the film-type resistors may perhaps be ascribed to 
the much better heat exchange provided by their construction. 


4.4. Temperature Dependence 

From fig. 5 it is clear that Macfarlane’s theory is not adequate as it stands to 
account for the experimental results. The importance of a wide temperature 
range for such comparisons is also obvious since, for example, over the upper 
range between room temperature and that of liquid oxygen (1/T=3 x 10-3 to 
11 x 10-*) one might well conclude that there was indeed satisfactory agreement 
with the predicted linear relationship. 

Qualitatively, the shape of the graphs suggests that perhaps an extension of 
Macfarlane’s theory based on two activation energies (as in the case of the 
resistance itself) might account for the observed temperature dependence of the 
noise. Until, however, a more certain theoretical foundation is established it 
seems unwise at present to consider the estimation of activation energies from 
the noise data (particularly in view of the large numerical factor, 8, involved in 
the exponential index of Macfarlane’s formula). 
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Abstract. It is shown that suspension of drops at the interface of two insoluble 
liquids represents a satisfactory method of studying the supercooling of water. 
The temperatures of supercooling thus found depend on the volume of the 
sample and the rate of cooling. The inter-relation between temperature, volume 
and time is derived theoretically from simple probability considerations and is 
shown to be consistent with experiment. 


§ 1. INTRODUCTION 
Me researches have been directed to finding how far water can be 


supercooled since the effect was first reported about two hundred years 
ago. It is only in recent years, however, that the effect of the volume 
of the sample on its freezing temperature has been studied systematically, while 
the effect of the rate of cooling has either been ignored or stated to be unimportant. 
Heverley (1949) noted a sudden decrease in freezing temperature when the 
diameters of drops supported on a waxed paper surface were less than 0-4mm. 
A thorough statistical study by Dorsch and Hacker (1950) using large numbers 
of drops on metal surfaces revealed a much broader distribution of freezing 
temperatures about the mean than Heverley suspected. Levine (1950), in 
discussing their results, showed that there was a linear relationship between 
the logarithm of the drop diameter and the mean freezing temperature. He also 
attempted an explanation on the basis of a distribution of motes of different 
efficiencies in causing freezing and showed that reasonable agreement could be 
obtained by a suitable choice of constants. The effect of time was not considered. © 
Objections to these works are (a) the possibility that the solid surfaces used to 
support the sample of water induced freezing, (6) the lack of a satisfactory 
relation between volume, time and freezing temperature, without appealing to a 
particular cause of freezing. 


It is the aim here to describe how these objections can be overcome. 


§2. EXPERIMENTAL DETERMINATION OF FREEZING TEMPERATURES OF DROPS 
(1) Experimental Techniques 


The various samples of water used in these experiments were stored in plastic 
bottles from which drops could be squeezed through finely pointed glass nozzles. 
Drops were suspended either at the interface of two immiscible liquids, one heavier 
and one lighter than water, or on a hydrophobic film of. silicone oil (Drifilm) 
and covered with liquid paraffin. The drop container was then placed on a 
mirror near the bottom of a refrigerator having an open top. Light from a 
concentrated source above the refrigerator illuminated the mirror, and the image 
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of the drops was projected on to a screen by a telescope. Photographically 
ruled squares on the screen corresponded to 20 micron squares at the drops. 
The telescope could be rotated to cover a field of view about 20mm x 5mm. 

The temperature of the drops was measured by a thermocouple placed 
centrally in the field of view, the hot junction being in melting ice. 

The procedure was to map out the location and diameter of each drop and 
then to mark the temperature at which it froze. Freezing appeared instantaneous, 
the brilliant image of the lamp in the drop being extinguished as the ice formed. 

Slow cooling was accomplished by conduction from the mirror and the cold _ 
air surrounding the drop container. It could be hastened by lowering the 
temperature of the refrigerator, and in this way a standard cooling rate of 0-5°c 
per minute could be obtained. In the case of very large drops cooling was 
necessarily slower. 

The inaccuracy in the temperature determinations is considered to be of the 
order of 0-5°c. 

It has often been reported that the nature of the surface with which the sample 
of water is in contact exerts an unpredictable influence on the freezing tempera- 
ture. Suspension between liquids reduces the difficulties of surface contami- 
nations or the possible effects of force fields. It also eliminates the possibility of 
communication between neighbouring drops by dendrites thrown from those 
which have frozen. ‘There are several pairs of suitable common liquids available. 
Combinations of the following were used: carbon tetrachloride and ethylene 
dichloride (heavier than water), amyl acetate, toluene and liquid paraffin (lighter 
than water). 

The mean freezing point of each group of 1mm diameter drops, cooled at 
about }°c min“ was found to be within 0-5°c of the overall mean of —23-8°c. 
It was found that the mean freezing point of 1mm diameter drops resting on a 
hydrophobic film of silicone oil (Drifilm) and cooled at the same rate fell within 
the same limits. 

It was concluded that each of these methods was satisfactory, and in subsequent 
work the Drifilm under liquid paraffin was used for small drops, while a carbon 
tetrachloride—liquid paraffin interface was used for large drops. ‘he reason 


_ for this choice. was that small drops at a liquid interface tend to coalesce while 


large drops resting on a surface lose their spherical shape. 

Experiments were made on water obtained from three sources: (a) pure 
conductivity water (supplied by the National Physical Laboratory) which had 
been filtered through an ion exchange column, (5) once-distilled tap water, from 
a good laboratory still, (c) by direct condensation on to a cold hydrophobic 
surface from a beaker of hot distilled water. 

In each case the mean freezing point of 1mm diameter drops cooled at 
4°c min“! was within 0-5°c of —23-8°c. ‘The variation of purity within these 
limits therefore does not greatly affect the freezing temperature. 


(ii) Dependence of Freezing on Volume 


Groups of drops in the diameter range 50 microns to 2:5cm were studied. 
Not less than 100 observations were made for each point on fig. 1 with the 
exception of the point A, which is the average of only 20 observations. For this 
point the rate of cooling was 2°c h~! and the point A’ represents A corrected for 
this in the manner to be described in the next section. 
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mple, by diameter 065mm, temperature 
he freezing temperatures of all drops with 
diameters in the range 0:60-0:69 mm. If the diameter—temperature relationship 
is approximately linear over that range and the frequency distribution of freezing 
symmetrical, the point means that the probability of a drop of 0-65 mm diameter 
freezing is 0-5. These conditions are very nearly fulfilled. 

It will be seen that the logarithm of the diameter is directly proportional to 
the temperature, a result reported by Levine from the observations of Dorsch and 
Hacker. The slope of their line is slightly steeper than that of fig. 1, while their 


The point represented, for exa 
—25-1°c, was obtained by averaging t 
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Fig. 1. Mean freezing temperature as a function of drop diameter. 
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freezing points for 1mm diameter drops are about 5°c higher, with cooling rates 
10-30 times as great. Allowance for their higher cooling rates adds another 
2-3°c to the discrepancy. 

Once the dependence of freezing point on volume has been established, we 
may reduce the freezing temperature of any drop to that of a drop of standard 
Size. In this way we may use any of the observations of fig. 1 to obtain a frequency 
distribution of freezing as a function of temperature. ‘The full lines of fig. 2 
embody the results of 1089 observations at temperature intervals of 0-3°c. 
Only drops with diameters 0-4-1-5 mm were used for this figure as the measure- 
ments made on this range were the most accurate. 
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The standardized integral of this curve gives the probability that a drop will 
have frozen when the temperature J is reached, and is shown in fig. 3. In figs. 2 
and 3 the broken curves are derived theoretically and will be discussed in the 
next section. 


(ii) Dependence of Freezing on Rate of Cooling 


With the scatter in freezing temperature shown in fig. 2 it is not surprising 
that investigators using few samples of water have failed to find a dependence of 
freezing on rate of cooling. The statistical study of Dorsch and Hacker did not 
reveal an effect, but their cooling rates were varied only from 0-1 to 0-3°c per 
second. As cooling rates faster than }°c min“! could lead to difficulty with 
temperature measurements in the present experiments, a lower rate of cooling 
was arranged by encasing the drop container in a block of ice and placing it in . 
the refrigerator. The cooling rate could then be made fairly uniform at 3°c per 
hour. ‘The mean freezing point of 164 drops of 1mm diameter was then found 
to be —21-8°c; this was 2-0°c above the mean freezing point with a cooling rate 
of $°cmin“], an elevation far too great to be explained by experimental error. 
The cooling rate therefore has a small but real effect on freezing, deeper super- 
cooling being possible with higher cooling rates. 


$3. DiscussION OF EXPERIMENTAL RESULTS 


We have seen that the volume of water, its temperature and the length of time 
for which it has been cooled all influence the chance that it will freeze. We must 
now attempt to find a relationship between these which will allow us to check 
the consistency of the results. 

Let us consider an elemental volume of the liquid 6V and suppose that the 
probability of freezing initiating in it in time of is W(T)—T7,8V, dt) where T 
is the temperature and J,.is 0°c. For convenience we shall write T,)—T as T,, 
the degree of supercooling. 

Now the probability that an event having a chance of occurrence W in a 
single trial will not have occurred after n trials is (1—W)”. Consequently, in 
the case in which we are interested, the probability P(7, V,t) that freezing will 
occur in a volume V and time ¢ is given by 


(1—P)=(1—-W)”"#""* or In(1—P)= ad —W). 
If W is very small compared with unity 
Viw 
In(l—P)=— se. eeceee (1) 


In discussing the above experiments where temperature is a function of time 
it is necessary to proceed somewhat differently because W is a function of 
temperature. In successive trials for which the probability of freezing has 


consecutive values W,, W2,...W,,, the chance that freezing will not occur is 


1— P=(1-W,)(1— W,)....1- W,). 
If all the values W, to W,, are very much less than unity, 
Ley (la reer EY ae a Bie Oe ely (2) 
i=1 
Suppose that cooling takes place at a uniform rate. Then we can write ot =T., 
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Now n=V dt/8V 5t=V dT,/«8V 8t and eqn. (2) becomes 


V 
In(M-P)=— pe | WaT, tare (3) 
Let us write {WdT./8V St as I. Then fig. 1 allows J to be determined as it 
shows the freezing temperature corresponding to a given drop volume for 
P=)~ hus t=—alng/V. 

It can be seen from fig. 1 that —InV=aT,—6, where a and 6 are 
constants. a & 69/68 ~ 1:0, b= 16-2. Then, in the experimental range, 
1=5-2x10-%exp T,. The boundary conditions are that P=0 when T,=0 and 
therefore J=0. ‘The correct form is therefore [=5-2 x 10-(exp 7,—1). The 
term W/8V 8t=dl/dT, of eqn. (1) is now 5-2x10-Mexp T,. Calculations can 
‘therefore be made for steady temperature conditions using this equation. ‘The 
probability curve of fig. 3 can now be calculated directly from eqn. (3). Also, 
since dl/dT,= I, (@P/0T,)y =(1—P)In(1—P), allowing the broken curve of 
fig. 2 to be calculated. 

The agreement is quite good when one considers that the curve will be 
broadened by experimental errors. Both experimental and calculated curves 
show a small degree of asymmetry in the same sense. 

The influence of cooling rate can be seen from eqn. (3). ‘The dependence of 
T on 1/« for a given P is the same as the dependence of 7 on V for a given P. 
That is, a factor of 1000 in 1/a represents 6-78°c, a factor of 10 is equivalent to 
2-26°c, and a factor of 2 to 0:55°c. ‘The experimental finding that a factor of 10 
decrease in « elevates the mean freezing point by 2-0°c is thus in fair agreement 
with theory. 

Having shown that the results are consistent, and having obtained analytical 
expressions for the probability of freezing, it is possible to extrapolate to smaller 
or larger volumes of water. 

Extrapolation to cloud drop size (diameter about 10 microns) provides a useful 
check on this work, for experiments have been made in this range by Cwilong 
(1947), Fournier d’Albe (1949), Schaefer (1948) and Mason (1952), who report 
‘critical temperatures’ in the range —39 to —42°c. 

This is just the range which we should expect from eqn. (1) for a probability 
of freezing of 1%, if drop diameters varied between 5 and 10, and times of 
cooling from 0-1 to 1 second. 

It is difficult to compare the results described by fig. 1 with those of other 
published works on the supercooling of water, either because necessary 
experimental details are missing, or because of the unknown effects of glass 
and metal containers. However, if there were valid claims that water had 
been supercooled to consistently lower temperatures than found here, doubt 
would be cast on the experimental technique. Consequently, we shall examine 
freezing temperatures reported by other workers which are frequently referred Wh 
to in the literature. Beside their experimental values we have placed in brackets 
the approximate value to be expected from eqn. (3), see table. 

It can be seen that of these results the only ones which may be lower than 
expected are those of Meyer and Pfaff and Smith-Johannsen. The former used 
small glass phials having a capacity of about 0-6cm*. Five of these, containing | 
‘small’ quantities of water, were chilled rapidly and two reached —33°c before 
freezing. Smith-Johannsen also used small quantities of water and cooled 
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them rapidly. ‘These low temperatures could be explained by the small volumes, 
the rapid cooling, or the finite probability that the freezing temperature was below 
the mean. 

Finally we must refer to the mechanism of freezing, for although the equations 
give no indication of what this is, they can be compared with one of the current 
theories. 


Author po Cooling rate Freezing temp. (°C) 
(cm?) 
Meyer and Pfaff (1935) 0-6 rapid ~—2() (= 20) 
smaller quantity nf = 35) (?) 
‘Tammann and Biichner (1935) 0-4 1°Chminis* = i151 = Iise7, (== 1168) 
Dorsey (1948) 3 slow Sl i@ =20 (1153) 
Smith-Johannsen (1948) small rapid about —20 (?) 
once at —38-5 
Heverley (1949) Bee (ies 1—20°c min“ 16 (= 25) 
5 < 1O 50 5 (—32) 
Dorsch and Hacker (1950) SO 0:1—0:3° sec} —18 av. (—26) 
DDGLOm4 an —25 avi. (=33) 
Brewer and Palmer (1951) 410-6 1-—20°c min=! — 20 (=31) 
Ome KA = 30 (— 36) 


The bulk of experimental evidence favours the view that freezing is initiated 
by singularities, or motes, in the liquid. If this is so, then the motes must be 
common constituents of cloud drops and laboratory distilled water. If the 
singularities are not foreign bodies, but chance aggregates of water molecules 
into the ice lattice, freezing is said to occur by ‘spontaneous nucleation’. Recent 
work on solidification of liquid metals (see, for example, ‘Turnbull and Fisher 
1949) has demonstrated that with suitable experimental conditions freezing 
occurs as a result of spontaneous nucleation. 

Mason (1952) applied the Turnbull and Fisher equations to the problem of 
nucleation in water, showing that it was not unreasonable to suppose that at 
—40°c cloud droplets freeze by this process. In Mason’s paper the nucleation 
rate J corresponds to the probability W used here. Now we have found that W 
is proportional to exp T,, so that d(In W)/d7T,=const., while Mason shows that, 


_approximately, d(InJ)/d7T,=const/T.?. 


The difference can be reconciled if one makes the assumption that the quantity 
termed the ‘interfacial surface energy’ is not a constant, but varies as 7,3”. There 
is no obvious theoretical reason for making such an assumption. 


$4. CONCLUSION 


We see then that simple probability considerations are sufficient to resolve 
the conflicting answers to the question ‘‘ How far can water be supercooled ?”’. 
We have seen also that it does not require elaborate apparatus or difficult techniques 
to obtain consistent data on supercooling. 

The more fundamental problem of why supercooling terminates remains 
to be solved. 
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The Theory of the Propagation of Plane Sound Waves in Tubes 


By D. E. WESTON* 
Physics Department, Imperial College, London 


Communicated by R. W. B. Stephens ; MS. received 26th March 1953 


Abstract. The propagation of plane sound waves in gases in tubes can be divided 
into three main types, depending on the radius and frequency involved. These 
types are described as ‘narrow’ tube, ‘wide’ tube and ‘very wide’ tube 
propagation. The phase velocity, attenuation and cross section profile of particle 
velocity etc. are investigated theoretically, and their inter-relation pointed out. 
The factors affecting the validity of Kirchhoff’s formulae are considered, and 
the theory is applied to some recent work. 


§ 1. INTRODUCTION 
Te paper is concerned with the theory for the propagation of sound 


waves of the principal mode in gases contained in cylindrical tubes of a 
large range of diameters. In particular the manner in which viscosity and 
thermal conductivity affect the motion is discussed for continuous waves. 
Helmholtz (1863) was the first to investigate the problem, and quoted the 
formula for the velocity decrease due to viscosity. In his dust-tube experiment 
Kundt (1868) obtained fair agreement with the Helmholtz formula, but found 
the effect larger than predicted. He suggested heat conduction as a further 
cause, stimulating Kirchhoff (1868) to present the complete theory for the 
‘wide’ tube, which is the most important case. 
Kirchhoff’s formulae are: 


Phase velocity of sound: 
e=cl —y' jr, (20)"?| =3-434 x 10411 — 0:162/(7,4/f)}em-séc. *.. (1) 
Amplitude attenuation constant: 
an! = (y' ferg)(w{2)¥2 =2:964 x 10-84 /fry cm. sae (2) 
The numerical values here and elsewhere are for air at 20°c and 76 cm Hg; 


w is the pulsatance, f the frequency, 7,, the tube radius and r the general radius 
vector, and the following refer to the gaseous medium: 


c=Laplacian adiabatic velocity of sound, | 
y =rV/v+(y—1)(v'/y)!? =0-574 c.g.s. units = Kirchhoft’s | 
constant, 
y =ratio of the principal specific heats, 
v =p/p =kinematic viscosity, 
7 =Rkipce—thermal ditustyity or thermometric Ft ue (3) 
conductivity, 


y.=shear viscosity coefhcient, 

k=thermal conductivity, 

p=density, 

c,=specific heat at constant volume. | 
* Now at the Admiralty Research Laboratory, Teddington. 
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The author has made a critical examination of Kirchhoff’s formulae in an 
effort to settle the controversy arising from the disagreement of many 
experimental results with theory. Using some results of Kirchhoff it may be 
shown that there are three main types of motion, the conditions for which are 
defined later (see table 1 and fig. 1): itis 

(a) ‘Narrow’ tube. At very small radii and low frequencies the motion is 
isothermal and governed largely by viscous forces. 

(b) ‘Wide’ tube. The sound energy is diffused evenly over the tube cross 
section, and the adiabatic motion approximates to that in an unbounded gas. 
There is, however, a narrow boundary layer at the wall, analogous to the Prandtl 
layer in continuous flow, where viscous and heat conduction processes lead to an 
energy loss. - 

(c) ‘Very wide’ tube. This differs from the ‘wide’ tube mainly in that the 
sound energy is concentrated near the walls. 

Before giving the more formal analysis it is desirable to consider two 
alternative approaches to the problem—the resistance concept for ‘narrow’ 


tubes and the boundary layer idea for ‘wide’ tubes. Besides affording a clearer — 


physical picture, these cover aspects additional to the main theory. 


§ 2. THE RESISTANCE CONCEPT FOR NARROW ‘TUBES 


When the tube radius is much less than the boundary layer thickness a simple 
approach due to Lamb (1898) is valid. ‘The motion is isothermal and viscous 
forces predominate over inertial forces. If wu is the mean velocity over the cross 


section Rus Ops. = (4) 
where R is a coefficient of resistance and dp/dx the pressure gradient along the 
tube axis. ‘This equation leads to the result 
m'=toR(P  \— \ See ee (5) 
where m is the complex propagation constant and P the ambient pressure. 
The value of R is usually calculated assuming that Poiseuille’s law is 


applicable, viz. R= Splits ne tee eee (6) 
Thus for air, velocity c’ =4cr,,(w/yv)!? = 9-364 x 1047,./femsec ...... (7) 
attenuation m’=2(yvw)'?/er,,=6-701 x 10-54/f/ry cm™}. ss... (8) 


For the narrower tubes R may be modified for the effect of slip, and for very 


narrow tubes it may be found from Knudsen’s formula for molecular streaming 
(see eqn. (72)). 


§ 3. THE Bounpary LayER CONCEPT FOR WIDE TUBES 


(1) Viscosity and Temperature Waves 


When a fluid is vibrating parallel to a plane solid surface the particle velocity u 
is given by (Stokes 1851) u=A el] — eal +0} (9) 


where « =(w/2v)!” is the viscous ‘wave constant’, and 4 is a coordinate measured 
normal to the solid surface. ‘The first term represents the acoustic wave and the 
second term a ‘viscous’ wave. 

It may easily be shown that (see e.g. Sexl 1930) the amplitude w of the 
particle velocity has a principal maximum equal to 1-:067A at a distance froin 
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the surface A,, = 2:2838(2v/w)#? =0-500/4/fem for air, —...... (10) 


which is here defined as the boundary layer thickness. 
Similarly it may be shown that the excess temperature (cf. Kirchhoff 1868, 


Rayleigh 1896, p. 322, Ballantine 1932) 


Gee eh rae ea] a FEAT vile (11) 
where 8 =(wy/2v’)!” is the thermal ‘wave constant’. The principal maximum 
of @) occurs at 

A, = 2:2838(2v'/wy)? =0-596/4/fem for air,  —.......... (12) 
It may be noted that A, ~ A; ~ (AA’)#?, the geometric mean of the wavelength 


and mean free path. 
The shape of the wave front may also be calculated from eqn. (9). ‘Thus 


=, COS (@t— mn Xa @) t=) Lee (13) 
where tang@=er* sinabi(l—e-*? cosab) ae (14) 
¢ has a maximum of 7/2 at the wall and a principal minimum of ¢ = — 0:004387, 
corresponding to an appreciable forward displacement (about 0-2°% wavelength) 
at Da SO408(Zviq@y"tie 2 en, AES ees (15) 


Figure 3 shows the velocity amplitude and wave front when the above theory 
is applied to a tube. ‘The maxima due to viscous waves have been found 
experimentally by Richardson (1928), Carriere (1929), Richardson and Tyler 
(1929), and others. 

(ii) Velocity and Attenuation 

Let the perimeter and cross-sectional area of the tube be F and S, and the 

excess pressure outside the layer 


Digs Py CXPCG)t 10 ae a tay. (16) 
The variable component of the particle velocity near the wall is 
u=— (Cpy/yP) exp {—ab(1+7)+1at—mx}. ~ ...... (17) 
From Newton’s law the force on a cylindrical gas column of length dx is 
ESxp () , =e (F)" (1+i)exp(iwt—mx). ...... (18) 
The associated pressure is found to be 
(Eis ivizo)\t— 1p = = Pe (19) 
The variable component of the temperature excess near the wall is 
— {poy —1)O/yP} exp {— Bb(1+7)+iwt—mx\}  ...... (20) 
where © is the ambient temperature. ‘The pressure arising is 
— {po(y—1)/y}exp {—Bb.1+7)+iwt—mx}, sa. (22) 


This corresponds to a pressure, averaged over the cross section, 
E; we eens Ey-1fv'\32_, 
s| - Saeed Abo) exp {— BB(1 +i) +iwt—ms} d= 5) @-1p. 
If the total fractional change in p due to heat conduction is « there will be a 


corresponding fractional change « in the temperature excess in the bulk of the 
PROC. PHYS. SOC. LXVI, 8—B 3A 
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tube. This produces part of the change «(y — 1)/y in p, from the constant volume 
relation. Thus ¢ has two components: 
a (x) D+” Lat el to ee (23). al 
S yi? \2w | 
ue | 
Solving eqn. (23) .=% na (5) NGA) oe eee 24) 
The extra pressure due to both viscosity and heat conduction is | 

{By | S(20y" \Gal)p  -~ eteae (25) 
and the wave equation is Salas to i 
2 I} 
one = m[l+s 5 os Te oe 1). Be ets (26) | 
‘The phase velocity and pienttioe become | 
é =o Ey 25(20) 2 So eee (27) “Si 

th = (Ey 28£)(@) 2875 eS eee (28) 

These reduce to (1) and (2) for the circular tube. 


A version of the above theory for the effect of viscosity has been given by 
Rayleigh (1896) and others, but the heat conduction layer has not received such 
full attention (see however Ballantine 1932, Nielsen 1949a, b, Konstantinov 
1939, Cremer 1948). 


$4. THE More CoMPLeTe THEORY 


(1) General Equations 
Kirchhoff (1868, see alternatively Rayleigh 1896), when analysing propagation 
in a tube, started from differential equations modified for both viscosity and | 
thermal conduction. He derived expressions showing the variations across the | 
tube of the particle velocity w parallel to the axis, the radial particle velocity q, | 
and temperature excess 6. ‘These, however, involve constants A, A,, A, of values | 
to be determined by the boundary conditions. 


u=AQ— Aym(h), ~v')Q, — Agm( [hy —')Qs 
—Am 9 
oan te ee eee | aa 2 
 ='A,0; + AQ» ] 
where 6’ =0/(y—1)0, h=iw and 
Q=Jotr(m?—hjv)™} Qy=Syfr(m?—2)!2} Qn —Sofr(m?— Dg} ea. (30) 
A, and A, are the small and large roots of 
WP +hvt+v"+v'jrt(v'/A{el/y+hv+v")e=0 ...... (31) 


v" is a constant which according to Stokes equals v/3. 
At the walls of a rigid conducting tube, where r=7,, 
Usqgeoe Ql ts ry a ieee (32) 


The vanishing of the determinant (29) gives an equation for the propagation 
constant m used by Kirchhoff, 


neha f | 1 \ dln.On-*fh »\ din Q, h »\ dln QO, 
Aly —m (> x) dry, T (+ =P. ) wir = (> Sy ) dr, ==()). see (33) 
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The profiles, i.e. distributions of particle velocity etc. across the tube, may 


be expressed conveniently in terms of another constant B. The suffix w toa 
quantity denotes its value at the wall. 


Bee ca tae 
“5 (5 = ' Oy 0190: | mB 
B [oS (> £ ;) OnOrn 2 : é E ’) a 01,42 ote (34) 


h/v—m* 
Fes: d 
a (3 saa ) Q,Qiw val B 
= [ a 02,1 at 01~Qs] O,B. 4] 


The form of solution depends on whether the moduli of Q, Q,, Q, are small 
or large (see table 1 and fig. 1), and the various regions are now considered. 


Table1. The Various Propagation Regions (at 20°c and 76 cm Hg) 


“Very small’ implies one term, and ‘ small’ several terms in eqn. (38) ; ‘ large’ 
implies several terms, and ‘ very large ’ one term in eqn. (43). 


Magnitude of modulus 


Type of propagation O O O Discriminant 

pi 8 mae 
‘Narrow tube very small very small very small 
‘Transition, narrow—wide small very small small rks Ba vem ors ey 
Transition, wide—narrow large very small large J 
Wide tube very large very small very large 
Transition, wide—very wide very large small very large |. 8272 10-8 ry f2!2 
Transition, very wide—wide very large large very large { pati Ki 
Very wide tube very large very large very large 


gth Approaches 


Mean Free Path 


(=) 
a | 
o 
> 
oO 
= 


Radius (cm) 


Radius Approaches 
Mean Free Path 


10°? | 10? 104 10° 108 
Frequency (c/s) 


Fig. 1. The various propagation regions in air at 20°c and 76 cm Hg showing where the 
correction terms in the formulae for the attenuation are less than 1%. Reported 
experimental work lies within the dotted line. 

3 A-2, 
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Cross section profiles of particle velocity etc. | 
The original treatment for waves in a narrow tube was given by Rayleigh | 
(1896). First approximations from (31) are 
r=? al oar Ayehy ly io BN eee (35) 
An approximation valid at all but the highest frequencies is hv/c’<1, and for 
the narrow tube (y'/ry1/h> 1) 
m= S8vyhlOree” i 9 Ae (36) 
Retaining only the leading terms the profiles may be calculated from (34) 
u=(Belrg)(vh|2»)%(ry2— 7) ) 
g= —(Bhr/r,7)(2y — 1)(14? — 7) sees (37) 
6’ = —(Bhy/4v')(r,? —71°). J 
The axial distribution is parabolic, as for continuous flow in tubes, Sexl (1928, 
1930) also finds that his general expression, allowing for viscosity only, reduces | 
to a Poiseuille type flow for narrow tubes. Note that g/u ~~ (wv)"?/c, i.e. the radial |) 
is much less than the axial particle velocity. Compared with propagation in an | 
unbounded gas 6’/u is multiplied by the small factor 7,,(w/v)"”, so the flow may ° 
be called isothermal. 


4 
(ii) The Narrow Tube | : 
; 


| 


Transition to the wide tube. 

Starting from the two extremes it is possible to derive expressions applicable 

to the transition region between the narrow and wide tube. For the narrow 4 

tube approach, it may be shown, on developing the power expansion of a zero 
order Bessel function for small x, that 

d\n oe ie x 2 jens 

-3[1+ 3+ tn] 

By making approximations in eqn. (33) as in ae 1, but otherwise following 4 

Rayleigh, it is found that for air: 


velocity ce =(cry/2)(w/vy) [1 —yrywt (yo t+ y)rytw?] 
= 9-364 x 10%,,4//]—2-95e,7f +1-607,77" em see,4 7) xe aes 
attenuation m’=(2/cr,,)(2vyw)'?[1 —yry?w — yerytw?] 
=6:701 x 10-5(4/f/r,,)[1—2:957,2f + 7-117, 4f?] em-4 2... (40) 
(aleaycel } 
where n=HRH t= 0-470 os: | 


ae 1 y-1  (y—1)(13y +3) 
r= vate 82 Ay at 7 ene Pa | 


Kosten (1949) and Crandall (1927) have previously obtained a part of the 
correction term expressed in (40). 


(iii) The Wide Tube 
Transition to the narrow tube, 


When the boundary layer thickness A becomes comparable with the tube4 
radius Kirchhoff’s assumptions begin to break down: in particular the modulid 
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of Q and Q, are no longer large. The discriminant between the two cases of 
adiabatic and isothermal flow is thus 


7 (c/v)* ocr,,/A oc moduli of 0, O,~-ras/f. - ss... (42) 
For x large 


Nog Ca aig dhe ges Pear | 
Oe --i(1+ g- pea) -(e-we Bimota (43) 


where for the conditions considered it has been possible to approximate 
tan(x— j7)=7. By solving eqn. (33) with approximations as in table 1, but 
otherwise following Kirchhoff, it is found that for air: 


; Bene nee oe aN. 
velocity c=C E 72a) as 2rtw  ry3(2a%) 
0-162 0-0262 0-0124 


asl Us [1- =e ay) cate cmsec t -.+(44) 
attenuation m’ = a (5) = a + ene 
=10° | 2-964 ut a = + na} curs ek (45) 
where y"=v+ we (vv’)12 — to PM O2 G.0 Ss; | 
we = pre 4 on Oe aaa axe eee) oe ate ieee ke, (46) 
+ Meet a) 29d) on baustid) ye? = ("182 ces, 


The two sets of approximate expressions for velocity and attenuation, 
approaching from the wide and narrow tube limiting cases, have been plotted 
together in fig. 2. ‘This transition region has also been investigated, using 
different methods, by Nielsen (1949a), Golay (1947), Daniels (1947, 1950), 
Zwikker and Kosten (1949), and Iberall (1950). 

The relations between velocity and attenuation are of interest. For the 
narrow tube the amplitude falls to 1/e of its initial value after a phase advance 
of one radian. For the wide tube the fractional decrease in velocity is equal 
to the fractional decrease in amplitude after one radian. Bradfield (1951) has 
pointed out that a similar relation to the latter applies to other propagation 
processes. 

The first order correction to Kirchhoff’s expression for the attenuation 
is 1+0-160/r,./f, and his expression for the velocity decrease involves 
1—0-162/7,,,/f. It is a coincidence that these two corrections are numerically 
close, so that they approximately cancel, and the attenuation per wavelength 
just inside the transition region is predicted correctly by the simple formula. 


Cross section profiles of particle velocity etc. 

The boundary layer theory predicts certain profiles, which are confirmed 
on developing the exact equations (34). The modulus of Q, is assumed small 
and those of QO and Q, large, and the relation 


m2 =(WJe2\(1+2y'[ryr/h) nn ns (47) 
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is used. Introducing a new constant B’ the following expressions are obtained — 
when near the wall: 


u=B'[1—(r/ry)" exp {—ab(1 +7)}] 
y= 2 vee [- ee (= v)" exp {—«b(1 +7)} | 
Ly Nee SS: (48) | 
== 1) (=) exp {— Bd(1 +i) 
6' =(B'/o)[1 —(r/r~)!” exp {— Bb(1 +2)}] 


The amplitudes of these quantities are plotted in fig. 3. It may be emphasized | 
here that the enhanced particle velocity in the annulus shown in fig. 3 is a | 


Velocily c’ (cm sec!) 


(c) 


0 05 0 15 = | 
Radius «(Frequency)!? (cm sec) aS AF = 
Fig. 2. Theoretical velocity c’ and attenuation Fig. 3. Cross section profiles 
m’ in a tube as a function of ry+/f for air at inawidetube. (a) ampli- 


20°c, 76 cm Hg. tude of axial particle 
velocity or temperature 
fluctuation, (6) amplitude 
of radial particle velocity, 
(c) wave front or equiphase 
surface. 


consequence of Kirchhoff’s theory, and cannot be used to explain an experimental 
attenuation greater than the theoretical. The radial velocity has two components 
of the same order of magnitude travelling inwards from the wall, one with the 
velocity of viscosity waves and one with that of temperature waves. For 
continuous laminar flow it may be shown (Goldstein 1938, p. 51) that there is 
a velocity g in the layer normal to the surface such that g/u ~A// where 1 is the 
distance traversed from the leading edge of a plate. It may be seen from (48) | 
that this is also true for the acoustic layer, when / is the wavelength in the gas. 
There is not always a motion normal to the surface: for example gq is zero in 
continuous or oscillatory rotational motion of a cylinder about its axis, since the 
phase does not vary over the surface. It may be inferred from an expression 
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due to Kirchhoff (see Rayleigh 1896, p. 322) that there is a particle velocity 
accompanying a temperature wave such that 

q/0’ =(y—1)(wv’/y)*exp(—130/4) = a ss (49) 
agreeing with (48). Also u/@’=c outside the layer, which is the normal adiabatic 
relation. 

Near the axis where the moduli of Q and Q, are small the above analysis is 
not applicable. Modifying the analysis, only the first terms in (48) remain; 
this leads for example to the expression which satisfies the condition that the 
radial velocity falls to zero at the axis: 


C= BALO Co OV CT ee ee ee (50) 


The significance of the radial particle velocity. 

In the boundary layer theory for the velocity and attenuation the radial 
velocity was not considered, and this was permissible because the integral over 
the cross section of the pressure due to the velocity g must vanish. 

Rewriting the temperature wave term in q from (48) 


g=(y—1)lor'/y)!2 6" 


= — {Po(y —1)(wv’)4?/Py??} exp { —137/4 — Bb(1+1)+iwt—mx}. ...... (51) 
The corresponding pressure excess 
d{ "ae: 
eal q dt = po{(y —1)/y}exp {—Bb(1 +2) +iwt—mx}. ...... (52) 


This is equal in magnitude and opposite in sign to (21) so that altogether the 
temperature wave produces no pressure in the boundary layer. Similarly no 
pressure is developed in the layer by the viscosity wave. It should therefore be 
possible to calculate the extra pressure due to viscosity and heat conduction 
from the behaviour of g outside the layer, where from (50) 


Gia PY Lyre) \/ Cant wen ae (53) 
and the corresponding displacement 
Ge incria hyn) 4/cce | a ee Gee (54) 


The corresponding pressure may be found using the adiabatic relation, since 
outside the layer g is associated with what is, essentially, an ordinary sound wave. 
The extra pressure is 

7 — yP[aE Or + é[r| = (2y'[ry(QuyYi—Vp ee (55) 
which agrees with (25). Thus the radial particle velocity has the effect of cancelling 
the extra forces at the boundary and distributing them evenly over the cross 
section. 


Transition to the very wide tube. 

When the tube is so wide that the free gas attenuation begins to become 
comparable with the tube attenuation, Kirchhoff’s assumption that the modulus 
of Q, is very small breaks down. Substituting in (33) as did Kirchhoff, but 
without developing Q,, we find 

Alt Oy artes eye cree BIS) TS) tS es (56) 
Using the first two terms of (38), (see table 1) 
— (rq/2)(m? —d,)[1 + 17y2(m? —A,)/8] = —hBPy"/e. wee (57) 
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Hence m? —)y =(2H3y"[ryc?) — (Py? /2c*), ne ns (58) 
A second approximation to X, is, from (31), 
A, =(#2/e)[1 —(Ale)fv tv" +(y—D'/y}]. eee (59) 


The velocity and attenuation may be found from the complex propagation constant 
as before. The velocity is still predicted correctly by Kirchhoff’s formula (1), | 
but the attenuation is | 


a ONE |, fon Poe ee 
m= 2 (5) oa Par ae i Vie els ae | 
=2:964 x 10-54/f/ry + 1-403 x 10-13? + 0-806 x 10-18 f? cm™ for air. ...(60) 
The first term is the ordinary tube absorption, the second the ordinary free gas | 
attenuation, and the third arises because the sound energy is not uniformly 
distributed over the tube but tends to concentrate near the walls. Bogert (1950) — 
considering viscosity only and using an approximate method, obtained a similar 
result as far as the second term. 
The profiles outside the boundary layer are 
u=B'(1 -a** 6-4 97/2 7, | 
g=(B'y' Ve e874 7/cr,)[1 + w3? e747, /4c7] bs 5ee (61) 
0’ = (Bie) b+ oF 6 e772 re 
The axial velocity and temperature excess profiles have a parabolic curvature, 
being a minimum at the axis. The wave front is also parabolic, and convex 
towards +x. 


(iv) The Very Wide Tube 
_ Velocity and attenuation. 


In the limit as the radius increases the modulus of Q, becomes large so that 
formula (43) must be used, and (56) becomes 


Apne ed 2 So oo = eee (62) 
This leads to ; 
: y’ 0-081 
c =ef1 — eta = 3-434 x 104 {1 - | em sec: for ain sca (63) 
pare ees Bat nak! Noseiieg 
mn’ = (5) + Sayrty ey y a 26 
= 1-482 x 10-°4/f/r, + 1-403 x 10-482 4 1-612 x 10- “cm forair., _.1.(64) 


The velocity change and first absorption term have half their wide tube values. 
The boundary layer derivation given above is not valid because phase and intensity 
vary considerably over the cross section. The first attenuation term is now 
only a minor correction, the second is unchanged, and the last is doubled in 
comparison with (60). 
Cross section profiles of particle velocity etc. 
The principal terms in the profiles (34) outside the boundary layer and away — 

from the axis are (written in terms of a new constant B”) 

u=(B"//7) exp (r(1 —1)y'a?/4/2c?} 

q=(B"y' /a/2cv/r) exp { —137/4 +71 —i)y'a?/4/2c?} i esate (65) 

0" =(B"/cv/7r) exp {7(1 —7)y'a??/4/2c?} 
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These are illustrated in fig. 4. The amplitude falls from a large value near the 
wall to a very small value near the axis. The thickness of the ‘clinging’ layer, 
measured to a point where the real part of the exponent is unity, is 


eq fle ly ai = 1534 x 108-9? cm for airy | bed. (66) 


The discriminant between the wide and very wide tube types of propagation is 
thus 


Say 7, free gas absorption pare 
ee modulus of Q, « PibSabsor pik LOT eee (67) 


At a frequency of 100c/s 6 is over a mile in thickness. Thus to make measure- 
ments in the wide to very wide tube transition region, tubes of the order of a 
centimetre radius and frequencies of the order of 10kc/s are suitable. To keep 
below the cut-off frequency of the higher-order modes and also inside the transition 
region it would be useful to work at low pressures. 


Wall 


Fig. 4. Cross section profiles in a very wide tube, (a) amplitude of axial particle velocity 
or temperature fluctuation, (6) wave front or equiphase surface. 


The wave front is inclined to the normal to the wall at an angle (y’/c)(w/2)"” 
which is very small, and it is convex towards + x showing that the wave 1s divergent. 
The last term in m’ is equal to the product of the ‘attenuation’ constant in the 
‘clinging’ layer and the inclination of the wave front: 

WALL = Co |A) LOM (AE) C2 yee 8 TRUS eaaes (68) 
so that this extra attenuation corresponds to an enhanced energy transfer to the 
walls. 

Rayleigh (1896, p. 327, 1901) has shown that there is a similar type of pro- 
pagation between parallel rigid conducting plane walls, and obtains a term 
equivalent to the last in (64), but leaves out the second. 


(v) Other Solutions of the General Equation (33) 


For very narrow tubes it is no longer permissible to neglect m in comparison 
with h/v. If we follow in other respects the narrow tube development we find 


(14°C? /8yh?) mt — (rc? /Byvh)m?+1=0. seen (69) 
There are three limiting cases, one expressed by (36), and the others 
tiem Lip| Dy YA ler ae. ae « (70) Me alee eee eee (71) 


Equation (36) is Rayleigh’s narrow tube solution, which passes over into (70) as 
the radius approaches the mean free path X’._ The classical continuum theory is 
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able to predict a correction at the radius (about 10->cm) where its foundations 
begin to break down because the numerical value of v has been used, and this 
depends on X’. There is a similar prediction when the wavelength approaches 
the mean free path. Using the resistance concept, and applying Knudsen’s 
formula to (5), we find = 2 =3h(Qery)"?/Bcr, nee (72) 


which is very similar to (70). The solution expressed by (71) suggests that 
viscosity waves propagating along the tube axis can co-exist with acoustic waves. 
There are also other solutions corresponding to temperature waves and to higher 
order modes in the tube. 


§5. Tue VALIDITY OF KIRCHHOFF’S FORMULAE 


The assumptions which Kirchhoff made in deriving the wide tube formulae 
(1) and (2), in addition to those noted in table 1, are briefly stated here. 

(a) Kirchhoff assumes a homogeneous medium, and only considers the extra 
effects due to viscosity and heat conduction. 

(6) The sound amplitude is assumed small, so that there is no circulation or 
turbulence etc. (see Binder 1943). 

(c) All the parameters are assumed to vary as e’’~””, so that the formulae 
do not apply to pulses. Henry (1931) has pointed out that for a wave train the 
tube correction for the group velocity is only half that for the phase velocity. 
Boussinesq (1891) has applied boundary layer theory to give a comprehensive 
account of the propagation of pulses in tubes. 

(d) The theory is for an indefinitely long tube, and it may take some distance 
for the velocity profile etc. to become stable. Thiesen (1907) has investigated 
the extra heat conduction effects at the end of atube. Schweikert (1915, 1917) 
has considered the positions of the nodes in a Kundt’s tube, and predicts in some 
circumstances an apparent velocity reduction due to absorption and proportional 
to f-?”. This agrees with the experiments of Schneebeli (1869) and Seebeck 
(1870), which have long been difficult to interpret. ; 

(e) Circular symmetry is assumed, so that the wall surface is given by r=7,, 
the surface must also be perfectly smooth, impervious and rigid. Fissures 
parallel to the axis will increase the tube effect by increasing the ratio E/S (see 
eqn. (28)), and corrugations may cause an irregular gas motion at the wall. An 
imperfect wall surface is a frequent cause of experimental disagreement with 
Kirchhoft’s formulae. 

(f) ‘The motion is assumed to vanish at the walls. The effect of non-rigid 
walls has been investigated by many workers (e.g. Korteweg 1878), and may be 
large at resonance or for a rubber-like tube. Henry (1931) considers the effect of a 
relative normal motion of tube and gas at the wall, such as might occur for a 
porous material etc. He concludes that this will lead to only a small velocity 
change, but may cause appreciable extra absorption. Henry also allows for 
molecular slip by modifying the last part of Kirchhoff’s analysis, and his result 
together with that for the temperature discontinuity effect (paragraph (g)) may be 
written 


ced (oY yO ee ae 

i e{ ry(2oe T (cr) RT glee 
0-162 65x10-%°2-f’ 44x10-%2— 9’ 
TaN FP Tw f Ty & 


cm sec7! for air 


= 3-434 x 10841 
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where according to Knudsen the thermal permeability 
Gia ey 129) 207 | dee O°) ee aed as vce (74) 


and X’ is the gaseous mean free path, f’ and g’ the coefficients of slip and accom- 
modation. ‘The correction terms in the attenuation formula due to slip, temper- 
ature discontinuity, and a cross-product term are all found to contain wy/c?, and 
are therefore negligible at normal frequencies. 

The corresponding expressions for a narrow tube are eiveu by eqn. (5), using 
a value of R modified for slip: 


pelo) +(e) oF 


= 9-346 x 1047,,4/f{1 + (13 x 10-*/r,)(2—f’)/f"} cmsec"! for air... (75) 
,_ 2(27yvf)"" cae 2 
fee) eS 
=6-701 x 10-°(4/f/7,,){1 —(13 x 10-8/7, )(2—f’)/f/}em for air. ...... (76) 


‘The correction term due to slip is twice as great in (75) as in (73). 

(g) The gas temperature is assumed constant at the walls. Henry takes into 
account the finite temperature discontinuity, but makes some errors in an algebraic 
transformation. ‘Thus the predicted effect on the attenuation is too large by 
several orders of magnitude, and the corrected velocity may be written as in (73). 
Zwikker (1941) also performs part of this calculation but it is not clear where he 
obtains the low value for £, which invalidates his conclusions. 

There is also a small temperature variation in the wall at its surface. Since it 
has a finite thermal conductivity k,, and finite volume specific heat p,c,, rapidly 
damped temperature waves are propagated into the wall thickness. Henry (1931) 
and Nielsen (1949a) have shown independently that for both attenuation and 
velocity y’ is changed very slightly 


VY aVvt(y— Duy PP{l —(Reep/Rupwewy ye eee C17 

(h) Kirchhoff assumes that the velocity of propagation of viscous effects 
(2vm)"? or of temperature waves (2v’w/y)!” is much less than the velocity of sound 
¢; i.e. wr/c?<1and wr’/yc?<1. This is again equivalent to the sound wavelength 
being much greater than the mean free path, which approximation breaks down at 
about 10%c/s for normal pressures. 

(¢) Kirchhoff’s formulae only apply to waves of the principal mode. Rayleigh 
(1896, p. 161) has shown that a wave must eventually become plane if the frequency 
be lower than the lowest natural transverse frequency, so for a circular tube it is 
desirable that A>3-4137,,. 


§ 6. APPLICATION OF THE T'HEORY TO LAWLEY’S RESULTS 


The application of the theory to the recent work of Lawley (1952) is of interest, 
especially to the part with varying pressure. He measures the attenuation in 
oxygen at 120kc/s, in-a tube of diameter 1-5mm, and at pressures from 5 to 
130cmHg. ‘That part of the absorption proportional to P~'* (tube absorption, 
Ky) can be separated from that proportional to P-! (free gas absorption, Kg) by 
plotting m’P1? against P-1? 

Examination of eqns. (45) and (60) shows that although the tube is ‘ wide’ all 
the time, the corrections arising because of the transition to both the narrow and 
very wide tube types are of a magnitude comparable with the free gas absorption, 
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The complete expression is 


, ” ath On 2-P2 \ 
wf a EOE Fy gr i pe (79) 
Gir Chey 
or m'Pl2=Ky+KgP-? 
21054. (0-068 E0175 0101) Pi eee eee (80) 


for oxygen at 27°c, where P is in cm Hg. ; 
It is now found that the theoretical value for Kg is greater than the experimental 
figure (table 2). Probably the main effect, as yet unconsidered, is the molecular 


Table 2. Values of Constants in equation (80) 


Kr Ke 
Experimental (Lawley) 1:38 0-246 
Theoretical 1225 0-344 


absorption, in particular the manner in which it varies with pressure. The latter 
depends on the relaxation frequency at atmospheric pressure. 
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RESEARCH NOTES 


Note on the Grazing-Incidence Integral Ch(x, x) for 
Monochromatic Absorption in an Exponential Atmosphere* 


By SYDNEY CHAPMAN ft 
Queen’s College, Oxford 


MS. received 6th May 1953 


111s Note is a sequel to two papers (Chapman 1931a, b, to be referred to 

a as A and B) which dealt, inter ala, with the absorption of monochromatic 

solar radiation in an exponential atmosphere—that is, one in which the 
density p at height h is given, in terms of that at the ground, pp, by 


p=poexp(—h/H), 
where H, there assumed independent of h, is the scale height (Chapman 1937). 
In paper A the level layers of the atmosphere were treated as plane; in 
paper B I took account of the curvature of the layers (radius of curvature a+h, 
where a denotes the radius of the earth). I showed that in case A the rate of 
absorption J when the sun’s zenith distance is yx is expressible as 
=f, exp(l—2—er"sec x). ee (1) 
where g=(h=h eee (2) 
and h, is the height of the level of maximum rate of absorption J, at vertical 
incidence (y=0). In case B the equation (1) must be notified by the substitution, 
for sec xy, of a function which I denoted by f(x, x), but which in recent years has 
been denoted by other workers by the symbol Ch(x, y), here also adopted. It is 


defined b 
me’ Ch(a, x) =xersiny [exp (w—asin x/sind) cose AAA, ...... (3) 
and in its application to the present problem . 
Ke R+ 2) -  S ee ee (4) 
where »« Res(a hy) ie a et eee (5) 


After two decades radio scientists are finding useful applications of this 
function, and for this reason I present in this Note some considerations 
concerning it, which are among the results gained in efforts I have made from 
time to time since 1931 to extend and improve my original discussion of itt. 


* The work described in this Note was supported in part by the U.S.A. Signal Corps. 

+ Now at The Geophysical Institute, University of Alaska. 

{ Corrigenda may be noted as follows ; to A, p. 32, table 1, the values of 2(0, 0) need 
to be multiplied by 2-303, as they represent log cosec (84-5) instead of In cosec (04-8); 
A, p. 40, in lines 10, 11, the numbers 0-8 and 0:9 should be 0-08 and 0:09; to B, p. 489, 
in the first line of eqn. (29) on the right, the sign = should be replaced by +; p. 492, in 
eqn. (41) a term x/sin y should be added on the right; p. 493, table 4, the values of f should 
be amended as follows, with corresponding changes in In f: Va = 0 Ola er 6 or 
R=100, f=3-499; for y=80°, R=50, 100, 200, f=4-169, 4-719, 5-109. 

These corrections were found necessary by Dr. W. C. Chiu in December 1950, while 
working with me at the California Institute of Technology, Pasadena, on a Signal Corps 
contract; Dr. Chiu also checked the approximate conformity of the values of f(x, x) and 
f(x, 7—x) in B, table 4, with the formula (6) of this Note. The values of f in B, table 4, 
cannot all be relied on to four significant figures. 
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In paper B the values of /(«, y) in table 4 for values of y greater and less than 
90° were calculated independently; but I should have noted that this was 
unnecessary, by virtue of eqn. (29). In the present notation, the addition of the 
two forms of (29), got by taking separately the signs + and — (where the equation 
gives + or +), leads at once to the result (for x<90°) 


Ch(x, m—) = Ch(x, x) + 2e74-"" 9Ch(wsin y, 90°). eee es (6) 
In the last term, putting y=xsin x, by B (16), 
Ch(y, 90°) = —ye'k,(y), 


where K, denotes the well known Bessel function (cf. Whittaker and Watson 
1915, p. 377, ex. 40); for the values of y appropriate to the ionosphere, Ch(y, 90°) 
is more easily calculable from the asymptotic formula 
(ary) {1+ Y any "}, 
n=1 


where a, =[{1-:3...(2n —3)}*(4n? — 1)]/(n! 28”), 
so that Ge 3/8 ia 15/128). rae 105) 1024 


Thus if Ch(x, x) has been calculated for a value of xy less than 90°, and for xy = 90° 
for a suitable range of values of x, (6) enables the value of Ch(x,7—y) to be 
readily deduced therefrom. 

As x increases towards and beyond 90°, Ch(x, y) rapidly increases ; it increases 
also, for any value of y, with x. The values of Ch(x, y) in B, table 4, are too 
widely spaced for convenient interpolation, and for this purpose an alternative 
mode of tabulation of the function seems desirable. 

One such mode may be afforded by introducing the new variable Ay thus 
defined: Ch(x, y) =sec(y—Ay). 

Clearly Ay is a function of both yandx. From B, table 4, it is easy to calculate 
Ay from the values of Ch(x,x) there given. ‘This has been done for me by 
Dr. W. C. Chiu, with the results given in the table of this Note. From this table 


Table of Approximate Values of Ay 


5 — SU i 60° Uy 80° 83° 85° 87° 90° 
R=50 3a) Peg eb Sh ons 4° 25°— 40530 a5 20° Oo 20K 
100 20’ 330 SA S36 ke)? TAR ew 24S eo e eee ok eee none 
200 ig We 28° See We ie Shh? SGGg 21 en ne 4! 
300 Ta aha 1; 39 5 Sram cal) acl Ogee Lon Omen 3 Ou 
400 3) 8’ 15: 30’ 43s ety RA Poe Pha Gl 
500 4° 6’ thee 2A" 34 Bie yp ey Pe Se 
600 4” Sy 10s 20’ 29” 5 Od Omen lara 
650 4’ Sy oy hey oe te ele OM 
700 4’ De 8’ ie Zo An DO 4A 
800 4’ 3° de tis/ Die Boe oye Whee Wie 


graphs of Ay as a function of log(R/50) for different values of x (e.g. 30°, 45°, 
60°, 75°, 80°, 83°, 85°) can be drawn, which will be found useful for interpolating 
to give Ch(x, yx) for intermediate values of x and y. To find Ch(«, x) for values 
of x greater than 90° it is preferable to determine Ch(x,7— x) and Ch(y, 90°) 
by interpolation, and then to use (6). 
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Dr. M. V. Wilkes. informs me that he is preparing, by numerical quadrature, — 


an extended table of the Ch function for values of x at 1° intervals. 
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Ferromagnetic Domain Processes in Single Crystal Disc Specimens 
of Silicon Iron 


By D. H. MARTIN 
University of Nottingham 


Communicated by L. F. Bates; MS. received 20th March 1953 


demagnetization of a single crystal of silicon iron, initially saturated in an 

easy direction, was described. Imperfections (pits) in the specimen’s 
surfaces were there observed to play an important role, and the importance of 
surface imperfections in another domain process is described below. 

A disc specimen (diameter 7-8 mm, thickness 0-36 mm) was cut from a 
single crystal of 3°, silicon iron, the surfaces being parallel to the (100) plane. 
It was electrolytically polished in the usual way for the study of domain structures 
using the powder deposit technique (cf. Bates and Mee 1952). 

This specimen was placed in a uniform magnetic field which was at first 
parallel to a [100] direction in the plane of the specimen. It was then rotated 
in the field about a perpendicular axis at right angles to the field until the latter 
was along a [110] direction. The field was sufficient to saturate the specimen 
while it was in the initial position, but not when it was rotated into the final 
position. ‘The main features of the domain structures for these two conditions 
are illustrated diagrammatically in figs. 1 (a) and (b),.which are self-explanatory. 


I a recent paper (Bates and Martin 1953) a domain process resulting in the 


o™ 
a) 
+ oO 
romero) 
Tey Wy 


(2) 
Fig. 1. Domain structures in disc specimen. 
The domain process bringing about this change in structure as the specimen 


was rotated was recorded. A point of particular interest was the origin of those 
domains whose direction of magnetization had no equivalent in the initial 
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condition of fig. 1 (a). The field had first been increased until saturation in the 
[100] direction (an ‘easy direction’) had been attained, a condition satisfactorily 
indicated by the disappearance of all powder patterns from the surface of the disc. 
On rotating the specimen through a small angle, small dagger-shaped closure 
structures appeared at surface imperfections. ‘The larger the imperfection the 
smaller in general was the rotation required for the formation of such a structure. 
The sudden appearance of many powder patterns with daggers already of some 
size suggests that the latter are created by an irreversible process. 

Further rotation of the specimen resulted in appreciable growth of these 
dagger structures until, when the applied field lay in a [110] direction, many had 
spread across the whole width of the surface. This process is illustrated 
diagrammatically in fig. 2. Figure 2 (a) shows an imperfection with no dagger 
closure structure; the specimen is saturated and the applied field and [100] 
directions are parallel. Figure 2 (6) shows the appearance of a dagger structure 
as a result of rotation through a few degrees. Figures 2 (c) and (d) show the 


Fig. 2. Growth of new domains. 


progressive growth of this structure with further rotation. Dagger structures 
from other imperfections and from the edges of the specimen (see below) merge 
with or grow alongside one another so that when eventually the field lies along a 
[110] direction the domain configuration of the type shown in fig. 1 (0) is attained, 
as illustrated in figs. 2 (e) and (/). 

Some photographs of the growth of a dagger are shown in figs. 3 (a), (6) and (c) 
(Plate), which correspond approximately to the conditions depicted in figs. 2 (6), 
(c) and (d) respectively. ‘There is a tendency for powder deposits to form on 
one side of a dagger only (see Mee 1950), and thus the daggers usually appear 
in the photographs merely as a single line. An imperfection and the base of a 
dagger structure are shown under higher magnification in fig. 3 (e), where the 
striations of the deposit (cf. Williams, Bozorth and Shockley 1949) show that 
the directions of magnetization inside and outside the dagger are not mutually 
perpendicular. This is to be expected when a field is acting on a specimen. 

Many similar dagger structures originated at regions on the edges of the 
specimen. ‘These behaved in the same way as those appearing at surface 
imperfections, and are believed to be due to imperfections of a similar nature 
which must be numerous close to the edges of a specimen. A photograph of the 
patterns at one of these is shown in fig. 3 (d), where a number of daggers are seen 
leaving the edge. 

PROC. PHYS. SOC, LXVI, 8—B 3B 
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Since powder patterns directly reveal only the domain structures of the 
surface layers it is to be remembered that the technique by itself cannot 
demonstrate conclusively that the dagger structures finally spread throughout the 
thickness of the specimen. ‘The patterns obtained, however, make this appear 
highly probable. It is also not at present possible to determine whether similar 
processes to those observed on the surface also originate in the interior of the 
specimen. It is hoped that othe; experiments will provide conclusive information 
to settle these problems. 
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Johnson Noise and Equipartition 


At the conclusion of a note by Lindsay and Sims (1953), the general content 
of which is entirely acceptable, the authors state: ‘‘It is of interest to note that 
no reactive terms appear in any of these expressions [for the Nyquist thermal- 
noise relation]. It is true that reactive terms do not appear explicitly, but the 
first expression cited is for the total fluctuation (all frequencies) in the form 


P= (=) RT| 2 (x) dw. 


For comparison with the original Nyquist relation V?,,=4RRT df this can be 
written as 


V2 =(2kT|m) | BlZ(co)] do 


and Moullin and Ellis (1934) have shown that in the simple example of an L, C, R 
combination the integral of #[Z(w)] over all frequencies depends only on the 
shunt capacitance and not on the resistance. It follows that V?=RT/C which 
may be interpreted as }CV*=3RT, i.e. the complete circuit behaves as an 
equilibrium thermodynamic system with one degree of freedom in relation to 
equipartition. 

More recently the network-analysis methods of Bode (1945) have made 
electrical engineers aware that one can generalize this result for passive networks 
of any form provided only that they consist of lumped elements and their 
frequency characteristics do not have poles on the axis of real frequencies, 
1.6. that they include some element of dissipation. (Since only two-terminal 
impedances are in question, the possibility of non-minimum-phase lumped 
networks does not arise.) Any two-terminal circuit in which the shortest 
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geometric path between terminals is occupied by a dielectric will reduce to a 
shunt capacitance C’ as w-+ co and in that case Bode’s result I(a) on p. 301 
indicates that 


\, oN eee OC ee ke eee (1) 


Similarly, if the shortest path between terminals is occupied by a conductor the 
circuit admittance will tend to an inductive susceptance at infinite frequency 
and the corresponding admittance analysis will lead to 


{ . GVO) ila ani santa an (2) 


Thus the infinite integrals of the formulae of the Nyquist type which 
explicitly appear independent of reactive components are implicitly expressible 
in terms of reactive components alone, though this is on condition that there shall 
be some finite amount of dissipation in the circuit. This is the analytical 
expression of the physical equivalence between microscopic equipartition, the 
thermal energy of the charge carriers reaching equilibrium through the 
mechanism of the dissipative parts of the circuit, and macroscopic equipartition 
in which the mean energy of the complete system, }CV? or }LP is found equal 
to $kT. This is closely analogous to the torsion-pendulum type of experiment 
(Kappler 1931) where it is apparent that the total energy of thermal oscillation 
depends on the inertia and stiffness of the system only, yet the process of reaching 
equilibrium depends on the air damping, as does also the spectral distribution 
of the energy. ‘The only difficulty in the electrical case is to visualize the electric 
circuit as a coherent entity, comparable with the mechanical structure of the 
mirror and suspension fibre in the torsion-pendulum case. This ‘ materialization’ 
of the otherwise abstract electric circuit is in fact provided by the mutual energy 
of the electrons (or other charge carriers) which embody the electrical properties 
of the system of material conductors. The electrostatic energy CV” represents 
the sum of the mutual potential energies between the individual charged particles 


- which together constitute a conductive circuit. Similarly it has been shown by 


Brillouin (1934) that }L/* represents the sum of all the mutual magnetic energies 
(comparable with kinetic energies) of the moving charge carriers. In this way the 
fact that the ‘circuit energy’ is physically derived from the individual particle 
energies both gives meaning to the idea of the ‘circuit’ as an entity in 
equipartition theory and provides the physical parallel to the analytic relation 
between resistive and reactive parts which is revealed by Bode’s theorems. 

A detailed discussion of this topic, on lines similar to the above, is included 
in a paper by Firth (1948). 
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University of Birmingham. 
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The Influence of Cathode Material on the Electric Strength of 
Potassium Bromide Crystals 


The safe working stress of electrical insulation is not, in practice, generally 
determined by the intrinsic strength of the material. But the problem of 
intrinsic breakdown exists and for many years it has been the subject of expert- 
mental and theoretical investigation. Amongst materials studied the alkali 
halides are prominent and theoretical values of their electric strength have been 
available for some time. However, whilst various investigators have carried 
out experimental investigations with these materials it cannot yet be said that 
there exist data of sufficient reliability. This is due possibly to the existence of 
a number of secondary effects that are not yet fully understood and the experi- 
ments of Alger and von Hippel (1949) suggest that one such effect is the influence 
of the cathode material. It is with this possible effect that the present letter is 
concerned. 

Alger and von Hippel investigated at room temperature the influence of the 
electrodes on the intrinsic strength of potassium bromide crystals. ‘They found 
that the average electric strength was increased by about 60°, when electrodes 
consisting of a saturated solution of potassium bromide in water were used 
instead of mercury or gold electrodes. Alger and von Hippel interpreted this 
result by assuming that, with metal electrodes, space charge distortion of the 
electric field in the crystal was caused by field emission of electrons from the 
cathode. This effect is not possible with a cathode consisting of an ionic solution 
and hence higher values of electric strength were obtained. 

We have carried out similar experiments with crystals of potassium bromide. 
Plane-recessed specimens were used similar to those of Alger and von Hippel 
and the cathode was either of graphite, gold or an ionic solution of potassium 
bromide. ‘The method of preparing specimens and other experimental techni- 
ques have been described previously (Calderwood and Cooper 1953) and direct 
current was used to break down most of the specimens. 

The average electric strength of 17 specimens with gold cathodes was 
0:79 mv cm~!; the spread in electric strengths extended from 0:56 Mv cm~! to 
1:03 Mvcm~!. The average value obtained for a group of seven specimens 
with graphite cathodes was 0:72 my cm~! and it lay between a minimum value 
of 0-60 mv cm~! and a maximum value of 0-85 Mv cm-!. When KBr solution 
was used for the cathodes of 15 specimens, the average electric strength was 
0-73 Mv cm~!, the maximum value was 0-94 mv cm-! and the minimum value 
was 0-52 mMycm~!. Seven of the specimens of this last group were broken 
down with g,usec standard impulses but no difference could be detected 
between the impulse and the d.c. behaviour. 

All of the specimens used in the above experiments were annealed and 
relatively strain free, as observed in a polarizing microscope, before the voltage 
was applied. 

Application of Student’s ‘t’ test to the results of the experiments showed 
that no significance could be attached to the small differences between the above 
average values. ‘This result contrasts with that of Alger and von Hippel. The 
result is, however, similar to that obtained recently for KCl crystals (Calderwood, 
Cooper and Wallace 1953). 


a 
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A possible explanation of the difference between the present result and that 
of Alger and von Hippel is given below. Alger and von Hippel apparently did 
not treat identically their various groups of specimens. ‘Those with metal 
electrodes were heat treated at 375°c but the ones with potassium bromide 
solution as electrodes were not heat treated. Some evidence exists for believing 
that the electric strength of alkali halide crystals may be reduced by previous 
heat treatment (Calderwood, Cooper and Wallace 1953), and it is possible 
that the results of Alger and von Hippel was primarily due to differences in the 
treatment before breakdown of the different groups of crystals and not to 
differences in the cathode material. 


Electrical Engineering Department, R. CooprER. 
University of Liverpool. D. 'T. GRossaRT. 
9th June 1953. 


ALGER, R. 8., and vON Hipret, A., 1949, Phys. Rev., 76, 127. 

CALDERWOOD, J. H., and Cooper, R., 1953, Proc. Phys. Soc. B, 66, 73. 

CALDERWOOD, J. H., Cooper, R., and Wattace, A. A., 1953, Symposium on Insulating 
Materials, Proc. Instn. Elect. Engrs., 100, Pt. IIA, No. 3, in the press. 


The Surface Deformation caused on Iron Crystals by Unidirectional 
Abrasion 


We have investigated by electron diffraction the surface deformation caused 
by very light unidirectional abrasion on electropolished, roughly (107) and (110), 
surfaces of 2mm thick single-crystal sheets of iron of low carbon content. 
A single 10-inch stroke was made at about 3 in. sec"! on 0000 emery paper, 
lubricated with benzene, under light hand pressure amounting to about 
50gcem™*. ‘The nearly (107) crystal surface, of (h0/) type and inclined at 83° to 
(001), was abraded along [110], [210] and [100], and the observed large rotations 
of the fragments were found to be about [110], [120] and [010] axes respectively, 
with little spread from the mean. ‘The other crystal used had a practically (110) 
surface and was abraded along [112] and [111]. ‘This again caused large 
rotations about well-defined axes which were parallel to [111] and an axis near 
[334] respectively. 

In addition to the above results mostly of the type found previously (cf. Evans, 
Layton and Wilman 1951), which may correspond to coherent lamellar fragments 
in rotational slip relation to each other (Wilman 1950, 1951), the following new 
effects of abrasion were brought to light. The first of these was observed in the 
case of abrasion of the (107) surface along [100], which gave abnormally obscure 
disorientation until, after etching down to a level where the disorientation was 
reduced to only a few degrees rotation, the diffraction patterns indicated a 
well-defined rotation. This showed that some parts of the lattice had rotated 
about an axis estimated to be near [451], while other parts had rotated about the 
axis [451] symmetrically disposed relative to the (010) plane which was parallel 
to the abrasion direction and normal to the surface. ‘This rotation about [451] 
appears to correspond to flexural translational slip on (213) along the usual slip 
direction [111], since [451] is perpendicular to [111] and lies in a (213) plane. 
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The second new and particularly striking observation is that some of the — 
body-centred-cubic «-iron (a=2-86A) was transformed into face-centred-cubic 
y-iron (a=3-60+0-01A relative to «-iron, a=2-86A) in the surface region, as a 
result of the abrasion. This was shown clearly in most cases by the y-iron ring 
pattern obtained after the surface had been etched for only about 45 seconds in 
a 1° picric acid solution in alcohol. After 3 minutes etching the surface usually 
yielded only slightly arced rings corresponding to normal s-iron with some 
traces of y-Fe,O,; and after roughly 4 to 6 minutes total etching, the «-iron rings 
had usually broken up into clearly separated arcs corresponding to a range of 
rotation from the initial crystal orientation, about a well-defined axis. 

The presence of the y-iron indicates (i) that even in such light abrasion the 
metal surface had reached a temperature of about 900°c or more, at least locally, 
as indeed is clearly possible from the results of Bowden and his collaborators __ 
(see for example Bowden and Tabor 1950) although the possibility of formation 
of y-iron does not seem to have been suggested; (ii) that the cooling of these 
regions was sufficiently rapid to allow this y-iron to retain its structure after 
cessation of the abrasive action. This observation also emphasizes that 
untreated abraded metal surfaces, especially iron, are likely to be unsuitable for 
use as the starting point of, for example, studies of corrosion, since the state 
of the surface is not closely reproducible. 

Still further new results shown by the above experiments concern the 
orientation relationship between the y-iron crystals and the «-iron crystal from 
which they were formed. From electron-diffraction patterns of sharp spots 
obtained after etching the abraded (110) iron surface below the rotationally 
disorientated region, it was established to a high accuracy to be of the type 
(001) y parallel to (011) «, and in this common plane [110] y parallel to [111] «. 
This orientation (see figure) differs from the well-known conclusion of Kurdjumow 


Projection of the w-iron crystal lattice on (O11) (@ at heights +0, 1, 2,3,... x4/2 a,, and 
X at heights +4, 3, 8,... x 4/2 a,); and the transformation to one of the y iron lattices 
(O and Y at heights +0, 1, 2,3,...and-+4, 3,8,... respectively, X Cy). 


and Sachs (1930) and Sachs (1932) in the transformation of a single crystal of 
face-centred-cubic austenite to the body-centred-tetragonal (nearly cubic) 
martensite as a result of cooling, and also from that observed by Nishiyama 
(1934-35) in the martensitic transformation of 30:70°, Ni-Fe crystals during 
cooling. Further spots and lines in the diffraction patterns show that the y-iron 
was much twinned in thin lamellae parallel to {111} y. 


I Ee ee a ee 
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The mechanism of such transformations is as yet incompletely understood. 
In the present case, however, there is a natural and simple relationship between 
the two structures, in that a (011) « plane contains a centred 4/2-rectangular 
atomic array and becomes after transformation a centred square array in a 
(001) y plane, as in the figure. The transformation can be formally represented 
as equivalent to a homogeneous shear on (211) « planes along [111] «, combined 
with a homogeneous 6:0°% extension along [211] « as in the figure, and a 
homogeneous contraction of 13-4°% along [011] «, i.e. [001] y, to convert the 
face-centred-tetragonal lattice (c/a=2/4/3 =1-155) into the face-centred-cubic 
y lattice. Although the atomic movements must actually be less linear than in 
this idealized representation, it is to be noted that the net motion is along the 
{111) «, ie. (110) y, rows as in normal translational slip in the body-centred- 
cubic « and face-centred-cubic y lattices. 

At this stage of etching, patterns were also obtained which showed only 
a-iron diffractions consisting, however, of groups of four sharp ‘irrational’ spots 
which indicated that the crystal surface had the form of smooth {110} facets. 
Since such patterns were never observed from unabraded surfaces after etching 
or electropolishing, it is concluded that they represent the interfaces between 
the y-iron and the unchanged «-substrate. 

It is hoped to publish a detailed account of these results in the near future. 
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The Influence of Load and Surface Roughness on the Friction of 
Rubber-Like Materials 


By D..F. DENNY 


The British Hydromechanics Research Association, Harlow, Essex 


MS. received 7th May 1953 


Abstract. Experiments with rubber and gelatine under lubricated conditions 
confirmed that with rubber-like materials the load dependence of friction is 
consistent with elastic deformation of surface asperities and partial adhesion 
over the true area of contact. However, the Foc W?* relation found by previous 
investigators obtains only over a limited load range. At very low loads the friction 
is very nearly proportional to load, whilst at very high loads contact between 
specimen and track is complete, and the friction remains sensibly constant. 

When rubber slides on rough tracks there is a large additional friction force 
unrelated to true contact area. 


§ 1. INTRODUCTION 


ANY investigators have reported that the friction of highly elastic 
materials does not increase in proportion to applied load. Of those 


who studied the subject in detail, Thirion (1946) observed that the 
friction of rubber appeared to obey the law 1/u=a+bp, where a and 6 are 
constants and p is the apparent normal pressure. Subsequently Schallamach 
(1952) experimenting with rubber and Lincoln (1952) with nylon provided 
evidence in support of Bowden’s (1951) suggested proportionality between 
friction force and true area of contact, for it was shown that over a certain load 
range the friction, as well as the area of contact between an elastic hemisphere 
and a rigid plane surface, varied as W?!. 

However, it is clear that this latter relation can apply only over a limited 
load range. For instance, with rubber the deformation of the surface asperities 
will not continue indefinitely, and the area of contact must eventually reach a 
limiting value,* whilst with plastics the elastic limit will ultimately be exceeded 
and the area of contact thus be directly proportional to applied load. 

At very low loads also it is unlikely that the friction coefficient will tend to 
the infinite value implied by the relation, and indeed the results of Thirion 
and Schallamach show that the friction does in fact fall below the value required 
by this relation. 

The friction experiments described in this paper, covering various rubber 
compounds and gelatine materials, suggest that Thirion’s law applies over a 
ten-thousand-fold load range and that it is also compatible with the elastic 
deformation theory. ‘The results further indicate that in addition to the friction 
force arising from adhesion over the area of real contact, an additional force of 
comparable magnitude may arise due to the roughness of the track surface. 


* This is implied in Thirion’s formula. 
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§ 2. EXPERIMENTAL 


The friction of nine rubber compounds and two gelatine-based solids 
(listed in table 1) was measured against various lubricated track surfaces. The 
quantity Ey, being the compression modulus (applied stress/linear strain) for 
strains below 10° was found to be convenient for the purpose of comparing the 
stiffness of one material with another. 


Table 1. Details of Rubber and Gelatine Compounds 


Material (1) (2) (3) (4) | 
Hycar 90 310 140 2:5 
Hycar 75 126 126 2-4 
Hycar 60 49 230 2:0 
Neoprene 90 210 120 Day 
Reclaim (mixed) 80 98 74 2°8 
Silicone 80 98 44 2:8 
Silicone 60 45 35 1:7 
Natural 60 42 98 2°8 
Natural 40 14 250 Bes 
Gelatine E — 3e5 2-0 7-6 
Gelatine B — 0:7 0:5 6:2 


(1) Nominal hardness (BS degrees) ; (2) compression modulus Ey (kg cm~?) ; (3) ultimate 
tensile strength (kg cm~*) ; (4) coefficient A in eqn. (1). 


Weight-loaded specimens were towed across the track at constant speed and 
the towing force was measured by a three-wire linkage, as shown in fig. 1, the | 
wire being attached to the loading plate in the plane of the sliding interface, fig. 2. 


Calibrated 
Scale 


Towing Wire _ 


Measuring Weight 


Fig. 1. Measurement of friction force, Fig. 2. Method of loading and towing specimen} 
The specimens, cut to rectangular shape from sheets that had been moulded 
against polished steel, varied in size from 0-5 cm thick and 100 cm? area to 
0-1 cm thick and 0-08 cm? area and were bonded to the loading plate. Weights | 
up to 50 kg provided the required normal pressure. At very high pressures | 
when extremely thin specimens would have been necessary to avoid the inerease | 
of apparent surface area accompanying compressive strain, it was found more | 
convenient to use cylindrical specimens enclosed in recesses in the loading plate, 
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so that only about 0-01 cm protruded. Measurements were made at a speed of 
0-01 cm sec”!, below which velocity dependence of friction was negligible. 
Both specimen and track were washed in acetone before application of 


the lubricants and under these conditions measurements were repeatable 
within + 10%. 


Hycar 90 4 Silicone 80 

Hycar 75 © Silicone 60 

Hycar 60 @ Natural 60 

Neoprene 90 © Natural 40 

Reclaim 80 v Gelatine E 
v_ Gelatine 


io-* 1073 1o~? 107! i 10 
P/E 
Fig. 3. Relation between coefficient of friction and apparent normal pressure. Polished 


steel track ; olive oil lubricant ; specimen materials as listed in table 1. Equation of 
full-line 1/uA=(1+15 p/E,). 
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P/E * 
Fig. 4. Relation between area of real contact and apparent normal pressure for gelatine 

(E,=0:2 kg cm~) on wavy surfaces. Equation of dotted line W/ax (1+15 p/E)). 


Load Effect 


Experiments indicated that the coefficient of friction depended only on the 
apparent normal pressure p (i.e. load W/area of specimen) and not on shape or 
size of the specimen, it decreasing markedly with increasing pressure. ‘Thus 
for a typical medium-hard rubber, y fell from 0-5 to 0-02 as the load increased 
from 0-1 to 100 kg cm-?. As the points in fig. 3 show, the following relation is 
closely obeyed for a wide range of materials and conditions: 


DigeraieeD pba lemee i a eh a (1) 
The value of the coefficient B was almost the same for all materials and 
averaged 15; the coefficient A ranged from 1 to 8. 


1073 107? 


3 C-2 


724 D. F. Denny 


The fact that at very high loads the friction force tends to a constant value 
suggests that the area of real contact ceases to increase. ‘This supposition is 
supported by results of a simple experiment in which large flat blocks of gelatine 
were compressed with wavy transparent sheets, representing in exaggerated form 
the grooves remaining after machining. The outline of the area of real contact 
was clearly visible, so that the increase of area with load could be determined with 
reasonable accuracy. The results for three such surfaces are given in fig. 4, 
where the real contact area/load (a/W) is plotted against p/E) so that the curves 
are comparable with the friction curve of fig. 3. At pressures in excess of 
- p/E)=0-4 the surfaces were in each case to be in complete contact. There is 

marked variation in area of contact for a given load between one surface form 
and another, which suggests that the departure at low loads of the friction curves _ 
from the W23 law could be explained by the fact that real track surfaces are not 
represented by the multiple spherical asperities on which the law is based. 


Effect of Track Material and Lubricant 


Load effects were independent of the material of the track and the lubricant, 
changes merely affecting the value of A. For instance, glass and Perspex gave 
respectively about 30% and 60% higher friction than steel or rubber; the friction 
with water was about double that with olive oil, whilst that of dry surfaces was 
about double again. 

With rubber tracks the value of the constant B was found to be one-half that 
for the same rubber specimen on rigid tracks, a result that is in accordance with 
a deformation process in which the true area of contact depends on 1/F, +1/Es. 


I Smooth moulded rubber 


Il Rubber surface buffed 
with emery cloth 


— = 


2x10 i 2x10 L 


Io" 10 102 10" l i0 og 
P (kg cm) P (kg cm) 

Fig. 5. Variation of coefficient of friction Fig. 6. Variation of coefficient of friction 
with load, showing effect of roughness with load, showing effect of roughness 
of rubber surface. Smooth Perspex of track surface. Smooth specimens of 
track; light mineral oil lubricant, Hycar 90; light mineral oil lubricant; 
Hycar 75 specimen. track surfaces as listed in table 2. 


Effect of Surface Roughness 


With rough rubber specimens sliding on smooth tracks the friction tended 
to be somewhat less at low loads than with smooth rubber specimens. However, 
aes did not exceed 10%, and disappeared at very high loads, as shown — 
in‘fig,>. 

With rough tracks, on the other hand, the friction increased considerably 
at all loads. From fig. 6 it can be seen that the excess coefficient of friction of a 
rough track above that of a smooth track is largely independent of load. With 
these particular tracks (see table 2), which were prepared by unidirectional 
abrasion of Perspex blocks with emery cloth of various grades, the friction was 
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higher when the direction of sliding was across the abrasion marks than when 
parallel to them, and the results given in fig. 7 suggest that the undulation in the 
direction of sliding has greater influence than the overall height of the asperities. 

It is interesting that the track-roughness effect conflicts with the rubber- 
roughness effect, a phenomenon that has been reported by Roth (1942) for dry 
rubber at similar speeds.* Only if the effect of roughening were to produce a 
surface having similar form to surface I in fig. 4 could the real area of contact 
be greater on rough surfaces, and not only does this seem unlikely, for the 
tendency disclosed by profilometer traces was in the opposite direction, but 
such an effect would not persist at very high loads once the specimen was in 
complete contact with the track. 


Table 2. Details of Perspex Tracks 


Track Finish C.L.A. roughness (microns) 

(1) (2) 

A Smooth moulded 0-01 0-01 
B Surface roughened 

with 00 emery cloth Od Os 

Cc iA 0 - A Oe 0-38 

D 3 1 - 3 0:38 1 say7 

E 2 % me 0-38 1-62 


»? 


(1) along finishing marks; (2) across finishing marks. 


0-4 
o Sliding across track grooves 


@ Sliding along track grooves 
(points refer to Hycar 60 only) 


2° 
nN 


Average Excess Coefficient above 
Smooth Track Value 


Track Roughness along Direction of Sliding (microns) 
(B.S. Centre-line Average) 


Fig. 7. Relation between excess friction and track roughness. Perspex tracks as listed in 
table 2 ; light mineral oil lubricant. 


It thus seems necessary to assume that, at low sliding speeds at least, track 
roughness introduces an additional friction force unrelated to contact area, but 
more or less proportional to load and of sufficient magnitude to mask the slight 
decrease in contact area that should accompany roughening. Such a force might 
originate in the energy required to tear out material in the path of track asperities, 
and this would certainly account for the sensitivity to direction of sliding on 
grooved surfaces and for the abrasion associated with rough surfaces and high 
loads. On the other hand, if the rubber were to deform elastically to make way 
for the track asperities energy would still be lost due to hysteresis accompanying 
stress reversals in the rubber. It is clear that the present data are insufficient to 
establish the origin of this force. 

* Higher sliding speeds did not reverse the present track-roughness effects, as occurs 
with dry rubber. 
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Real Frictional Stress 


On the assumption that at very high loads the whole area of the specimen is 
in contact with the track, the average real frictional stress between the surfaces is 
iven b or by E,/15A. 
zs Phe daliies eae in this manner vary from 0-33 to 8 kg cm for rubber 
sliding on steel tracks and lubricated with olive oil, the higher stresses 
corresponding to the harder compounds. Even allowing that the friction might 
be four times higher with clean dry sliding, the frictional stresses corresponding 
to these conditions still do not exceed one tenth of the tensile strengths given in 
table 1. Calculations from estimated properties of the compounds used by 
Roth, Thirion and Schallamach in their dry friction experiments tend to 
confirm this. 
10 


Track Sliding Velocity 


e Roth etal. Dryglass 0-1 cmsec-' 

© Thirion Dry glass 0-008 cmsec~' 
© Schallamach Dry glass 0-0026 cmsec~! 
e Pfalzner Wet ice 2-0 cm sec"! 
o Present 


1 


Experiments Wet glass 0-01 cmsec™! 


107? a) 
107? 107! 


1 
p (kg cm?) 


Fig. 8. Present results in relation to those previously published. 


§ 3. CONCLUSIONS 


1. ‘The load dependence of rubber friction can be satisfactorily explained on 
the assumption that the surfaces make contact over an area determined by the 
elastic deformation of surface asperities. 

2. At low loads the area of real contact is almost directly proportional to 
load, whilst at high loads it is independent of load. The resulting friction 
accords with the empirical relation 1/44 =(1+15 p/E,), where A is a constant 


depending on the nature of the rubber compound, the lubricant and the track. | 


3. Observed track-roughness effects suggest the existence of a second force 


unrelated to contact area but dependent on load and on the contour of the track | 


surface. The origin of this force has not been determined, but it appears to be 
similar to the ‘ploughing’ term already demonstrated with more rigid materials. 


4. ‘The frictional stress based on real contact area does not appear to exceed | 


one tenth of the tensile or tear strength of the rubber even under most severe 
conditions of dry sliding. 
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APPENDIX 


Figure 8 shows the present curve of friction plotted against load in relation 
to the results of Roth, of Thirion, of Pfalzner (1950), and of Schallamach. 
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Abstract. This paper describes a study of the shear strength S, the indentation 
hardness or yield pressure P and the coeiticient of friction » of polythene, P.T.F-.E., 
Kel-F and Perspex over a temperature range from —100°c up to +80°c. In 
contrast to metals, the plastics show large changes in their strength properties over 
the temperature range used, and the confusing effect of surface films on the 
friction has been eliminated. According to the adhesion theory of friction p is 
approximately equal to S/P. In these experiments it is found that » varies 
closely with the ratio S/P, but the quantitative agreement is good only with 
polythene. With Perspex and Kel-F the observed values of « are consistently 
larger than S/P, while with P.T.F.E. the values of are considerably lower. It is 
concluded that the adhesion theory can explain the friction behaviour of the 
plastics examined, the apparent discrepancies being due to the enhanced strength 
of the junctions under the high localized pressures existing at the interface 
(Perspex and Kel-F) or to structural factors which give a low intrinsic adhesion 
at the sliding interface (P.T.F.E.). 


§1. INTRODUCTION 


HE adhesional theory of friction, originally applied by Bowden and his 

| colleagues to metals (Bowden and Tabor 1950) is based primarily on the 

view that the sliding process involves the shearing of junctions formed by 

strong adhesion at the actual regions of contact. This may be expressed 

quantitatively in the following way. When a hard material slides on a softer 
one under a load W the real area of contact A may be written 


WeAp- ~~ 2 = ee (1) 


where p is the effective yield pressure of the softer material during sliding. Over 
this area of intimate contact, junctions are formed of specific shear strength s 


comparable with that of the softer material itself. The force to shear these | 


junctions, which is essentially the observed frictional resistance, is 


Fa Asn.) 1 a ee (2) 


It is thus possible, as a first approximation, to express the friction in terms of the | 


yield pressure and specific shear strength of the sliding materials. 

Recent work has shown that the frictional behaviour of a group of linear 
polymers can be satisfactorily explained in terms of this theory. Thus auto- 
radiographic experiments (Rabinowicz and Shooter 1952) provide direct evidence 


for the reality of strong adhesion at the sliding interface, while friction measure- | 


ments (Shooter and ‘Tabor 1952) yield values of s (eqn. (2)) in good agreement with 


the bulk shear strength S of the relevant plastic. In general, however, s is found | 


to be greater than S by a factor of 1-2 to 2. 


| 


| 
| 


| 
| 


| 
| 
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i | 
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The present paper describes an extension of this work and is concerned mainly 
with the effect of temperature on the strength properties and friction of the same 
group of plastics. If we identify the yield pressure p during sliding with the 
static yield pressure or indentation hardness P, and the shear strength of the 
junctions s with the bulk shear strength S, we may combine eqns. (1) and (2) to 
give Ls eS. 

| ee Ww = ? = P siisinetrsl ome (3) 

In the present investigation », S and P were measured over a temperature range 
from —100°c to +80°c and » compared with the ratio S/P. A similar investi- 
gation for metals has been described by Simon, McMahon and Bowen (1951), but 
with metals there is a relatively small change in strength properties with 
temperature and the frictional behaviour is complicated by the influence of 
surface oxide films. With plastics large changes in S and P are observed over the 
temperature range used, and by a suitable experimental procedure the effect of 
surface films on the friction can be eliminated. 


§2. EXPERIMENTAL 

Four plastics were chosen for this investigation from among those used by 
Shooter and Tabor. ‘They were 

(a) Polythene (polyethylene). Most of the experiments were carried out on 
“ Polythene 200 ”’, the average molecular weight being 15,000. Softening point 
~100°c. 

(6) P.'T.F.E. (polytetrafluoroethylene). Produced by sintering the powder 
above its softening temperature and rapidly quenching the resulting mass. 
Softening point 327°c. 

(c) Kel-F (polytrifluorochloroethylene). As supplied by I.C.I. Softening 
point ~180°c. 

(d) Perspex (polymethylmethacrylate). Commercial quality. Softening point 
~120°c. 

Two of these (polythene and Perspex) soften at about 100°c, so the available 
temperature range was doubled by extending the range of measurement down to 
—100°c. It was in fact found that the more interesting effects were produced 
below room temperature. 

The use of this temperature range made it necessary to carry out the measure- 
ments of friction im vacuo to avoid the condensation of atmospheric vapours 
(notably water) on to the specimens. ‘The strength properties are, however, not 
appreciably affected by surface conditions, and were therefore measured in the 
atmosphere. 

2.1. Friction 

All experiments were carried out with like pairs of specimens, the upper 
member of each pair being given a roughly hemispherical shape. A load of about 
25 g was used, and the surfaces were made as clean as possible by abrasion under 
water before mounting them in the apparatus (fig. 1). ‘This consisted of a glass 
envelope which could be evacuated by a mercury diffusion pump to a pressure, 
read on an ionization gauge, of less than 10-° mm Hg. The lower friction speci- 
men S, was held as rigidly as possible with respect to this envelope by clamps of 
glass rod, and the upper specimen or slider S, was attached to a glass beam J’. 
By means of a plate P mounted in gimbals and connected through metal bellows 
to the envelope, the beam could be moved in such a way as to apply normal and. 
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tangential forces between the specimens. The magnitude of the forces was 

measured by means of strain gauges attached to two flat springs G, and Gy 
between the beam and the plate, and connected in a simple d.c. Wheatstone 

bridge circuit. The detector in this circuit was a galvanometer of natural 

frequency high enough to follow the rapid changes in the deflection of the 

beam, and the overall sensitivity and stability of the arrangement was such that 

coefficients of friction down to about 0-1 could be measured with reading errors 

no greater than about 10%. 

ato Pump 


Oven iB Gauge 


Fig. 1. Diagram of vacuum friction apparatus. 5,, upper surface or slider attached to 
glass beam. S,, lower surface held fixed in glass clamp. Gy, Gg, flat spring-steel 
strips (planes at right angles to each other); strain gauges are attached for 
determining tangential and normal forces. P, brass plate supporting upper slider, 
attached to envelope through metal bellows. J, J’, ground joints for assembling 
apparatus. ‘T, tungsten wire seals for setting up a cleaning discharge or for 
connecting to thermocouple. The envelope is mounted vertically for immersion in 
liquid air. 


Cleaning of specimens. 

After the specimens had been mounted in this apparatus, the coefficient of 
friction « between them was measured. ‘The envelope was then heated gently 
with the specimens apart until a good vacuum and a reproducible coefficient of 


friction were obtained after cooling. The values of . obtained before and after 
this cleaning by heating im vacuo are shown in table 1. 


Table 1. Effect of Cleaning on Friction of Plastics. 
(Friction measurements at 20°c) 


Coefficient of Friction 


Plastic Abraded under water Heated i vacuo Nature of sliding 
Polythene 0:5 0-80 Smooth 
Fluon 0-1 0-10 Smooth 
Kel-F 0-4 0°55 Stick slip 
Perspex 0:5—0:6 0-62 Stick slip 


It will be seen that the friction is increased little, if at all, by this treatment. 
‘This is surprising, in view of the very great effect of surface films on the friction 
of both metals and non-metals reported by Bowden and Young (1950), and 
suggests that plastics may perhaps be free from such surface films. It is, however, 
possible that relatively gentle heating is insufficient to remove contamination 
from the specimens. This seemed particularly likely in the case of P.'T.F.E. 
which was shown by Shooter and Tabor to have a coefficient of friction only one 
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third of that expected on the adhesion theory. Specimens of P.T.F.E. were 
therefore subjected to the more drastic cleaning treatment of heating to 300°c in 
vacuo for several hours. The coefficient of friction measured at room temperature 
remained equal to 0-1, suggesting that even this anomalously low value is probably 
not due to contamination. 

_ A few similar drastic heating experiments with the other plastics also gave 
little change in the coefficient of friction. It would seem that with these plastics 
surface films do not appreciably affect the friction or are easily removed. 


The effect of temperature. 


Most of the measurements of friction were made in the temperature range 
+20°c to —100°c on specimens which had been cleaned in the way described 
above. The envelope of the vacuum apparatus was immersed in a Dewar 
flask containing liquid air, and values of « were obtained at frequent intervals as 
the specimens cooled. Their temperature was measured at the same time by 
means of a thermocouple embedded just below the surface of the lower specimen. 
This was calibrated at —183°c, 0°c and +100°c. When equilibrium had been 
reached, after about an hour, the Dewar flask was removed, and the observations 


_ of friction and temperature continued. 


Perspex 


0-4 
Polythene 


> 
w 


Coefficient of Friction & 


2 
Ds) 


0 
+100 +80 +60 +40 +20 0 =20" -40ie-60' 9-80 5 =100 
Temperature (°C) 


Fig. 2. Effect of temperature on the friction of clean plastics. 


During the cooling part of the cycle the friction varied reproducibly with the 
temperature. During the warming part of the cycle, however, a temporary 
fall in friction to about , =0-2 was observed with all the plastics except P.'T.F.E., 
and at the same time the pressure in the apparatus rose to about 10-* mm Hg. 
This effect was probably due to ice evaporating from the envelope and condensing 
on to the specimens. For this reason, in considering the variation of « with 
temperature, only the results obtained during the cooling part of the cycle have 
been used. These are given for all the plastics in fig. 2. 

The rise in the friction of polythene near —60°c was observed with several 
specimens of two different mean molecular weights, and seems to be genuine. 
At about the same temperature, the nature of the sliding process changes, marked 
‘ stick-slip ’ motion developing in contrast to the smooth sliding observed at room 
temperatures. The values of » found for this plastic and for P.'T.F.E. at room 
temperature are rather higher than those given by Shooter and Tabor, but the 
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discrepancy can be partly accounted for in terms of the increase in friction with 
decreasing load found by these workers. 

The sliding of specimens of Kel-F was of the ‘stick-slip’ type over the whole 
temperature range. The friction continued to increase above room temperature, 
though no accurate measurements were made in this range. Perspex also showed 
a steady variation in «, with no change to smooth sliding, over the whole 
temperature range from +100°c to —60°c. 


2.2. Static Yield Pressure or Hardness 


The conditions chosen as standard for the measurements of this property were 
as follows. A Vickers 136° diamond pyramid was loaded with 1 kg and mounted 
on a beam in such a way that it could be lowered on to the specimen. The 
square indentation produced was examined microscopically and the mean length 
d of its diagonal measured. ‘The static yield pressure or hardness P which is the 
load divided by the projected area of the indentation (Tabor 1951) was then 
calculated from the expression P =2000W/d? where P is in kg mm, W is the 
load in grammes (in this case 1000) and d is in microns. ‘The use of a pyramidal 
indenter avoids difficulties due to the elastic recovery of the indentation, since 
the diagonals remain practically unaltered in length during recovery. The 
visibility of the indentations was found to be much improved by applying a thin 
coat of black enamel to the surface before the indentations were made. 

The value of P found under these conditions cannot of course be assumed to 
be identical with the mean pressure p in the sliding process since the magnitude 
and the time of application ¢ of the load W are quite different in the two cases. 
However, subsidiary experiments show that the variation of P with W and f is not 
very rapid, and it seems not unreasonable to base comparative measurements on 
P rather than on p. 

The hardness measurements were carried out at four temperatures: in the 
laboratory at about +20°c, in two refrigerated rooms thermostatically controlled 
to —5°c and —17°c, and in a refrigerator working at its lowest temperature of - 
—40°c. ‘The hardness tester and the specimens were left in the room or refriger- 
ator for several hours, to ensure temperature equilibrium. The portable 
apparatus used was checked at room temperature against a standard hardness 
tester which applied a 1 kg load for 10 seconds automatically. 


Results. 


The hardness values were all determined at a load of 1 kg and for loading times 
of 10, 20 and 40 seconds. In general it was found that, over this time range, the 
effect of loading time on the hardness was masked by the errors in measurement. 
For the smaller hardness values (i.e. larger indentations) the overall error is not 
greater than about 10°; for the larger hardness values the error is somewhat 
greater. Average values for the four plastics are given in table 2. 


2.3. Shear Strength 


In these measurements a simple apparatus was used, similar to that of Shooter 
and ‘labor, in which a cylindrical specimen of the plastic was sheared between two 
metal blocks. This does not give a state of homogeneous shear stress but | 


provides a fair approximation to the shear conditions existing within the inter- 
facial junctions. 


} 
| 
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All the shear strength measurements were carried out in the refrigerator. 
The apparatus was loaded with a specimen of plastic, left to reach temperature 
equilibrium, and operated from outside to break the specimen. The force 
necessary to do this was read ona spring balance, and the value of S was calcuiated 
by dividing the force by twice the cross-sectional area of the specimen, since 
shearing takes place across two planes. The results for the four plastics are 
summarized in table 3, the experimental error being of the order of 7 to 10°%. 

The strength of Perspex was also measured at +80°c, and was found to be 
5-4 kg mm”. 


Table 2. Static Yield Pressure or Hardness P of Plastics (in kg mm?) 


sempre (c) Polythene Fluon Kel-F Perspex 
+ 20 1-3 5-3 IGE) D3, 
— 5 2-6 5-9 16-4 i 
—17 3-9 7:0 28 i 
—40 6-1 TS * 38 


* Impression too small for measurement. 
7 No measurement made. The hardness of Perspex was, however, measured at +80°c, 
and found to be 18 kg mm ~. 


Table 3. Shear Strength S of Plastics (in kg mm-?) 


Temp. (°c) Polythene Fluon Kel-F Perspex 
+20 0:8 1:8 4-5 5-2 
—17 iLe7! 225 5:0 
—40 Del 3-6 6:6 5-6 


$3. Discussion 


These data on strength and hardness can now be related to the measurements 
of friction. Figure 3 shows the variation with temperature of the coefficient of 
friction » and of S/P for each of the four plastics. It will be seen that the two 
quantities vary in a closely similar way, as would be expected if the adhesion 
theory were applicable. The absolute agreement between » and S/P is, however, 
good only for polythene: the friction of P.'T.F.E. is lower, and that of the other 
two plastics higher, that that predicted by the simple adhesion theory. 

Simon, McMahon and Bowen have published (1951) results similar to these 
for some metals over a temperature range of 4:2°K to 600°K. ‘They also find, in 
general, a parallel variation of 4 and S/P, the former always being greater, 
usually by a factor of two or three. As one interpretation of these results one 
may suggest a relation between p and S/P of the form 


Lge Otew Te =e, Mee ee kee MEGWs Sic 8 (4) 


where /4) is a contribution to the friction due to some factor other than adhesion 
(e.g. electrostatic forces, surface roughness) and k is a constant of order of 
magnitude unity but generally higher. 

The data of fig. 3 have therefore been plotted in fig. 4 as a graph of » against 
S/P. The broken line represents the relation » = S/P expected from the simple 
adhesion theory. It is seen that the values for polythene fall close to the 
theoretical line, Perspex and Kel-F are appreciably above it, and P.'T.F.E. below 
it. If we attempt to fit the results into a relation of the type given in eqn. (4) it is 
found that the intercept 4) on the axis of pu is positive for Kel-F, zero for Perspex 
and negative for polythene and P.T.F.E. In view of the wide limits of error, 
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indicated on fig. 4 by the shaded areas, and the difficulty of giving any pee 
significance to negative values of 4) it seems better. to assume that ip 1s always 
zero and to represent the results by the best straight lines through the origin. 
This has been done in fig. 5, and the corresponding values of k in the assumed 
relation. =kS/P are: Perspex 2-4, Kel-F 1-7, polythene 1-1, P.T.F.E. 0:3. 


POLYTHENE 


03 


Ratio S/P 


and 


(0) te) 
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Coefficient of Friction & 


-20 -40 


Co) 
Oo -lIO -20 -30 -40 +80 +60 +40 +20 O 
Temperature (°c) Temperature (°C) 


O 
+20 +10 
Fig. 3. Comparison of jx, and S/P as a function of temperature. 


The experiments by Shooter and Tabor at heavier loads gave ratios k of 
about the same order as those quoted here, and it is interesting to consider the 
reason for this. In the friction measurements described here it was not possible, 
at the low loads used, to measure the width of the track produced during sliding. 
However, in the experiments by Shooter and Tabor the track widths could be 
observed, and from these the mean pressure between the surfaces while they 
were actually sliding could be calculated. ‘These agreed with the static hardness 


| 
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values to within about 10%. Thus the discrepancy between and S/P is due 
primarily to the difference between the specific shear strength S of the material in 
bulk and the specific shear strength s of the material at the sliding interface. This 


Fig. 4. Relation between p and 
S/P for clean plastics. Arrows 
indicate direction of increasing 
temperature. Shaded regions 
indicate experimental error. 


| 12) 0-1 0-2 0-3 0-4 0-5 0-6 07 0:8 


PERSPEX 


0-6 


Fig. 5. Relation between pw and fe 
S/P. Results of fig.4 redrawn 95 
on assumption that p=kS/P. 


oO 
oO OO 0:2 0:3 


0:4 
S/P 
effect is observed to an even more striking extent with markedly brittle materials 


such as rock salt, glass and sulphur. In experiments with these materials 
(King 1952, King and Tabor, to be published) it is found that the interfacial 
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junctions are at least ten times stronger in shear than the material in bulk, 
Detajled examination shows that this is primarily due to the fact that the friction | 
junctions are subjected to a complex state of stress equivalent to a shear stress ; 
on which are superposed very high hydrostatic pressures. These pressures 
prevent premature fracture of the material, and very much larger shear stresses ; 
can be withstood before the material yields (see also Bridgman 1952). On this 
view, therefore, values of k appreciably greater than unity are due to the fact that t 
the bulk shear strength is measured at atmospheric pressure, whilst the material | 
at the sliding interface is subjected to very high hydrostatic pressures. * 

If this explanation can be applied to the plastics it would seem that Perspex < 
and Kel-F may be considered as being brittle, while polythene is hardly brittle: 
enough to show any anomalous effect. This agrees with the technical data on} 
Perspex and polythene. The former is decribed as brittle over the whole: 
temperature range considered, while polythene becomes brittle only at —25°c. . 
The slight tendency towards an increase in k at low temperatures for polythene 
may be connected with this embrittlement. 

P.T.F.E. clearly falls into a different category. The exceptionally low; 
friction (k&0°3) is not due to surface films. It is due to an intrinsic low adhesion: 
between the P.T.F.E. molecular chains. The bulk shear strength is higher: 
because of interlocking between the rigid chains in the bulk of the plastic, ani 
effect which is not possible at the interface of two specimens at ordinary temper-’ 
atures. At temperatures approaching the softening point of P.T.F.E., when larges 
scale flow at the interface can occur, high normal adhesions are observed and the 
friction can rise to very high values. 

It is evident, therefore, that the adhesion theory can explain the frictional 
properties of the plastics examined here over the whole temperature range applied! 
The apparent discrepancies are due to the enhanced strength of the junctions 
under high localized pressures (Perspex and Kel-F) or to structural factors which 
give a low intrinsic adhesion at the sliding interface (P.T.F.E.) Ft 
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* With metals it would appear that the discrepancy between p and S/P is primarily)) 
due to the combined normal and tangential stresses at the regions of intimate contact} 
these lead to further plastic flow and growth of the intermetallic junctions (McFarlan: 
and ‘Tabor 1950). Such junction growth appears to be negligible with plastics except al; 
temperatures near their softening point. | 
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Abstract. Phototubes have been used in conjunction with tuned radio-frequency 
amplifiers to study light fluctuations from discharge tubes and from the Sun (sun 
spots) up to frequencies of 95 Mc/s. _ In particular the spatial distribution of some 
types of oscillations along the axis of discharges in helium and mercury vapour have 
been obtained but so far no fluctuations of light from the ‘quiet’ Sun have been 
observed. 


$1. INTRODUCTION 


1948, 1950, 1951) numerous experiments were performed on oscillations and 

noise in electrical discharges (Bailey and Landecker 1950, Middlehurst 1950, 
Fyfe 1951). Early experiments included also the comparison of the light flux 
from a set of ‘electrically similar’ discharge tubes in which a phototube, light 
modulator (chopper) and associated amplifier were used (V. A. Bailey, K. 
Landecker, R. F. Mitchelland J. A. Roberts, unpublished). These measurements 
were sometimes spoiled through spurious readings which, as was realized later, 
were due to the discharge tubes passing through some state of oscillation. The 
technique was therefore abandoned. It has since been reported (Cobine and 
Callagher 1947, in particular p. 114) that fluctuation noise from electrical discharge 
tubes is, at least at low frequencies, always accompanied by fluctuations of the 
light emitted by these tubes. 

In the course of these experiments it occurred to the writers that a phototube 
used in conjunction with a radio-frequency amplifier may detect high-frequency 
fluctuations from light sources. ‘This technique, if successful, may then be useful 
in the investigation of oscillations in laboratory sources such as discharge tubes and 
even in extra terrestrial bodies as e.g. the Sun. 

It is well known that noise arises in electrical discharges, with and without 
magnetic fields at least up to frequencies of the order of 10000 Mc/s (Mumford 
1949, B. J. Robinson, unpublished). ‘There is also an extensive literature on noise 
from luminous (and non-luminous) celestial bodies up to about the same frequency. 

In gas discharges it is important to localize the oscillations occurring, if possible 
without the disturbing intervention of probes. In radio astronomy the technique 
to be described appears promising in providing a very high resolution. It would 
also be of interest to correlate in time fluctuations at the frequencies of visible light 
and at radio frequencies when the signal components have passed through the 
ionosphere or through interstellar matter. ‘This would allow one to determine the 
dispersion and supply information about the density in space of the intervening 


I a series of investigations of ionized media carried out in this School (Bailey 


matter. 
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We have so far only been successful in designing tuned phototube amplifiers 
working at frequencies up to 95 Mc/s using commercial phototubes. | It is the 
purpose of this note to report on our initial experiments with these devices and to 


give a brief description of the apparatus used. 


§ 2. THE SENSITIVITY TO BE EXPECTED FROM A ‘TUNED PHOTOTUBE AMPLIFIER 
AT HiGH FREQUENCIES 


Consider the performance of a phototube connected across the input (tuned 
radio-frequency) circuit of a radio receiver in the manner indicated in fig. 1. Itis 
clear that one should select for this purpose a high vacuum type of phototube. 


Then it is easy to estimate the sensitivity of this arrangement: the resonant | 


impedance LwQ of the tuned circuit may be made at least 10° ohms over the entire 
range of frequencies in which a coil and condenser combination is used. ‘The 
internal (dynamic) resistance of the phototube itself in the range of anode voltages 
of interest is of the order of 10°ohms and need not be considered. Further it 
should be possible to detect a variation of (noise or ‘signal’) amplitude of about 
one microvolt developed across the circuit. ‘This corresponds to a photocurrent 
signal amplitude of 10°"a. At full illumination of the photo surface (e.g. 
10 wa average photocurrent with the RCA 919 tube) we should therefore be able to 
detect a fluctuation of about 1/10000 of one per cent of the average photocurrent 
and therefore of the average illumination. ‘This estimate of the order of magnitude 
of the sensitivity to be expected was confirmed by experiments described below. 

Since phototubes are used here in a rather ususual way it seems desirable to 
make the following remarks : we are not directly concerned with the limiting 
sensitivity of the tube but assume that a certain minimum of illumination is available 
from the source. ‘Then a corresponding shot noise current will flow, whatever 
the nature of the source, and the amplifier may or may not raise this to a detectable 
level. ‘The quantity we wish to measure is either an excess of noise above shot 
noise or a periodic oscillation superimposed on the shot noise, both being special 
properties associated with certain sources. 

We restricted ourselves in this work to commercially produced phototubes. 
Transit-time effects were avoided by using these tubes with the highest permissible 
anode voltage. We have investigated the use of photomultipliers for sources of 
low intensity but here the difficulties seem to be much greater. 

It is hoped to consider in a later publication the theory of the processes entering 
into the present technique. 


§ 3. PHOTOTUBE EQUIPMENT IN THE FREQUENCY RANGE 20 c/s To 95 Mc/s 


We had at our disposal a communication receiver covering the frequency range 
500 kc/s to 25 Mc/s and a prewar v.h.f. superheterodyne receiver (Model T.F. 554 


made by Marconi-Ekco) covering the range 20 to 300 Mc/s.* Both receivers | 


were fitted with output meters. 


(a) Frequency range 500 ke/s to 25 Mc/s. 


The mode of connecting the phototube (RCA type 919) to the input circuit of | 


the communication receiver is shown in the circuit diagram (fig. 1). The addition 
of the phototube does not affect the alignment or the tuning of the receiver in any 


way. It was convenient to mount the tube inside the metal receiver cabinet. The | 


* Kindly lent to us by Dr. J. L. Pawsey of the Commonwealth Scientific and Industrial 
Research Organization, Sydney. ‘This receiver is at present used on another project. 


\ 
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battery and photocurrent meter were placed in a separate screened box. For the 
adjustment of the illumination a polaroid shutter and a set of filters are used. At 
the full illumination and with the gain controls fully advanced the shot noise from 
the phototube is strongly audible on all bands and can be read on the output meter. 


Fig. 1. Mode of connection of phototube RCA type 919 to the communication receiver. 


| Regeneration 
et control eMe/s LF channel 


Local 
oserllator 


Fig. 2 (a). Input circuit of the v.h.f. receiver with the phototube connected. 
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Fig. 2 (6). An alternative input circuit for the phototube using a coaxial line. 


(6) Frequency range 20-95 Mc/s. 
The v.h.f. receiver used a diode frequency changer and no radio-frequency 
amplification and was not nearly as sensitive as the communication receiver. ‘The 
shot noise of the phototube could not be detected on any frequency band. Since 
shot noise was at that stage our main criterion of the sensitivity, and of the useful- 
ness of the equipment for the applications we had in mind, reaction was applied to 
the input circuit in the manner indicated in fig. 2(a). ‘The reaction valve is an 
acorn triode (type 955). In this way we succeeded in extending the useful range 
_ of this equipment to about 95 Mc/s which is just near the frequency at which solar 
noise is recorded by the Radio Astronomy Group of the Commonwealth Scientific 
' and Industrial Research Organization, in Sydney (97 Mc/s). The tuning of the 
receiver was surprisingly easy because the regenerative stage could be used as an 
- oscillator. An alternative input circuit using a coaxial line is shown in fig. 2 (0). 
These receivers together with low-frequency equipment available in this 
department covered the range 20c/s to 95 Mc/s. 
| 
: 
| 
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§ 4. MEASUREMENT OF THE SENSITIVITY OF THE EQUIPMENT 


. Tests were carried out on a number of light sources mainly for the purpose of 
finding a convenient source for calibration. A strong response was pipes by 
illuminating the phototube in the communication receiver with the light from the 
gap of a spark transmitter. This disappeared immediately the light eee 
interrupted. There was an audible output from the receiver even when t e ee, 
beam had passed through a stack of filter glasses: the spark was then barely visible 
through the filters in the dark. _ , eo ; 

However, this source was not suitable for a reliable calibration. This has been 
achieved by modulating a beam of light with a Kerr cell and a special oscillator. 
For the communication receiver this test confirmed the estimate of sensitivity 
made in $2. Noattempt was made to calibrate the v.h.f. receiver: at all times the 
sensitivity was judged from the shot noise level. 


§ 5. EXPERIMENTS ON THE LIGHT FROM ELECTRICAL DISCHARGES IN GASES 


These investigations were undertaken mainly for the purpose of localizing 
electrical oscillations and noise in discharge tubes. For these experiments hot 
cathode helium and mercury vapour tubes, all about 80cm long and of 5 em 
diameter, were used. The same tubes served for the previous investigation, 
referred to in §1, in which enhanced electrical noise was picked up from external 
electrodes when the discharges were pervaded by a magnetic field parallel to the 
direction of the drift velocity; this noise occurred in characteristic frequency 
bands. 


Mercury Vapour Discharge 


reo probe Discharge current: 50mA 


Mognetic field : 250 oersted 


from phototube 


Amplifier Output - dB Above Shot Noise 


500 1900 nso 


Frequency ~ Ke/s 


Fig. 3. Noise spectrum picked up by a probe and by the phototube from mercury vapour 
discharge with axial magnetic field. 


‘The same noise could be detected when the light from the discharge was focused | 
on to the phototubes of our apparatus. The noise spectra were determined in the 
ranges 200 to 7500 c/s and 0-5 to 2 Mc/s and agreed strikingly with those picked up | 
directly by means of external electrodes and the same amplifiers (receivers) | 
(ag. 3). ‘The higher frequency bands observed previously were above the range | 
of our receivers. | 

A screen with a slit 4mm wide was placed in front of the discharge so that the | 
light from a narrow transverse section could be focused on to the photo surface 
(fig. 4). The optical axis of this arrangement could be moved bodily along the 
whole length of the discharge. Figure 5 is a schematic diagram of the noise } 
amplitude plotted against tube length obtained at all frequencies in the range of 
the equipment. The shape of the plot is the same for both the gases investigated. | 
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This makes it appear likely that the disturbance is mainly localized near disconti- 
nuities in the neighbourhood of the cathode and to a much lesser degree at the 
anode. ‘This is in agreement with observations of other workers (Merrill and 
Webb 1939, Emeléus and Armstrong 1949, Armstrong ef al. 1951, Martin and 
Woods 1952), utilizing probe methods. The main body of the positive column 
when observable does not appear to provide directly a notable part of this type of 


Pairs of Helmholtz coils 


A 


Constank current 


suygply 


O-3500 V 


Guide rad for 
Phototube amplifier 


anolifier 


uniform positive column 


| 
. 
| 
} Fig. 4. Optical arrangement for investigations on discharge tubes. 
j 
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Position of slit 


Fig. 5. Axial distribution of noise in hot cathode discharge tube. 


noise. Reversal of the direction of the magnetic field does not noticeably alter the 
| appearance of the plot. It is important to point out that the spatial variation of 
- noise amplitude is not due to a variation in the brightness of the discharge because 
the photo current (illumination) was kept constant. 


§ 6. EXPERIMENTS ON THE IMAGE OF THE SUN’s Disc 


For these experiments the 6 in. telescope of this department was used to project 
an image of the Sun of about 30 cm diameter on to a plane containing the photo- 
surface. ‘The light was directed to the phototube by means of a mirror in such a 
way that the entire image could be scanned, the effective aperture being about 
lcm?. ‘The illumination was again controlled by a set of filters but these were not 
used purposely to select any particular part of the spectrum. Particular attention 

was paid to sunspots. 

We realize that this experiment is in principle entirely different from the 
experiments described in §§ 4 and 5 in as much as the dimensions of the source are 
extremely large compared with the wavelengths investigated. However, since there 
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is to our knowledge no conclusive reason why light fluctuations should not occur, 
correlated with the electrical fluctuations received at various frequencies, we have 
carried out some preliminary experiments. Observations were made during 
May 1951 with the communication receiver. On no occasion was there a notice- 
able excess of noise above the shot noise level produced by a steady source over the 
frequency range 500 kc/s to 25 Mc/s. After completion of the high frequency 
equipment similar observations were made on 9) Mc/s during N ovember 1951 and 
May 1952. Oneach occasion enquiries from the radio astronomy workers showed 
that the Sun was ‘quiet’. 

We have since attempted to time our observations with the onset of noise 
outbursts (storms) as reported to us by the Radio Astronomy Group of the 
Commonwealth Scientific and Industrial Research Organization in Sydney 
working at 97 Mc/s. However, on all occasions when we were free to observe the 
sky was overcast. 

§ 7. CONCLUSION 


Regarding the experiments described in the previous sections we believe that 
the performance of phototubes at high frequencies is in itself of some interest and - 
we hope that the simple technique described will be of use in clarifying some 
aspects of electrical discharges. 

As far as the astronomical aspects mentioned are concerned it is clear that, if 
light fluctuations corresponding to electromagnetic fluctuations can be detected 
at all, the resolution of the technique described is vastly superior to even the largest 
radio telescope in existence. Furthermore, light fluctuations may obviously be 
picked up at frequencies for which ionospheric absorption precludes the reception 
of radio waves. 
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Photoelectromagnetic and Photodiffusion Effects in Germanium 
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Abstract. A voltage arises across an illuminated slab of germanium in the 
direction of illumination due to the difference in mobility between electrons and 
holes (photodiffusion effect). Ifthe slab is placed in a magnetic field perpendicular 
to the direction of illumination, a voltage is produced at right angles to both 
field and illumination (photoelectromagnetic effect); voltages as great as 0-5v 
have been obtained. The latter effect saturates for large illumination and its 
limiting value provides a convenient measure of the surface recombination 
velocity. 


$1. INTRODUCTION 


‘E have observed that if a slab of semiconductor, illuminated cn one 
\ x of its faces, is placed in a magnetic field parallel to the illuminated 
surface, a voltage is developed in the semiconductor in a direction 
perpendicular to the magnetic field and to the normal to the illuminated surface 
(photoelectromagnetic effect). Voltages as great as 0-5v have been obtained. 
While the theory of this effect was being worked out, the existence of another 
effect (photodiffusion effect) was deduced, and this was later detected experi- 
mentally. It consists of a photovoltage Vp arising across the plate perpendicular 
to the illuminated surface, even in the absence of a magnetic field, and is caused 
by the difference in mobility between electrons and holes: Vy is in fact 
proportional to this difference. On the other hand the photoelectromagnetic 
voltage Vy, which is proportional to the magnetic induction and may be considered 
as the Hall effect produced by the diffusion current, or a particular case of the 
Suhl effect (Shockley 1950) depends, for small signals, on the sum of the 
mobilities. If recombination of holes and electrons occurs mainly in the bulk of 
the material, Vp is large and Vy is small; if on the other hand recombination 
occurs mainly on the surface Vp is negligible and Vy is large.* 


§2. MATHEMATICAL FORMULATION 


The theory has been developed for the arrangement illustrated in fig. 1. 

The symbols used throughout are: J, illumination in quanta m * sec’! absorbed 
on xz face; x, absorption coefficient of semiconductor (m™!); mp, number of 
electrons m~ in unilluminated slab; m)-+-n, equilibrium density of electrons in 
illuminated slab (m-*); p, equilibrium density of holes in illuminated slab (m-?) ; 
e, absolute value of electronic charge in coulomb; D, diffusion constant of 
holes (m? sec~!); px, hole mobility (m? volt! sect) ; 6, electron mobility/hole 


* After this paper had been written, a paper was published (Aigrain and Bulliard 1953) 
describing the photoelectromagnetic effect, which had apparently been observed before 
(Kikoin and Noskov 1934, Frenkel 1935) in CuO at liquid air temperatures. Also a 
voltage between the dark and the illuminated side of a semiconducting plate had been 
observed by Dember (1931). 
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mobility; ¢, dielectric constant (rm-'); 7, bulk recombination factor (m* sec“); 


eJ,, hole current (am); e/,, electron current (am); E, electric field (vm); | 


B=B,, magnetic induction (weberm™*); s, surface recombination velocity 
(m sec-*). 


The existence of surface states and thus of a space charge layer at the free ‘| 


surface of the semiconductor will be neglected throughout this paper. ‘Thus the 
boundary conditions for the electric field are that its normal component must 
vanish on any surface. This approximation neglects completely any change of 
surface potential that may be caused by illumination (Brattain 1951). As these 
effects may be important, the formulae derived for the photodiffusion effect may 
not be easily verified experimentally. 

The semiconductor, assumed to be n-type, of thickness ¢ in the y direction 
is taken infinite in the x direction so that the problem is a two-dimensional one in 
the plane of the paper. It is assumed that, in addition to the normal bulk 


recombination of holes and electrons, there is a surface recombination obeying _ 


the law J =sp, where J is the flow into the surface. In the absence of a magnetic 
field, the hole and electron distributions are independent of the x coordinate, 
and for a small applied magnetic induction B the variation with x is neglected. 
Then the total current in the y direction must be zero since it vanishes on the 
surfaces, and we may put J, = —J,,=d. 


a 
Radiation J Quanta m-2 sec-! 


Magnetic Induction B, 
ae into paper 


Ryots 


Also if the quantum efficiency is unity, then for J quanta m-~ sec absorbed 
on the «zx face, xJe“dy holes and electrons m2 sec are separated in a 
thickness dy of the material at a depth y. | 
Then the equations giving p, n, FE, and J are (B=0), 


dp : 
Ja DE + ip Bylo: Obl iieam (1) 
dn 
—J=bD dy + bu(my +n)E,, eee S (2) : 
aS i pees 
ey Sk ”—7(Ny +n)p 3 Sues (3) 
Pa ag kc! 
= gay es oie, See (4) 


The treatment of the general case would be involved, therefore only the | 


limiting cases of small signal and large signal will be considered. 
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2.1. Small Signal Theory, no Magnetic Field 


Suppose that J is small, so that p, <n); then, as the conduction term in (2) 
is of the same order as the diffusion term, the conduction term in (1) may be 
neglected. Putting r= 1/rm) =lifetime of holes in the bulk of the material (about 
200 usec for intrinsic specimens at room temperature) equations (1) and (3) give 


P=pPoe +p, sinh + + Pp» cosh ; ce tadtt (5) 


ee 
=KDpy eo’ — p, = cosh 7 — p27 sinh + Sct (6) 
where py =«17/1—«7/?, [? = Dr. 
In germanium, D=4x10-* m*sec! at ordinary temperatures and, with 
7~100 psec, J is of the order of a fraction of a millimetre. In all cases of practical 
importance « is at least 10°m~!, thus «7/?>1 and 


Positicle el ie We hi (7) 


The boundary conditions are: y=0, J = —sp; y=t, J =sp. 

If ¢ is larger than a few microns, terms containing the factor e “’ may be 
neglected; and, since s rarely exceeds 100msec"!, it may be neglected with 
respect to «D; then introducing the dimensionless quantity «=D/ls which, 
in most practical cases, has a value between 0-1 and 1, 


_ JI sinh {(é—y)/}+« cosh ((¢—y)/ LL 


Berea Se aa ee Te Cyst pane (8) 
~ § (140?) sinh (¢/l)+ 2a cosh (¢/I) ~~ «D 
_,_ cosh {(t—y)/]} + « sinh {(t—y)/]} 
Gini Sa aay sinha) oe at TaD TAC le eae ©) 
In both expressions the second term is pep rete except within a few microns 


of y=0. 
Eliminating from (2) and (4) we find the differential equation for E,, the 
electric field which ensures that the total current vanishes: 


GE y CULNg dp 4 
i ed Ey=s7 5 (6D fad), Fie (10) 


p and J being given by eqns. (8) and (9). 

For germanium (of ordinary purity) («D/eun)"”” is 10-7 m or less, thus the 
‘transient’ part otf the solution of (10), which gives the behaviour of FE, near 
y=0 and y=t (at which points £,,=0), may be ignored for the purpose of 
caléulating the poténtial difference between the two sides of the plate. We are 
left with the ‘steady state’ solution, which is in fact the solution for zero charge 
(p=n). This condition is approximately true in the interior of the slab to within 
about («D/eun,)" of the surface. Then 


ath nA, | cosh Samra os sinh =| where A=(1+2?) sinh a 2 cosh 7 
and thus 


Ba eS IT 4 i 
Vo=—| Bydy=- >| sinh | +2 (cosh 5-1) |. Goocsc (11) 
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2.2. Small Signal Theory in the Presence of a Magnetic Field 


The application of a small magnetic field in the z direction causes a negligible 


change in J (if u2B?<1). Then, neglecting the small variation of n and p with x, 
Te = UPL + PBI, Sox = bung + n)E + bp BJ. 
At the boundaries, the total current must be zero. Since the variation 
with « is neglected, put J,,+Je,=0 for all x. Thus: 
1+6 BJ 14+5BJ . 
E,= are POET a Ps on since p, 1<Ny 
and if the distance between the probes is d, Vy {(1 +5)/b} BJd/m). Since J varies 
across the plate, Vq is a function of y. However, the approximations introduced 
are probably not valid near the front surface, where all the absorption takes 
place. At the back surface (y=), J(t)=J«/A, 
1+b Bd Ta 
b ny (1+)? sinh (¢/1)+2« cosh (¢/l)° 
For «+0 (total surface recombination) 
1+6 Bld 


Vp>0; Valt)>—— oxi sinh (t/1) 


and Vy(t) = 


(the latter expression does not follow from (12), as the approximation s<«D is” 


not valid, but may be easily derived from the basic equations), 

for «> 0o (no surface recombination) 

5— TdT ‘cosh (tj) = 1, 
Ka> 3G) mean Gy OY Ee 

A rough estimate of the short circuit current through the sample may be 
derived very simply as follows: if B is the Hall angle for holes, the holes will 
move a distance Bl, in the direction of the electrodes, and the electrons a 
distance buBl,, where J, and /, are the effective diffusion lengths for holes and 
electrons when surface recombination is taken into account. 


Hence i,=en.Bel(h.- Ob ve in eee ee (13) 
where c is the width of the sample. 


2.3. Large Signal Theory 


This approximation assumes that the specimen is so pure, or that J is so 
large, that p, n>mp. ‘lo obtain an approximate solution of eqns. (1) to (4) under 
these conditions bulk recombination is neglected, and it is assumed that the 
absorption coefficient is so large that the illumination penetrates no further than 
the surface. Then part of the holes and electrons produced by illumination will 
be destroyed by recombination at the surface y=0, the remainder flowing 
forward into the slab. 

With these assumptions, eqns. (1) to (4) reduce to 


; dp dn 
ApS =) ape eee icine Mee 


dE, 
dy 
The boundary conditions are 


= : (p—m), -J=constarive?. i. (14) 


E,=Oaty=Oandy=t, I—J=spaty=0, J=spaty=t. 
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‘Then r(1 = 5 )==D (pn) +n (+n) saat de (15) 
r(1 + i) =-P = ~ (p+n) +E, (p— ) ei bye Ae (16) 
Integrating (16) gives 
prm=p00)+m0)— 51+ 5) + i Fer. (17) 


In particular, for y=, 


E + n(t) =p(0) + n(0) — 3 + 3): oe (18) 


Since d(p—n)/dy is small except near y=0 and ft, we may neglect it in the 
interior of the slab. Also the last term in (17) is small. 
Then in the interior 


J(1-b) —-b-1 D d(p+n)/dy. 


ae hae ae ecco cee (19) 
| Snell b-1D_ (J/s)+n(t) 
Hence Vos | Eva = aa mee eee (20) 


The quantities n(t), p(0) and (0) are determined from the more exact solution 
for E,, satisfying the boundary conditions at y=0 and ¢. 
The differential equation satisfied by E,, neglecting only the non-linear term 


in 7), is @E, _ ed (145) 
dy —eD L? ; 
h 5, = 4] (0) +n(0) — 2 (145 21 
where ay p(0) + (0) — 5 + Ce eee area | (21) 
Assuming that the variation of L across the slab is small and that L <t, we get 
J (1 r : 2 
E, a [L?— L(0)? exp (—y/L) — L(t)? exp {((y—-0)/L}]_...... (22) 
Then nee = 0, 
ee; if eD\ 1/2 rats 
p(0) —n(0) == = (= ay eee see lee) ie Pee (23) 
and at y=t, 
J pone, e Oh Sl atin, df Bers 
f — nt) — 5 -B-Y)L() = -— GL - (= =) i n(t) 24) 


For s small, n(t)+J/s. In fact putting A=n(t)—J/s, eqn. (24) gives 
A* =esJ(1—0-1)7/2Dep=1'9 x 10s J. 
Hence the approximation is good as long as s*<10-4J. ‘This will be true under 
all practical conditions for large signals. Hence, using (18), (21), (23) and (24) 
nye Josie re LL) At) ride (25) 
p(0)=n(0) = =o (1 + 3) 4 a oar (26) 


5 

The densities and the field are now determined at all points as functions of J, 

which may be related to J through the boundary condition J—J =sp(0); thus _ 
I 

BaeGeE GID io os Mate 
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1D t 1 
Finally, aac — = In| 1+ 55 (1 + i) | ote (28) 


Bs 
Te sl Fe )\2D° 


The assumption that the variation of L across the slab is small is not a good 
one for all practical values of s, but improves as s decreases. However numerical 
integrations for the case s—> 00, where the assumption is worst, give a correction 
factor of only 0-61 in the value of v(t). We are therefore encouraged to think 
that the final formulae are sufficiently good for all practical values of s, tending 
to give values of s in excess by not more than 40%. 

It is interesting that both the diffusion and magnetic effects are in this case 
independent of the illumination; both provide in principle a method for the 
measurement of the surface recombination velocity, but only the latter is simple 
and practicable. The second of the equations (29) may be deduced very simply 
as follows: when only the electrons produced by illumination are of importance, 
they will move into the surface at y=t with a velocity equal to the surface 
recombination velocity s. They are thus subjected on the surface to a lateral 
force eBs which, as no current flows in the x direction, must be compensated by 
an equal and opposite force due to an electric field component E,. Hence 
E,=—Bs. & 

$3. EXPERIMENTAL METHODS AND RESULTS 
3.1. Specimens and Measuring Conditions 


and E,(0+)= Pe RRS GE eg! cae (29) 


The specimens used were in the form of rectangular rods 1-2 cm long and 
about 1 mm x 0-5mm cross section. The resistivity of the germanium used was 
either 0:014Qm or 0:-40Qm. For the lower resistivity material the carrier 
concentration would be approximately 1-3 x 10°! electrons m-?, whilst the higher 
resistance specimens would be near the intrinsic range with approximately 
10'* holes m-? and 4 x 101° electronsm™?. Soldered (ohmic) contacts were used 
throughout. It was found that these did not produce any appreciable photovoltages. 

White light illumination from tungsten filament lamps was used except when 
measuring the spectral distribution of sensitivity. ‘The lamps were operated at 
their normal working temperatures (~2500°c) and the rate of emission of useful 
quanta (i.e. those with hy>0-75ev) found from the usual radiation formulae. 
The power radiated was checked by a calibrated thermopile at some particular 
range from the lamp, and the inverse square law then used to find the intensity 
at other ranges. ‘The values quoted for the illumination are corrected for 
reflection losses. 

The magnetic field was provided by a d.c. electromagnet with pole faces 
3-8 cm diameter. Fields up to 1-2 weber m? could be obtained with a 1-5 cm gap. 

The photoelectromagnetic effect was measured on microammeters or spot 
galvanometers, the resistance of the measuring circuit being made either large 
or small compared with the specimen resistance to obtain open circuit voltages 
and short circuit currents respectively. 


3.2. Photoelectromagnetic Effect. Linearity of Photocurrent—Photovoltage 
Relation 


Observations were made of the photocurrent for various values of r and R 
using the circuit shown in fig. 2, the illumination being kept constant. With 
R=, r was varied from 0 to 11kQ. A plot of the inverse of the current against 
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resistance is shown by curve A. The linearity of the results shows the system 
to be ohmic with a source voltage of 13-7 mv and an impedance of 480Q. 

The results of curve B were obtained by varying R with r=0. The plot of 
inverse current against inverse resistance again shows the system to be ohmic 
with a source voltage of 13-7 mv. 


3.3. Photoelectromagnetic Effect. Linearity of Short Circuit Current with 
Intensity and Magnetic Field 

Figure 3 shows the short circuit current plotted against the intensity of 
irradiation expressed in terms of quanta m*sec+. Comparison with the 
straight line drawn at an angle of 45° with the axes shows that the relation is 
substantially linear over the whole range, although the specimen resistance 
decreased 12:1 under the strongest illumination. 

The short circuit current is linear with magnetic field up to B20-5 weber m™ 
for higher values of B the current increases less rapidly than B. Assuming the 
current to be reduced by a factor 1+(uB)?, where p is an effective mobility, 
as in the magneto-resistance effect, a value of »=0-45 m? v-+ sec“! is obtained. 
This is higher than the values found by Hall effect measurements, but is in 


reasonable agreement with values obtained from magneto-resistance measurements 
(see Moss 1952). 
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Fig. 2. Linearity of photoelectromagnetic effect. 


3.4. Photoelectromagnetic Effect. Spectral Distribution of Sensitivity 

This was measured over the wavelength range 0-7—2 using a rock-salt prism 
double monochromator. The radiation was interrupted at 800 c/s and the signal 
from the sample amplified at this frequency. As shown by fig. 4, the quantum 
efficiency is roughly constant between 0-7 and 1-6, but falls rapidly at longer 
wavelengths. From the curve the sensitivity is seen to have fallen to half its 
maximum value at A,j.=1:63u. This wavelength corresponds to an energy of 
0:76ev, in good agreement with results from conventional photoconductivity 
measurements and with the accepted forbidden energy gap of germanium 


(Moss 1952). 
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3.5. Measurement of the Photodiffusion Voltage 


After the presence of the photodiffusion effect had been deduced an attempt 
was made to detect the effect experimentally. As it was thought that the use 
of metal contacts would produce photovoltages which might well mask the 
diffusion voltage, they were avoided and a condenser arrangement used with 
interrupted illumination. The slab of germanium was illuminated through a 
thin sheet of mica on which was painted a serious of conducting lines (of 
platinum), the lines being on the side of the mica away from the germanium. 
The back face of the germanium slab was insulated from a flat metal electrode 
by a second sheet of mica. The signals were amplified in a high gain amplifier 
tuned to the interruption frequency. 

Signals many times amplifier noise were obtained and the actual magnitude 
of the photovoltage was found by direct calibration by injecting a known signal 
in series with the lead to the back electrode. An r.m.s. voltage of 2-2my was 
obtained for a very pure specimen for an intensity of 1074 quanta m™ sec"?. With 
allowance for wave form factors this is equivalent to about 5 mv peak to peak 
voltage. ‘The experimental arrangement, however, does not allow discrimination 
between the photodiffusion effect and the effect of illumination on the surface 
potential. The latter would be stronger on the front surface than on the back 
surface. 
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Fig. 3. Linearity of short-circuit Fig. 4. Spectral sensitivity of photoelectro- 
current with illumination. magnetic effect in germanium. 


3.6. Measurement of Surface Recombination Velocity 


At high intensities of illumination eqn. (29) shows that the electric field 
should reach a saturation value which is directly proportional to the surface 
recombination velocity s. The curves of fig. 5 show that such behaviour does 
occur, saturation taking place with about 1022 quanta m~ sec~! or more for the 
high resistivity germanium. For the initial state of the sample (where it was 
etched, but not very thoroughly) the saturation voltage developed on the back 
surface given by fig. 5 is 56 my, corresponding to 3-1vm-!. As the magnetic field 
used was B=0-49, the equation Z,(t)=Bs gives s=6:-4msec}, Measurement 
on the front surface gave £,(0)=1-9v m7! so that from the first equation (29) we 
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again finds~6msec!. ‘The effect of grinding the surface with fine carborundum 
is shown by the upper curve of fig. 5. ‘The saturation photovoltage has risen 
to 0-23 v, corresponding to s=26msec!. The maximum value of s observed 
after various grinding treatments was 33 msec 1. 

These values are in general agreement with those quoted by Shockley (1950) 
as deduced from lifetime measurements on injected carriers. 

This experiment thus provides a particularly simple and direct method of 
measuring the surface recombination velocity. 


Open Circuit Voltage 


Front surface voltage 
Back surface voltage 


Back surface voltage 
after light grinding 


1073 1022 10?! 107° io'9 
Quanta m* sec* 


Fig. 5. Saturation voltages in high resistivity germanium for field B=0-49. 


§4. COMPARISON OF THEORY AND EXPERIMENT 
4.1. Photodiffusion Effect 


For the specimen mentioned in §3.5 theoretical parameters were « =0-2, 
fa) om b—2-1, 1 —0-17 m* vv sec*, 2, =4 x10" m- ?. “Since f=5 X10-* m 
and, 1=10" m2 scart eqn. (11) gives V;,=7my, in fair agreement with the 
experimental value of 5 mv, but, as already remarked, it is likely that results are 
vitiated by the existence of a modulation of the surface potential by the light. 


4.2. Photoelectromagnetic Effect 


For the low resistivity sample m) was 10?'m-* and an intensity of 
7:5 x 107° m~™ sec“! was used ; B =0:°55 weber m-, d~0-02 m; t/I~1-5 and «~1-0. 
Thus formula (12) gives V},=1-4myv on the back surface. The observed value 
on the front surface was 1:44 mv; that on the back surface was not measured but 
would be somewhat higher. 

For the high resistivity sample m was 4x10!%m-*. At an intensity 
of 5x10!®m~* sec! the observed voltage on either surface was 10 mv; 
B=0-49 weber m’?, d~0-02 m, t/J~0-6 and «~1-:0; thus formula (12) gives 
Vy=5 my. Similar results are obtained for other experimental points of fig. 5. 
The agreement is not so good, but probably in these conditions the small signal 
theory is not a good approximation. For the same sample formula (13) gives a 
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short circuit current of (10-°6 7) a in good agreement with the results given in 
fig. 3. 

As experimental conditions are very different from the ideal case considered 
theoretically, deviations from the simple formulae given may be expected, due 
to the breaking down of one or more of the simplifying assumptions. End effects 
are likely to be particularly important. 
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On the Nature of Ferromagnetism in Pyrrhotite 
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Abstract. The g-value of 0-63 for pyrrhotite indicates that there is a large 
contribution to the magnetization from orbital moment. The electron density 
distribution will therefore depend on the direction of magnetization, and the 
intensity of x-ray reflections from a suitable plane might be expected to show a 
detectable dependence on this direction. Inglis showed in 1934 that the g-value 
was consistent with the ‘carrier’ being a d-electron with m=+2, m,=—4. 
On this assumption calculations have been made of the electronic and atomic 
form factors (for one effective d-electron per atom) and of the structure factors 
for reflection on the (110) plane for magnetization normal and parallel to this 
plane. Although the electronic form factor in the first case is nearly twice as 
great as in the second, the final calculated difference in intensity is only about 
0-83%. A long series of careful intensity measurements has been made, using 
ionization chamber methods, and the experimental result for the difference is 
0-30+0-15°%. It is thus shown experimentally that either there is no change in 
charge distribution with direction of magnetization in pyrrhotite, or the change 
is much smaller than that indicated by theoretical calculations for the simplest 
type of model consistent with the experimental g-value. 


§ 1. INTRODUCTION 


HE current theory of ferromagnetism assumes that at temperatures well 

below the Curie point each domain is spontaneously magnetized almost 

to the saturation value, with almost all magnetic carriers oriented in the 
same direction. ‘The nature of the magnetic carriers is not unique. In most 
ferromagnetics, gyromagnetic experiments give for the Lande factor a value g = 2, 
which shows that the crystalline field completely quenches the orbital moments, 
so that only spin moments are spontaneously oriented, thus contributing to 
magnetization. In pyrrhotite (Fe;S,) however, Coeterier (1933, 1935) found a 
value g =0-63 ; this is an indication that in this ferromagnetic the orbital moment 
is not quenched. ‘The observed value (~#) was attributed by him to Fe-atoms 
in aP,), state. On the other hand Inglis (1934) showed that Coeterier’s results 
' could be explained if it is assumed that the magnetic moment of each magnetic 
carrier is due to a single d-electron with a strong spin-orbit antiparallel coupling. 
Whereas without spontaneous magnetization all orientational states of the 
resulting moment j=3/2 are equally populated, in the case of saturation the 
degeneracy is removed and only the lowest state is occupied, corresponding to 
an alignment of all vectors. ‘This can be described as all elementary magnets— 
in this case d-electrons—being oriented in the direction of magnetization. As 
d-electrons have a density distribution that is not spherically symmetrical, the 
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possibility would exist of changing the electronic density distribution in the 
crystal by changing the direction of magnetization. This deduction can, in 
principle, be experimentally verified with x-rays. 

The possibility that change of direction of magnetization might result in a 
change of x-ray reflection intensities must often have been considered, but the 
amount of published work on the subject seems to be very small. Over thirty 
years ago Compton and Rognley (1920) made measurements of the intensity of 


x-rays reflected from a crystal of magnetite in the demagnetized state and when ! 


magnetized to about one third of the saturation value. Within the limits of 


accuracy of the experiments—it was estimated that a difference of about 1% could _ 
have been detected—no change was observed. An interesting discussion is given | 
of the significance of this nul result in the light of the current theoretical outlook — 


(see also Compton 1921). More recently, Stephens (1938) has made measure- 
ments on the effect of change of magnetization on the intensity of x-ray reflection 
from crystals of pyrrhotite, but with no conclusive results. 

Let us consider a pencil of rays falling on a crystal at a suitable Bragg angle. 
The intensity of reflected rays will depend, znter alia, on the atomic form factors 
and thus upon the density distribution. 
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If the density distribution is spherically symmetrical (as is the case with 


atoms with s-symmetry or atoms with d-symmetry but equally distributed over | 


all m-values) the atomic form factor will depend only on the scattering angle and 
will have the values computed by Hartree (1933). In pyrrhotite there is no such 


symmetry and therefore the form factor will not only depend on the scattering » 
angle but will also vary from domain to domain depending on its direction of | 


magnetization. 


If the pyrrhotite is introduced into a saturating magnetic field the form factor | 
will have the same value in all domains and will depend upon the direction of the 
field. The form factor will be largest for a field in a direction bisecting the angle | 
between the primary and the reflected beam, i.e. for a field normal to the reflecting | | 
lattice plane (fig. 1, full lines). This can easily be seen in the simplified case of 
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an electron moving on a circular orbit. Under the field just mentioned, the orbit 
will become parallel to the reflecting lattice plane, and the form factor will have a 
maximum Value equal to unity. Now if the field is turned through 90°, the plane 
of the orbit will become normal to the reflecting lattice plane and the form factor 
will acquire a minimum value. 

Actually, the circular orbits of the classical picture have to be replaced by an 
electronic distribution of 3d symmetry, but as will be shown in §2 the above 
results are still qualitatively valid. 

Changes in the value of the form factor affect the intensity of the reflected 
x-ray beam and in §3 we describe an experimental arrangement suitable for 
investigating this change. In $4 we survey the experimental results and discuss 
the conclusions that can be drawn from them. 

Before proceeding further it should be noted that Inglis’s assumption cannot 
apply to all the iron atoms. ‘The magnetic moment of an atom with /=2 and 
m,=—+is ly. If we assume that all Fe atoms in pyrrhotite have this moment, 
the computed saturation magnetization is three times larger than that observed 
(Weiss and Forrer 1929). It is thus only every third Fe atom to which the above 
can apply, and the rest must be assumed to have no magnetic moment whatever. 

There is another possible way of explaining the observed small value of 
magnetization: pyrrhotite is considered by Néel (1952) to be a ferrimagnetic, 
consisting of two unequal sublattices. ‘The first is normally populated with 
_ Fe atoms whereas in the second many sites for Fe atoms are vacant. The Fe atoms 
are probably in an ionic state (see Hirone and T'suya 1951) corresponding to 
the formula Fe,?*Fe,?*S,. The total magnetization is equal to the difference of 
the magnetization of the two sublattices. The Fe?* and Fe®* ions must have 
such magnetic moments and must be distributed in such a way as to give the 
correct value of magnetization. 


§ 2. COMPUTATION OF THE FoRM FacToR 


The intensity of a beam of x-rays, reflected on lattice plane (hkl) of a crystal, 
depends on the square of the structure factor S which is given by the formula 


S=XF,, exp {t2r(hx + ky + lz)}, 


where F is the atomic form factor of atom x, and x, y, 2 give its position in the 
unit cell. 

It is clear that any change of the values of /—due for example to the 
application of a magnetic field—will result in a change of S and therefore in a 
change in the intensity of the reflected beam. depends on the distribution of 
the electronic density round the nucleus. If we consider the density as a sum 
of terms, each due to a separate electron we may write the atomic form factor as 
a sum of electronic form factors f= &_f, f being given by 

P=lorexp i(4ahiA) sine da tee’ (1) 
where a is the electronic density and h is the distance of the elementary volume dv 
from the reflecting plane. If, for a given electron, o is spherically symmetrical, 
as in the case of an s-electron, the result of the integration will be exclusively a 
function of glancing angle «. If, on the contrary, o is not symmetrical, as in the 
case of a d-electron, it will be given by a product of three functions Rk, ©, ®, and 
the value of f will therefore depend on the orientation of the axis of d-symmetry 
3 E-2 
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relative to the incoming and reflected rays. This question of orientation does not 
affect cases where a shell is full. But also in cases where a shell is not full, distri- 
bution over all states with different m quantum numbers will result in spherical 
symmetry. In this way Hartree has calculated the values of f for different types 
of electrons, and of F for most elements. 

In the case of pyrrhotite in a strong magnetic field the problem acquires a 
different aspect, as in a given domain all magnetic carriers are assumed to have 
the same orientation. If we identify each magnetic carrier with a d-electron, 
all Fe atoms will exist in the state of highest m quantum number (equal to 2). 


The value of f and F will depend now upon the orientation of the field relative~|| 


to the incoming and reflected rays. We shall therefore have to calculate the 1 


values of F from case to case. As the exact density distribution is not known we 
will approximate by making certain simplifying assumptions. The Fe atom is 
considered to consist of a spherically symmetrical core and a single hydrogen-like 
3d electron, that is supposed to be the exclusive carrier of magnetic moment. 
We thus write F=F.o..+fsa- For the core we take the values Fy given by Hartree 
for the Fe atom and subtract the form factor fq, of one spherically symmetrical 
3d electron (i.e. distributed equally upon all m numbers) as given by the same 


Fig. 2. Fig. 3. 


author: Poo. = My —fsa,u- The value of f;4 was calculated from formula (1) by 
using hydrogen-like eigenfunctions (Pauling and Wilson 1935) with n=3, 
l=2, m=2 for the electronic density c. For the effective atomic number Z* we 
subtract from Z=26 the dimensional shielding factor (Pauling and Sherman 
1932) s=16-4 and obtain Z*=9-6, The above eigenfunctions have rotational 
symmetry around a so-called z-axis. ‘The evaluation of integral (1) depends 
upon the orientation of this axis relative to the incoming and outgoing rays. 
We will consider three cases: (a) the applied magnetic field is normal to the 
reflecting plane, (b) it is parallel, and (c) there is no applied magnetic field. In 
cases (a) and (b) the external field must be parallel to the basal plane because 
pyrrhotite displays ferromagnetism only in this plane. 


A preliminary calculation (Alexopoulos 1942) carried out by the same general — 
method, but using a model with a circular orbit instead of hydrogen-like density | 


functions, showed that the lattice plane (110) is the most suitable plane for 
experiments, 1.e. for a given change of F this plane gives the largest change in 


reflected radiation. All subsequent calculations have been carried out for values | 
of sin «/A corresponding to this lattice plane. The directions of the field in relation | 


to the reflecting crystal are shown in fig. 1. 


On the Nature of Ferromagnetism in Pyrrhotite 757 


(a) Field normal to lattice plane (110). In this case the z-axis is normal to 
the reflecting plane (fig. 2) and hence / can be written h=rcos 6. Graphical 
integration (Alexopoulos and Theodossiou 1950) of eqn. (1) using the 
aforementioned hydrogen-like eigenfunctions gives [34 = 0-696. 

(6) Field parallel to lattice plane (110). In fig. 3 the z-axis is drawn parallel 
to lattice plane (110) and normal to the plane defined by the incoming and the 
reflected beams, corresponding to the arrangement chosen in the experiments 
described below. In this case we get h=rsin@sin¢d and the graphical 
integration gives f;,=0-371. 

(c) Without external field. Pyrrhotite is an Anima crystal of the hexagonal 
system and shows ferromagnetism only in the basal plane. In this plane three 
directions («, 8, y) of easiest magnetization have been observed, at angular 
intervals of 60°. We assume that in each domain the magnetization and therefore 
the z-axis coincides with one of these directions. It further remains to relate these 
to the three crystallographic axes (1, 2, 3). This has not been done by the 
investigators of the magnetic qualities of pyrrhotite but for reasons of symmetry 
it is plausible to assume that in hexagonal crystals we will find one of the two 
following cases: the z-axis either coincides with (case 1), or is exactly normal 
to (case 2) the crystallographic axes 1, 2 and 3 (fig. 4). The pyrrhotite crystal 
consists of three kinds of domains «, 8, y equally distributed relatively to the three 
crystallographic axes 1, 2,3. ‘The electronic form factor f,4 will thus be the mean 
of three values f,, f; and f,, each of which belongs to one kind of domain. 


| 
i 
(110) 
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Case 1. According to fig. 4(a), in domains with « and f orientation the 
g-axis forms an angle 4=60° with the normal to plane (110). As follows from 
fig. 5, h=rsin @sin ¢ sinys+rcos 6 cos. ‘The integration gives f,=/;=0-365. 
The domains of y-orientation are normal to piane (110) and thus give a value 
f, =0-696, which has already been calculated for case (a). ‘he mean of the three 
values is f3g=0-475. 

Case 2. Domains of « and f orientation (see fig. 4 (6)) form an angle y =30° 
with the normal to plane (110). Using the same formulae as above we get 
fu=fp= 0-588. The domains of y-orientation are parallel to plane (110), and 
thus give f=0-371 (case (5)). 


Fig. 4. 
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The mean of the three values is fy, =0°516. In the following table all results 
are collected. We notice that the largest difference in intensity occurs between | 
cases (a) and (b). It is thus established that the best way to observe changes in 
the intensity of x-rays reflected on plane (110), is to apply a magnetic field and to 
bring it first perpendicular to (110) and then parallel to it. The calculated change | 
of S? amounts to 2:5%,. | 


fra ie S° 

(a) Field perpendicular 0-696 16:66 2653 
(6) Field parallel 0-371 16-33 2587 
(c) No field case 1 0-475 16-43 2608 
case 2 0-516 16-48 2616 

(d) Case of spherical symmetry (Hartree) 0-44 16-40 2601 


In this table we have also included case (d), which refers to the case of — 
spherically symmetrical Fe atoms. The values fgg=0:-44 and #=16-40 are 
computed from Hartree’s (1933) tables. This case would correspond to a 
paramagnetic pyrrhotite crystal. 


Big yo: 


§ 3. EXPERIMENTAL 


A single crystal of plate habitus was polished along a (110) cleavage plane. 
A beam of Cu x-rays was reflected from this face and was then measured in an 
ionization chamber connected to a bridge of electrometer triodes. An electro- 
magnet producing a field of 7500 gauss could be swung into the two positions 
indicated in fig. 1. In the first position the field was perpendicular to plane (110). 
In the second it was parallel to this plane while being at the same time 
perpendicular to the plane of the incoming and reflected beams. The experi-. 
mental arrangement has been described in detail by Theodossiou (1950). 

As the changes in intensity were found to be very small, several precautions || 
had to be taken in order to avoid systematic errors. Radiation scattered into the | 
ionization chamber from surrounding air depends on screening by the mass of ’ 
the magnet and therefore on its position; for this reason every measurement had | 
to be compared with another with the magnet in the same position but without | 
an exciting current. Hysteresis effects were eliminated after each measurement | 
by a small demagnetizing coil. A strong alternating current producing a field | 
of 90 gauss—equal to the coercive field—was passed through the coil for a very 
short time and then was gradually decreased. The tension and current of the } 
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x-ray tube was held as constant as possible; also the effect of the stray magnetic 
field was eliminated. In this way the mean error of each measurement was 
approximately 1%. A long series of alternate measurements gave the result 
that the intensity in case (a) was larger than that in case (b) by AJ =0-3% +0:15%. 


§ 4. DiscussION OF THE RESULTS 


In §2 we calculated the change of intensity of an x-ray beam reflected on a 
(110) plane of pyrrhotite when the direction of the magnetic field is changed. 
This calculation was based on the assumption that in all Fe atoms a single 
3d electron is oriented under the influence of the external field. The change 
should amount to 25%. This also holds if pyrrhotite is regarded as a ferri- 
magnetic (i.e. as consisting of two sublattices with antiparallel moments) as the 
density distribution of a 3d electron undergoes no change if the axis is turned 
through 180°. If on the other hand we assume that pyrrhotite is a ferromagnetic 
in which only every third Fe atom has a magnetic moment (§ 1) the value 2:5°% 
diminishes to 0-83 °%. 

As described in §3 the effect of an external magnetic field was found to be 
0-3%,; the statistical error was +0-15%.. The error is of the same order of 
magnitude as the measured quantity so that the existence of an effect is 
questionable. ‘The effect could be further influenced by extinction. Magneto- 
striction can produce changes in extinction that could either enhance or lessen 
the intensity of the reflected x-rays. 

If an effect exists, this could be accepted as a sign that the orbital moments 
are not quenched. The difference between the observed value and the computed, 
2:5°,, can be due to an insufhcient approximation of the hydrogen-like wave 
functions used. If on the other hand there is no effect, we must assume that the 
crystalline field acting on the Fe atoms is large, so that the magnetic field only 
re-distributes the electrons between states of clockwise and counter clockwise 
rotation. ‘The co-existence of a strong crystalline field and a strong spin-orbit 
‘coupling can account for the observed anisotropy in the magnetic qualities of 
pyrrhotite (Brooks 1940). 
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Abstract. Measurements of the velocity of sound in tubes have been made in 
air over a range of pressures extending down to 5 mm Hg at frequencies of 
250 c/s and 1000 c/s. ‘The method employed was to measure the time of transit 
of a sinusoidal pulse between two condenser microphones separated by a distance _ 
of approximately 4 metres. After tube and gas corrections were made it was _ 
found that the velocity was independent of pressure between 760 mm Hg and 
5mm Hg. The mean velocity at 20°c obtained is 343-40 + 0-02 m sec? which is 
in good agreement with the generally accepted value 343-42+0-07 msec? 
obtained by Hardy et al. for dry air free from carbon dioxide. No evidence was 
found of the increase in velocity at low pressures observed by Abbey and Barlow 
and by Maulard. 


§ 1. INTRODUCTION 


OME recent measurements of the velocity of sound in tubes, made 
S throughout a range of pressures lower than atmospheric, have indicated 

that, while the velocity is independent of pressure down to pressures in 
the neighbourhood of 15 cm Hg, a significant increase in velocity occurs as the 
pressure is further diminished. In each case the measurements were made in 
metal tubes with audio-frequency sound. For example, in the case of Abbey 
and Barlow (1948) an increase in the tube velocity of 3-5 m sec! was observed 
when the pressure was reduced from 15 cm Hg to 0-5 cm Hg, while Maulard 
(1949) reported a 4% increase for the pressure range 15 cm Hg to 4cm Hg. 
Since the total theoretical tube correction leads to decreasing velocities as the 
pressure is reduced, these results can only be explained if there is an increase | 
in the free space velocity at low pressures. Maulard made measurements with 
different sound intensities and showed that the velocity increase was not due to 
high signal amplitudes. 

Since no acceptable explanation of these observations could be found and | 
since their validity is of meteorological significance, we have made a new 
determination of the velocity in air in a range of pressures extending from | 
760 mm Hg to 5mm Hg. The method employed was to measure the time of ’ 
transit of a sinusoidal pulse between two condenser microphones separated by a | 
distance of approximately 4 metres. It was designed to differ significantly from |} 
the methods used by Abbey and Barlow and by Maulard, and possessed greater > 
precision. 


§ 2. EXPERIMENTAL METHOD | 


The microphones were mounted in the wall of a tube in the ends of which} 
were 6-inch moving-coil loudspeakers specially constructed to operate at low / 
pressures. ‘lhe loudspeakers were rubber mounted and tests made with the 4 

| 
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gas at a pressure of 10-°> mm Hg showed that transmission along the metal walt 
of the tube was less than the microphone noise level. A pulsed sine wave was 
transmitted first by one loudspeaker and then by the other, the two transit times 
being averaged to give the true time of travel between the microphones, free of 
errors due to delays in the microphone circuits. 

Figure 1 shows a block diagram of the whole apparatus. Consider first the 
production of the pulsed sine wave for the speakers. In the timing unit either 
a 250 c/s or 1000 c/s sine wave is produced and this is locked to a 1000 c/s standard 
frequency signal which is constant to 1 part in 106. The 250 c/s (or 1000 c/s) 
sine wave is passed both to the speaker gate and to the pulser, the latter producing 
one pulse for each cycle of the applied signals. The output from the pulser passes 
to a circuit which selects one single pulse whenever a firing pulse is sent to it. 


1000~ 
P.M.G. Standard 


(l0kc/s +1kc/s) Timing Signal 
Unit & ] 
<- 250 or 


NASA 
Pulse 
Pulser >— Selector 


Firing Pulse 


Sound Tube 
[E—Mic2 Mic. 


, | Double Beam 
JOscillograph 


Speaker 2 


Fig. 1. Block diagram of apparatus. 


Normally the firing pulse is produced by a push button but for testing a 10 c/s 
multivibrator is used. ‘The pulse selector sends one single pulse, accurately 
phased with the 250 c/s (or 1000 c/s) sine wave, to the speaker gate and the 
phasing is adjusted so that the gate opens at the moment the sine wave has zero. 
amplitude. ‘The speaker gate, opened by the selected pulse, closes automatically 
after the desired number of sine wave cycles has passed. For 1000 c/s operation 
a train of 17 cycles was used, while for 250 c/s operation five cycles were 
transmitted. 

The output from the speaker gate is connected to either speaker 1 or speaker 2, 
and the signal propagated down the tube is detected in turn by the two micro- 
phones. ‘These are located three metres from the speakers so that the pulse 
reflected from the far end does not arrive back at either microphone until the 
whole of the forward moving pulse has passed. 

The microphones which had diaphragms of 1:5 cm diameter, were designed 
for a sensitivity of 5 millivolt per microbar. he signals produced in them are 
amplified first by head amplifiers and then by a tuned amplifier with a QO of 5. 
This improves the signal-to-noise ratio for observations at low pressures. ‘The use 
of tuned circuits has two objections. It is very easy to produce a phase shift 
through the amplifier, and the output signal does not rise to full amplitude 
instantaneously. ‘The first defect is eliminated by making measurements of the 
transit times between the microphones with pulses travelling alternately in each 
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direction. The second objection is overcome by measuring at the tenth cycle of 
the sine wave pulse for 1000 c/s operation and the fourth for 250 c/s operation. 
At these points the effects of transients have vanished. 

The outputs of the microphone amplifiers pass through gates and are both 
applied to the Y, deflector plates of a double beam oscillograph. ‘The gates are 
arranged so that gate 1 is open (that is passing signals) and gate 2 closed when 
microphone 1 is receiving a signal and conversely when microphone 2 is operating. 
Thus the signal presented at the Y, plates consist of both microphone signals 
one after the other. Suppose speaker 1 is transmitting so that microphone 1 
receives the first signal. The resulting signal at the Y, plates is as shown in 
fig. 2(a). It will be noted that the output from gate 2 is at a lower mean level 
than from gate 1. If the sound signal is being transmitted from speaker 2, 
microphone 2 receives the first signal and the gate timing is reversed to give the 
result shown in fig. 2 (0). 


Signal from Gate | 


Signai from Gate 2 
Va ae le ava 
(h 


A VV 


Signal from Gate | 


Signal from Gate 2 
Fig. 2. Output from microphone gate. Fig. 3. Cathode-ray tube display. 


The timing unit, in addition to the 250 or 1000 c/s sine wave described above, 
also produces a 10 kc/s signal mixed with a 1 kc/s signal for use as a time marker 
system. ‘The 10 kc/s signal is locked to the standard 1000 c/s input and can 
consequently be treated as a standard. The 1 ke/s signal is in the form of a pulse 
which marks each tenth cycle of the 10 kc/s signal to aid in the counting of cycles. 
This timing waveform is applied to the Y, plates of the cathode-ray tube and it is 
arranged that the signal is displaced vertically at the same instant and in the same 
direction as the displacement of the microphone signals. In consequence, if a 
conventional time base was employed, the two traces would appear parallel and 
the time interval between say the tenth cycle at microphone 1 and the 
corresponding cycle at microphone 2 could be estimated by counting the number 
of 1 kc/s markers and the number and fraction of 10 ke/s sine waves between 
the two microphone signals. 

Such a method would not be very precise since the time base would need to 
be at least as long as the transit time between microphones. Because of this, 
only rough time measurements are made this way (to the nearest millisecond) 
and accurate measurements are made with a highly expanded time base (writing 
speed 8cmmsec'). This time base is fired twice, once just before the peak of 
the cycle to be measured arrives at the microphone receiving the signal first, and 
the other just before the corresponding peak arrives at the other microphone. 
Because of the vertical displacement of the two microphone signals and the 
corresponding change of level of the timing signal, four traces are displayed on the 
screen as is shown in fig. 3. The signal from microphone 1 is always on the top 
of the pair of Y, traces and that from microphone 2 on the bottom. Thus if 
speaker 1 is transmitting, the top trace is produced first but if speaker 2 is 
transmitting, the lower trace is the earlier. 
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The two time-base sweeps are generated by a single time-base circuit 
receiving two trigger pulses from delays 1 and 2 (see fig. 1). Both delays receive 
their input from the pulse selector and they are adjusted so that the two time-bases 
start just before the peaks of the microphone signals to be measured. The pulse 
from delay 2, that is the later pulse, is also used to control the switching of the 
microphone gates. 

The transit time of the signal between the microphones is measured by 
photographing the cathode-ray tube display. ‘The number of milliseconds between 
the 1 kc/s timing markers after the first microphone signal and before the second 
is known from measurements with a single low-expansion time-base. The 
number of *+-milliseconds is found by counting the 10 kc/s cycles forward to the 
marker from the first signal and back to the marker from the second. By 
estimating the residual fractions of a 10 kc/s cycle with the aid of a travelling 
microscope, the time interval can be measured to slightly better than 1 psec for 
a 1000 c/s sound signal and to better than 4 psec for a 250 c/s signal. The 
decrease in accuracy in the latter case is due to the difficulty in estimating the 
turning point of the ‘wider’ microphone signals. 

Two different tubes were used, one a bright steel tube of 5-07 cm diameter 
which was used for the 1000 c/s experiments, and the other a tin-dipped steel 
tube of 19-05 cm diameter which was used for the 250 c/s measurements. These 
dimensions satisfy the condition indicated by Rayleigh (1894) as necessary for 
the establishment of plane waves in a tube. The distances between the micro- 
phones were 399-804 + 0-006 cm for the 1000 c/s experiment and 395-68 + 0-10 cm 
for the 250 c/s experiment. The same microphones were used with both tubes. 
For the narrower tube the microphones were mounted outside the tube wall and 
acoustically coupled to the gas by a 41n. hole through the tube wall. For the 
large tube, the microphones were mounted with their diaphragms flush with the 
inner tube wall. 

The tube was pumped overnight at a pressure of 10-° mm Hg and filled with 
dry air, free from carbon dioxide. ‘The leak rate was such that during the course 
of an experiment the increment of pressure was never greater than 0-02°%. Since 
most of the leak would be air, the resultant impurity of the air in the tube must 
have been very much less than 0-02°%. 

The air pressure in the tube was measured with a U-tube manometer down 
to 5 cm Hg and with a McLeod gauge from there downwards. An accuracy to 
about 1°% was maintained in all pressure measurements. ‘The gas temperature 
was measured with two 4-degree mercury thermometers inserted through O ring 
seals near the ends of the main tube. Corrections were made for the effect of 
pressure variations on the thermometer bulbs. A third thermometer measured 
the tube wall temperature near the centre of the tube. ‘lhe temperature 
measurements were accurate to 0-02°c. For the 1000 c/s experiment, the range 
of temperatures in which measurements were made was 20-7°c to 23-1°c while 
for the 250 c/s experiment it was 21-6°c to 25-5°c. All velocities were corrected 
to 20°C. 


§ 3. CORRECTIONS 


The corrections appropriate to velocity measurements in tubes have been 
considered in detail by Henry (1931). ‘The velocities observed were corrected 
first to 20°c, then for variations of gas imperfection with pressure, attenuation 
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and wall flexure. The velocities after correction were plotted against the 


reciprocals of the square roots of the pressures, since the form of the Helmholtz— _ | 


Kirchhoff (1868) equation for the velocity of sound in a tube predicts a linear 
relation between these quantities. 


Temperature Correction 
Besides the gas density correction, allowance was made for the expansion 
of the steel tube. The latter was included in the reduction of the data although 
this correction lies just outside the final estimate of precision. 
293-16 its 


where V’, is the measured velocity at 6°c and « is the coefficient of expansion of 
steel. 

A small correction was made at this stage for the temperature variable 
quantities in the Helmholtz—Kirchhoff equation. According to this, the velocity 
of sound Vp in a tube of radius R is given by 


Vp =V(1— By/2R(an)* 


where By = (n/p)? + (y— DLR/yeCy 
or using Eucken’s (1913) well-known relation k=7C,(9y —5)/4 


By = (n/p)"?{1 + oy — I)LOy — 5)/y]**}- 
Here x is the frequency of the sound and V the velocity for free space; 7 is the 
viscosity, p the density, and y the ratio of specific heats C,/C, of the gas. The 
correction for the variation of the viscosity of air with temperature was made 
with the aid of Sutherland’s (1893) formula. The temperature correction to R is 
negligible. 
Gas Imperfection Correction 

This correction has been discussed at length by Hardy, Telfair and 
Pielemeier (1942). To the precision of the present measurements the correction 
for gas imperfection can be made by multiplying the velocity measured at a 
pressure p by [1+3-8 x 10-7(760—p)] where p is measured in mm Hg. The 
numerical factor was derived for 20°c from the coefficients of the virial used by 
Hardy et al. 

Attenuation 

On the basis of equation (40) in the paper by Henry, the correction for 
attenuation appropriate to the present measurements is given by the multiplying 
factor {1+ 4[(V/x7n) In A]?} where x is the distance between the microphones 
and A is the attenuation measured by a,/a, where these are the amplitudes at the 
first and second microphones respectively. Experimental values for the 
attenuation are: A=1+16p-83 (1000 c/s) 


A=1+0-76p-%68 (250 c/s). 


Wall Flexure 
The effect of the yielding of the wall of the tube has been considered by 
Lamb (1925). He finds that, 
velocity in actual tube 


‘velocity in rigid tube =1—(ypR/Et) 
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where EF is Young’s modulus for the material of the tube, and ¢ the wall thickness, 
0-32 cm and 0-63 cm for the narrow and wide tube respectively. In the present 
experiment, ypR/Et is given by 1-49 x 10-8 p for the wide tube and 7:55 x 10-° p 
for the narrow tube, where p is in mm Hg. 


Accommodation Coefficient Correction 


Figure 4 shows corrected values of Vp at 20°c plotted against the reciprocals 
of the square roots of the pressures for each frequency. A least-squares fit was 
made for the velocity V7 in the tube as a function of the pressure p. In the case of 
1000 c/s for example, 


Vi =(343-39 + 0-04) — (17-2 + 0-45) p-1? + (3:34 40-97)p-? ...... (1) 
where V7 is measured in m sec“! and p in mm Hg. 
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Fig. 4. Tube velocity as a function of pressure. 


The slight departures from linearity observed at the lowest pressures in this, 
and also the 250 c/s experiment, can be accounted for completely by the 
accommodation coefficient correction derived by Henry. 

Kirchhoff’s equation modified to correct for slip between the gas and wall of 
the tube may be written 


Vr=V{1—(B, + Bo)/2R(an)!?]. 


_ __ 7(2/f—1)[2n/pP? 
p*[1 + n(2/f—1)(2nq/p)""| 


where f is the accommodation coefficient. 

Since p is proportional to the pressure, £, is in the main inversely proportional 
to p. The bracket in the denominator is approximately unity. 

The coefficient of p-1 in eqn. (1) leads to a value of f=0-347*()4. This value 
of f is consistent with the data for the 250 c/s experiments, but the accuracy of 
these was insufficient to warrant a separate derivation of f for the wide tube. 
The value of f is not inconsistent with values generally observed for surfaces 
carrying an adsorbed layer of gas. 


Here 
By = 
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§ 4. RESULTS 


The measured tube velocities corrected to 20°c, together with the relevant 


separate corrections, are set out in table 1 (1000 c/s) and table 2 (250 c/s).’ In the | 


Table 1. 1000 c/s Results 


? Vp (20°) A B c D E V (20°) 
768. .°  .342-80-  —0-001 0 0-002 0-621 —0-004 343-42 
760 342-84 0 0 0-002 0-624 —0:004 343-46 
624 342-76  +0-018 0 0-002 0688 —0-005 343-46 
401 342-58 0-047 0 0-001 0-859  —0-008 343-48 
331 342-40 0-056 0 0-001 0-846  —0-010 343-29 
279 342-26 0-062 0-001 0-001 1-031 —0-012 343-34 
199 342-10 0-073 0-001 0 1220. 0016, 77) 34338 
156 341-94 0-078 0-002 0 1379 . —0-02t 343-38 
139 341-86 0-081 0-002 0 1459. --.~<0°024 “343.38 
122 341-64 0-083 0-002 0 1557 » .—0-026 © 343-26 
100-5 341-52 0-084 0-003 0 (-716°  =00322= 34390 

83-7 341-40 0-088 0-004 0 1879 0-039 343-33 

76-0 341-31 0-089 0-004 0 1-975 =0-043 34334 

69:3 341-22 0-089 0-005 0 2074. .— 0-047 | 34g 

59-2 341-11 0-090 0-006 0 2-235 «= =-0-054. > age 

51-1 341-02 G30920" 0-007 0 2-408 —0:063 ~~ 343-46 

50-6 340-88 0-092 0-007 0 2-420 —0-064 ~— 343-34 

44-0 340-75 0-093 0-009 0 2597. 0-074 =3aaney 

39-5 340-66 0-094 0-010 0 2-739 > =0-082 ~ 345ee2 

36-8 340-58 0-094 0-011 0 2836  —0-086 343-44 

34.3 340-41 0-094 0-012 0 2-941 —0-094 343-36 

31-6 340-33 0-094 0-013 0 3-061 —0-101° 343-40 

28-1 340-07 0-095 0-015 0 3-244  =@e113. 343e89 

26°8 340-03 0-095 0-016 0 3:33 —0119 —~343-35 

24-7 339-94 _ 0-095 0-018 0 3-459 0-128 343:38 

20-8 339-74 0-096 0-022 0 3:770- -—0-152) 34948 

16-8 339-39 0-096 0-028 0 4-200 —0-187 343-53 

14-9 339-09 0-096 0-031 0 4-462  —0-210 343-47 

12:5 338-74 0-096 0-037 0 4-877 0-250 _34gese 

10-9 338-42 0-096 0-042 0 5-224 —0:286 343-50 

Cie citi: 0-097 0-047 0 5486 | 09314 5 343247 
8-68 337-88 0-097 0-054 0 5-840 —0-354- 343-52 
Sin “1 337-28 0-097. 0-057 0 6157. > 1-0-3040 © B48 
6-88 337-06 0-097 0-064 0 6562 —0-443 343-34 
6-15 336-67 0-097. 0-071 0 6-938  —0-401 343-29 
5:39 336-45 0-097 0-080 0 7412 — 'So:5S7-" aaa 
4-80 336-15 0-097 0-087 0 7-854 - —0-623 343-57 


Mean / =343-40+ 0-01. 
For explanation of column headings see text. 


tables the pressure p is in mm Hg, the sound velocities and corrections are in 
msec’. Column A gives the correction for gas imperfection, column B the 
correction for attenuation, and column C the correction for wall flexure. 
Column D gives the tube correction derived from the coefficient K of p-¥? 
obtained in the least squares analysis: see eqn. (1). ‘The experimental value of 
p'?B, is given by 2RK(mn)!?/V, where V is the intercept on the velocity axis. 
The experimental values of p'8, derived from. this expression are 14-23 + 0-37 
(1000 c/s), 14°7+2-7 (250 c/s). The theoretical value of p'?8, is given by 


(nPolpo)t? {1 + 3(y — DL(9y —5)/y]*?} 
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where py = 760 mm Hg, pp = 1:2044 x 10-8 g cm”? (the density of air at 760 mm Hg 
and 20°c), »=1-815 x 10-4 poise. The theoretical value of pf, is 15-69. At 
760 mm Hg and 20°c 8, =0-565. 

The experimental values of 8, are thus (90-7 +2-7)% and (93:-5+17)% 
respectively of the theoretical value. These values are in accord with those 
found by Kaye and Sherratt (1933) and Norton (1935) at atmospheric pressure. 

Column E gives the correction for gas slip at the tube wall derived from the 
coefficient of p~! in egn. (1). 


Table 2. 250 c/s Results 


Pp Vp (20°) A B Cc D i) V (20°) 
720 343-05 0-005 0 0-004 0-353 —0-001 SG) Gil 
305 342°85 0:059 0 0-002 0:541 —0-003 Sin) a3) 
sep, 342 :56 0-077 0 0-001 0-721 = 02005 S34 3535 
100 342-48 0-086 0 0 0-945 —0-008 S430 

5759 341-94. 0-091 0 0 1-240 —0-015 343-26 

44:0 341-99 0-092 0 0 aS —0-020 S4St4> 

Si-3 341-64 0-094 0-003 ) 1-689 —0-028 343-40 

26-2 341-38 0-095 0-004 0 1-851 bar 0:083 343-30 

18-9 341-37 0:096 0-005 0 2-176 —0-046  . 343-60 

15-9 340-98 0-096 0-006 0 233 —0:054 343-40 

14-0 340°57 0-096 0-008 0 Deh —0-061 343-14 

10-9 340-46 0-097 0-012 0 2:867 — 0-079 SEND 

8-92 340°18 0-097 0-013 0 2°163 = 0-095 343 -36 
fe39 340-06 0-097 0-017 0 3-476 O14: 343-54 
6:21 339°68 0-097 0-021 0 32791 SHOES 343-45 
5°30 339-29 0-097 0-026 0 4-104 —Oild8 343-36 
4-75 339-27, 0:097 0-029 0 Ge 3a —-0=1 76 343552 


Mean V=343-41+ 0-03. 


For explanation of column headings see text. 


The last column gives the free space velocities at 20°c for different pressures. 
These are the sums of V,(20°) and the corrections A to E. It will be seen that 
over the range of pressures (20°) is constant to better than 1 part in 10000 for 
both frequencies. The weighted mean velocity at 20°c from both experiments is 
343-40 + 0-02 m sect, which is in good agreement with the generally accepted 
value 343-42 + 0-07 msec! (Hardy et al. 1942) for dry air, free from carbon dioxide. 


§ 5, Discussion 


The experiments at both frequencies are not only consistent within themselves 
but also yield values of the free space velocity which are mutually consistent. 
It was pointed out earlier, however, that in both series of measurements the 
experimental value of the coefficient 6, in the Helmholtz—Kirchhoff expression 
was nearly 10°, less than the theoretical value. It might be argued that the 
present experiments represent evidence that the free space velocity increases as 
the pressure decreases by an amount which is nearly 10% of the corrections 
shown incolumn D. Such an effect, even if it were true, is of a different order of 
magnitude from the observations of Abbey and Barlow and of Maulard. In the 
experiments of the former the tube velocity itself increased from 342-9 m sec“! at 
15 cm Hg to 346 msec! at 0-5 cm Hg. This corresponds to an increase in the 
free space velocity of 8-6 m sec“, ten times the increment which our measurements 
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would show if the whole Helmholtz—Kirchhoff correction is applied. The 
difference is much greater for Maulard’s results. 

In fact there is good evidence in the earlier experiments of Kaye and Sherratt 
(1933), Norton (1935) and Lawley (1952) to support our observation that the 
theoretical coefficient f, is nearly 10°, too great. Kaye and Sherratt found for 
smooth tubes of glass and copper of several diameters and for frequencies ranging 
from 790-8 c/s to 7908 c/s that the coefficient 8, for air at atmospheric pressure 
was 91°, of the theoretical value. Norton used Bakelite tubes from 3 in. down to 
3 in. and frequencies from approximately 10 to 80 kc/s, and found an experi- 
mental value of 8, which was 87°% of the theoretical value given by Kirchhoff. 
The experimental coefficient in our experiment was (90-7 + 2-3)% at 1000 c/s, 
and (93-5 +17)% at 250 c/s, of the theoretical value. In view of the satisfactory 
agreement between values of 8, obtained under widely differing experimental 
conditions we feel justified in applying the modified correction through the 
range of pressures in our experiment. The theoretical expression for 6, contains 
the thermal conductivity of the gas as well as the coefficient of viscosity. It has 
become customary to use Eucken’s relationk =7C,(9y —5)/4 to obtain an expression 
for 8, which contains explicitly only the kinematic viscosity and y, the ratio of 
the specific heats. If we use the well-known relation of kinetic theory relating 
thermal conductivity to viscosity, k=e«nC,, experiment (Kannuluik and Carman 
1951) gives 1-96 for « at 20°c, while Eucken’s expression gives 1:90. This has 
the effect of making our values of 8, 0-5°% too low, but since there is some 
uncertainty in the last figure for « and since this uncertainty in the tube correction 
lies outside our experimental error, we have used a value of f, resulting from 
Eucken’s formula for the corrections in column D. 

These experiments give no support for the observations of Abbey and Barlow 
and of Maulard. Within the limits of the accuracy of our measurements, the 
velocity of sound in free space is independent of the pressure down to 5 mm Hg. 
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Experiments on the Propagation of Plane Sound Waves in Tubes 


I: The Adiabatic Region 
ByaD: E.-WES CON? 
II: The Transition Region 


By D. E. ‘WESTON* anp I, D. CAMPBELET 
Physics Department, Imperial College, London 


Communicated by R. W. B. Stephens; MS. received 26th March 1953 


Abstract. I. An experimental investigation using an acoustic interferometer 
with a magnetostriction source is described. Results on attenuation and velocity 
in tubes of radius 0-013 cm and upwards, from 10 to 20kc/s, and for a variety of 
tube materials and gases are given. These confirm modified Kirchhoft’s formulae. 

II. The velocity and attenuation of plane sound waves in tubes of radius _ 
0-02cm have been measured in the transition region between adiabatic and 
isothermal flow. 


ly PA EPA DIA BATICeREGTLOWN 


§ 1. INTRODUCTION 
A“ from its intrinsic interest a knowledge of the attenuation and velocity 


of sound is useful in many problems. In measuring the ratio of the 

specific heats of gases by the velocity of sound method it is necessary 
to calculate the velocity in a ‘free’ from that in a ‘confined’ gaseous medium. 
Tube attenuation is important in impedance tube measurements, instrument 
lines and porous absorbing media. From the time of Chladni there have been 
many measurements of sound velocity in tubes, and there has been much work 
on attenuation since that of Regnault (1868). Most of the measurements fall 
in the ‘wide’ tube region, but a few extend into the ‘narrow’ tube (see fig. 1 of 
Weston (1953), to be referred to as I). Earlier work mainly clashed with 
Kirchhoft’s formulae, so that their validity was much questioned, but modern 
experiments tend to support them. 

One object of the present work was to resolve the extraordinary controversy 
regarding Kirchhoft’s formula. ‘The predicted effects were therefore measured 
where they should be large, i.e. for ‘wide’ tubes which were however fairly small 
in bore. 

§ 2. "THE APPARATUS 


When measuring the velocity and absorption in a very small bore tube the 
sound detector can be placed only at the ends. One convenient method, used in 
the research to be described, is to make the sound source its own detector. 
Pierce (1925) used this idea of the reaction on the source in the apparatus which 
Crandall named an acoustic interferometer. Norton (1935), May (1938, 1947), 
Drummond (1946) and Lawley (1952) have investigated the propagation of sound 
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in small tubes using a magnetostriction source, in most cases a small monel 
needle for frequencies of the order of 100kc/s. 

In the author’s ultrasonic interferometer high-O monel rods of 0-6cm 
diameter were used, these being held horizontally and clamped in a rubber washer 
atthe centre. ‘T'wo coils on bobbins were fitted on either side, shielded from one 
another by mumetal (see Knight (1950) for a full description). 

The length of air column in the tube could be varied in two ways, by the 
withdrawal of a closely fitting piston of soft metal along the tube, or by moving 
a mercury thread in the tube. This air column in the experimental tube could 
be coupled to the source in two ways, by placing the tube in close proximity to 
the plane end of the oscillating rod, or by connecting through a half-wavelength 
brass tube of greater diameter, which acts as an acoustic transformer and increases 
the coupling to the experimental tube. 

The analysis of the pressures in the tube and the reaction of the source has 
been undertaken by many writers, beginning with Hubbard (1931) and Hersh- 
berger (1931). Conditions in a small bore tube are in some respects simpler 
than those in a larger interferometer, i.e. there is no possibility of higher order 
acoustic modes being propagated, and the reflection surface is comparatively 
unimportant. 

Making simple assumptions about the transmission and reflection coefficients 
for the point where the experimental and coupling tubes meet, it may be shown 
that the acoustic transformer ratio is equal to the ratio of the cross-sectional 
areas of these two tubes. ‘Thus the sensitivity should be multipled by the 
(area ratio)’, but in practice this comes nowhere near realization because the 
transformer is inefficient and introduces extra losses. 

A self-excited electromechanical system was used, with the driving force on 
the rod held constant, and the velocity amplitude as the measured variable. 
The rod and tube system was placed in an aluminium box, and the temperature 
thermostatically controlled, since monel metal has a particularly low Curie 
point (Cook 1950). The system was almost airtight, so that slow streams of 
different gases could be passed into the apparatus, after drying and purification. 


§ 3. PROCEDURE 


After the conditions inside the box had become stable the reflector was 
slowly withdrawn. ‘The attenuation was calculated from the equation, initially 
derived empirically by Pielemeier (1929): 

ee In 10 dlog AI 
r anne 


Here n is the number of the resonance, and AJ is the difference between a current 
minimum and the mean of the two neighbouring maxima. 

The theory of the interferometer indicates that this equation is only valid for 
the larger values of m, and the first few readings of AZ were therefore ignored; 
and it may also be shown that for moderately high attenuations there is some 
advantage in using the definition of AJ given above. It was also necessary to 
satisfy the condition that the current measured be a linear function of the out of- 
phase component of the excess gas pressure at the rod face. Hardy (1943) 
considers these two points, but his experimental proof of the high value of m’ 
resulting from a violation of the second condition is open to doubt. With this 
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method a knowledge of the absolute value of the current is unnecessary, and it also. 
allows automatically for a slow and steady current drift. The attenuation in 
air could usually be determined to within + 1°%, the mean of several values being 
taken. ‘The wavelength error varied from +0-03°% to +0-5% in the smallest 
tube, the latter using a mercury thread as reflector. 

An alternative method of finding m’ is to measure the peak widths of the 
current—distance curve as the reflector is moved slowly along. It is more 
laborious and less accurate, but gives in addition a value for the product of the 
reflection coefficients at source and piston. In a particular case the two tech- 
niques gave the same value for m’, and the product above was 0-75. 


§ 4. RESULTS 


All the results quoted are corrected to 20°c and 76cmHg. Preliminary 
measurements showed that the attenuation was not altered by varying the 
intensity through a 25: 1 range, nor by the use of an imperfect reflector (reflection 
coefficient about 0-1). For a radius of 0-1cm and a frequency of 10kc/s no 
difference could be detected between the absorptions for dry and saturated air. 
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Fig. 1. Theoretical and measured attenuations in glass and cupro-nickel tubes. 


Most measurements were made in air using Veridia precision bore glass 
tubing, which appeared to be better than +0-0005cm in radius. Velocity and 
absorption measurements were made between 10 and 20kc/s. Figure 1 shows 
the attenuations for a range of tube radii at the two extreme frequencies, which 
are compared with the theoretical curves calculated from eqn. (45) of I. The 
velocity measurements at 20kc/s only have been chosen as a typical set. In 
table 1 the experimental figures for the velocity reduction (assuming a velocity 
in unconfined air 34 340 cm sec!) are compared with the theoretical values found 
from eqn. (44) of I. 

.~ Measurements were made for cupro-nickel tubes (fig. 1), and also with other 
tube materials, i.e. glass, stainless steel, and copper; some of these are fully re- 
ported by Weston (1950). All showed good agreement of experiment with 
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theory as regards both velocity and absorption, except where tube imperfections 
were known to exist. Measurements for a number of gases in Veridia glass tubes 
were made at 20kc/s, and the results for a tube radius 0-0498 cm are compared 
with theory in table 2. 


§ 5. Discussion OF RESULTS 


Attenuation and velocity measurements have been made in the region where 
the acoustic boundary layer is becoming comparable with the tube radius, and 
the results are in fair agreement with the modified Kirchhoff’s formulae. Any 
large discrepancies could be traced to imperfections in the tube wall. Other 
factors affecting the validity of Kirchhoff’s formulae (listed in I) may be shown to 
be negligible in this research—e.g. tube wall yielding is negligible—and even 
for the most unfavourable case slip and temperature drop effects increase the 
Kirchhoff value of velocity by only about 40 cmsec™t. 


Table 1. Velocity Reductions for Air in Veridia Glass Tubes at 19754c/s 


The ‘ modified.’ Kirchhoff velocity reductions are those calculated from I, eqn. (44). 


Tube radius (cm) 0:0996 0:0698 0-0498 0:0248 0-0186 0-0127 
Velocity ) Kirchhoff 400 570 790 1560 2130 3120 
reduction > Experimental 380 590 770 1480 2010 2890 
(cmsec—!) ) Modified 400 570 770 1480 2020 2880 


Table 2. Attenuations for Various Gases in a Veridia Glass 
Tube of Radius 0:0498 cm at 19754c/s 


Gas Air Nitrogen Argon 
Attenuation Ve Experimental 0-0889 0-0828 0-112 
m’ (cm-!) f ‘Theoretical 0-0856 0-0846 0-105 


It is possible in most previous experimental work (for full bibliography see 
Weston 1952) to ascribe any real excess tube effect to one or more of the factors 
in the list, in particular wall roughness. ‘The origin of the remarkable agreement 
which Vance (1932) obtains with the equantion c’ =c(1—0-00128/r,,?) is not clear, 
but it may be because he uses a dust-tube method. Kundt (1868) himself remarks 
that too much fine powder leads to an extra velocity reduction; the writer has 
obtained in this way a 20%, decrease in velocity in a 0-1cm bore glass tube, at a 
frequency of 20kc/s. 

It is concluded that Kirchhoft’s formulae give acorrect quantitative description 
of propagation in a ‘wide’ tube, provided the modifications and conditions 
discussed in the previous paper are borne in mind. 


DUSTER Ss TO Nie Coron, 


§ 6. INTRODUCTION 


No satisfactory measurements for the transition region between the ‘ wide’ } 
and ‘narrow’ tube are known to the authors, although several previous experi- } 


menters have worked on the edge of the ‘wide’ tube region (as in part I of this | 


paper). ‘The researches of Simmons and Johansen (1925), Richardson (1926) | 
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and Nief (1946) lie in the transition region, but no precise results on velocity and 
attenuation were presented. In addition several measurements in the transition 
region have been made of the impedance of stacks of tubes, simulating an acoustic 
absorber. This paper describes single tube measurements designed to give 
results which can be compared with the theoretical curves of paper I. 


§ 7. METHOD 


Observations with a single tube of radius about 0-02cm, containing air at 
normal pressure, were made at frequencies varying from 70c/s to 8kc/s. A tube 
T of this size required the source S (a dynamic pressure unit) and the detector M 
(a crystal microphone) to be each located at one end, cf. fig. 2. By using tube 
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Fig. 2. Apparatus for measurements in the transition region. 


lengths up to four feet it was arranged that the attenuation was always sufficiently 
great to eliminate standing waves. ‘The magnitude of the transmitted signal 
was measured by comparing the microphone output, after pre-amplification, with 
a known fraction of the voltage exciting the loudspeaker. Similarly a comparison 
of phase could be made using a double-beam cathode-ray oscilloscope. 

These amplitude and phase comparisons were made at a number of frequencies 
for a number of tube lengths. Attenuation and velocity are directly calculable 
from the amplitude and phase changes. Basically this method of finding the 
propagation constants is extremely simple—for example, provided the end 
conditions are unchanged, it is not important to have exact impedance matching. 
Due to the small signal received, precautions such as electrical screening, attention 
to electrical noise reduction, and acoustic isolation of the loudspeaker and 
microphone were necessary. Sound transmission through the tube wall was 
prevented by a rubber connection R, and the possibility of external air-borne 
sound affecting the microphone was guarded against by a suitable massive brass 
housing B mounted on soft rubber pads P._ A check on the system as a whole 
was effected by inserting a solid dummy connection between the tube under 
test and the brass connecting piece C, when it was found that there was no signal 
above the background noise. 

$ §. RESULTS 

The results of two series of measurements are shown in figs. 3 and 4, the 
first with a cupro-nickel tube and the second with one of stainless steel. On the 
whole the attenuation results are a little higher than the calculated values, though 
they follow the predicted variation with frequency. ‘The velocity measurements 
are in general accord with theory. 
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attenuation in the transition region. 
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Abstract. It is known that departures from rotational symmetry may offer 
correction possibilities for certain aberrations which limit the resolving power 
of present-day electron microscopes. The geometrical optics of such departures in 
electrostatic systems and the general correction conditions are investigated. The 
minimum number of design parameters is taken, in order to ensure a simple 
structure, and a theory is developed for the correction of third-order spherical 
aberration in the particular type of objective lens evolved. This theory is simple 
enough for computation, yet applies to lenses with four electrodes capable of a 
high magnification. 

An example shows a tolerance of + micron for the correcting electrode if the 
resolution limit is to be reduced to 10% of its rotationally symmetric value. 
A better example could probably bring this within engineering practice, but first- 
order astigmatic electrodes are also needed, and the tolerances of these are one or 
two factors of ten more exacting. Itis therefore here that the difficulties will arise 
in the application of non-rotational symmetry. 


$1. INTRODUCTION 


ESOLVING powers attained in present-day electron microscopes are appar- 

ently limited by imperfect symmetry in construction or alignment (Hillier 

1946), but if we assume this difficulty to have been overcome, the limit 

is set by the geometrical aberrations of the lenses, at present kept below 104 

by limiting severely the objective lens apertures. Under these circumstances, 

the fifth-order aberrations are negligible (Seeliger 1949), though often undesirably 

long exposure times are needed. Reduction of the third-order aberrations 

would therefore improve the resolution. 'lhird-order spherical aberration of the 
objective lens is by far the most important of these. 

Scherzer (1936) has shown that neither the first-order chromatic aberration 
on the axis nor the third-order spherical aberration can ever be made zero, the 
demonstration being valid for static rotationally symmetric Jenses free of space 
charge, and provided that the axial electric potential does not fall to cathode 
potential at some point, as it does in electron mirrors. In the search for higher 
resolutions, it is clearly of importance to investigate all possibilities of escape from 
Scherzer’s theorem. Absolute correction within the limitations of the theorem is 
unattainable, though for completeness it should be remembered that the aberra- 
tions may nevertheless always be reduced below any prescribed limit in principle, 
even for fixed lens power (Rebsch 1938). It is not necessarily true that such 
progress within the limitations of the theorem would lead to better starting points 
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for more general attacks. ‘The four conditions which limit the validity of the 
theorem offer four possible evasions of its consequences, namely, the use of non- 
static (high frequency) lenses, lenses involving appreciable space charge, electron 
mirrors, or lenses which depart from rotational symmetry. 

All these methods present formidable difficulties (Scherzer 1947, 1949). 
This paper considers only the last-mentioned for electrostatic systems. ‘The 
object is to investigate theoretically whether the method offers practicable possi- 
bilities for the correction of third-order spherical aberration. Chromatic 
aberration is a less urgent problem, and will not be considered. Reduction of the 
third-order spherical aberration such as to improve the resolution by a factor g 
might alternatively be exploited as an increase of aperture by a factor g1, with 
unaltered resolution. Exposure times would be shortened by g*®, but the 
fifth-order aperture aberrations would also become worse by g?”, and so probably 
‘no longer negligible. In addition, a loss of contrast might be incurred. This 
alternative use will not be considered. 

Under conditions of rotational symmetry, ‘even-order’ aberrations are absent 
but, in general, departures from rotational symmetry will introduce effects of all 
orders, including the even orders. Scherzer, however, has considered not quite 
general conditions, in which symmetry is retained about each of two mutually 
perpendicular planes, and it may easily be seen that even-order aberrations are 
again absent. He has given explicit expressions for the third-order spherical 
aberration under these conditions. ‘The expressions contain a number of 
independent functions, which may be adjusted in the attempt to make this 
aberration zero at the chosen image plane, but they are in a form which makes it 
dificult to proceed logically towards a corrected system in a straightforward 
manner. In this paper is shown a way to carry out the analysis in a different 
manner which avoids this difficulty. ‘The new expressions also display independ- 
ently the first-order astigmatism and first-order distortion which accompany 
the departure from rotational symmetry. Further, it becomes possible to count 
the minimum number of degrees of freedom of design necessary for the 
correction. 

Seeliger (1949) has partially demonstrated the possibilities of non-rotational 
symmetries for correction, but the complete system he proposed contains many 
components and makes use of an intermediate image. ‘The expressions here 
developed are used to show that in principle the minimum number of design 
parameters can conveniently be provided using only four electrodes. No 
intermediate image is used, and the electron paths through the suggested lens are 
similar to those in the three-diaphragm unipotential system frequently used as 
objective lens. In a particular case corresponding to a practical lens, the exact 
shapes of the apertures, through which the electron beam passes, have been 
calculated. ‘They are not simple, and the calculation is carried out, not as a design 
procedure, but in order to estimate the order of magnitude of the design tolerances. 
It is found that those electrodes which control the first-order astigmatism are 
much more critical than the electrode which specifically performs the third-order 
correction. It is thought that this will be found to be a principle of general 
validity. 

§2 determines the general correction conditions; §3 suggests the particular 
four-electrode system; §4 shows how the axial requirements may be found, and 
§5 gives a numerical example. A few possibilities are suggested for further 
investigation. 
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§ 2. Ray EQUATIONS AND ABERRATION EXPRESSIONS 


Electron paths through the lens are expressed by giving their lateral 
coordinates, cylindrical or cartesian, as functions of the longitudinal coordinate z, 
thus r=7(z), 0=6(z), or x=x(z), y=y(2). 

The governing variational principle determining the paths taken by electrons 
between two points A and B in an electrostatic field is that the action is a minimum 
along the actual path, by comparison with neighbouring lines between A and B. 
Or it may be written 


B 
5 | pds=0. 
A 
If the zero of the electric potential is taken to be where the electrons have zero 
loci re 
velocity, the energy relation is Ae ries. aol eae (1) 


where ¢ is the electric potential at any point, m is the mass of the electron when 
travelling with the momentum appropriate to that point, and the other symbols 
have their usual meanings. Re-writing this relation to show p explicitly, and 
using it in the variational principle, this becomes 


5 i {HL tep)(1tae2+y2)H2dz=0, reseee (2) 


where «=e/2m,c? =0-000978 per kilovolt. Primes denote differentiation with 
respect to z, and x’, y’ are characteristics of the ray paths. ‘The ray equations are 
Euler equations of (2), and in the case of rotational symmetry, (1+ .x«’*+y”) 
_ becomes (1+7”) and only one Euler equation results. For non-rotational sym- 
metry, however, rays cannot in general remain throughout in a meridian plane 
@=constant, so that there are two Euler equations, which may be written 


se (Bearer (a) | 


dz 
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The aberration expressions are conveniently given as integrals of functions 
of z, so that it is necessary to express ¢(r, 0, 2), using now cylindrical coordinates, 
in terms of the axial potential ®(z). Inserting the condition that ¢ must satisfy 
Laplace’s equation, one finds an expression which, for the case of symmetry 
about 6 =0 and @ =7/2, becomes (Scherzer 1947) 
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The terms independent of @ form the well-known expansion of ¢(r, #, 2) in terms 
of ®(z) in the case of rotational symmetry, while 4,(2), 64(2), dg(2), ... are indepen- 
dent functions characterizing the departures from rotational symmetry. Sub- 
stituting (4) in (3), it is readily seen that the first degree terms in 7, which will lead 
to the first-order lens properties, now involve ¢,(z) in addition to the rotational 
symmetry function ®(z), while the third-order terms involve ¢,(z) and ¢,(z), 
associated respectively with cos 26 and cos4 components of symmetry. Fifth-- 
order terms involve ¢,(z), ¢4(z), and ¢¢(2); and so on. 
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Reverting now to the cartesian coordinates in which (3) was expressed, the 
substitution of (4) gives L(x) = F(x, y) where* 
PO! oA AD ely | NL 2D 
Uejex'+ (55 %'+ 45° 8) Tied 
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In the ‘twin’ equation, x and y are interchanged and ¢y, ¢¢, di, --- are changed 


in sign. JL contains the linear terms; F represents the third-order aberrations. 

The classical method of solution is to solve the first-order parts L=0 and 
substitute this first approximation into the higher-order terms. The first-order 
image planes for the x and y coordinates of the electron path will not in general 
coincide, so that the imaging is astigmatic (fig. 1 and Appendix I). ‘The x and y 


(@) 


Fig. 1. Astigmatic paraxial solutions. (a) At the image plane for x coordinate of the 
rays h, is zero. (b) At the image plane for y coordinate of the rays hy is zero. 


magnifications will also be unequal, so that first-order distortion exists. These 
effects of ¢2(z) are not to be confused with third-order astigmatism and distortion 
respectively, which are present even in rotationally symmetric systems; for 
example, rotationally symmetric third-order distortion will affect the size of the 
image of a central circle, while this first-order distortion will affect its shape, 
resulting in an elliptical image. 

The third-order aberrations are then represented by definite integrals of 
functions of z, taken from object plane to image plane. ‘They are to be made to 
vanish at a particular plane (i.e. for a particular value of the upper limit) by 


* F(x, y) contains also third-degree « terms, and chromatic terms, which have been 
given elsewhere (Burfoot 1952 b) but are not required in this paper. 
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adjusting the functions ¢,(z) and ¢,(z) which occur explicitly in the integrands. 
In Scherzer’s analysis, the integrands also contain the first-order astigmatic solu- 
tions x,, y, (Appendix I). These involve 4,(z) implicitly, in such a manner that 
any adjustment made to ¢,(z) at any longitudinal position z causes alterations to 
X,, V,, at all succeeding positions, in addition to altering the first-order conditions 
concerning astigmatism and distortion. ‘Thus to design a corrected lens by 
logical computation, it would be necessary to undertake a series of successive 
' alternate readjustments, within another such series, and alternating with renewed 
integrations. 

The method adopted in this paper avoids this difficulty by accepting a poorer 
first approximation, namely the non-astigmatic parts of x,, y,. This is done by 
transfering from L to Fin (5) the first-order astigmatism term ¢,._‘The first-order 
astigmatic solutions may then be written in the form (Appendix I) 


y= E(B + My + My My...) +a(k-+ M?+ Myo + Myo +...) 
| 6) 
Va Fo (b= My + My— My + 2.) +V0(R- M,°+ Mayes ee) 


where /(z), R(z) are special solutions of the rotationally symmetric parts, which 
may be determined by first-order ray-tracing methods, x9, Vo, ¥,, Va are the 
values of the non-astigmatic solution at the object and at position A (fig. 1) 
respectively, and the M terms are successive modifications to these functions. 
The first-order condition for no astigmatism, with respect to any chosen image 
plane z = 3;, is shown to be that the values of «(z) and y(z) at 2;, should be indepen- 
dent of x,, y,. This condition may be written 


Gisela VGA Os), =O Oa EE ee (7) 
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Similarly the condition for no first-order distortion is 
(Mii gee Vie ay Oi se Cali leet iy Danege (9) 


Suitable choice of the function ¢,(z) may satisfy these conditions. Finally (6) 
may be substituted into the integrals of (A 2) to obtain the higher-order conditions 
for no aberration. These conditions involve ¢,(z), which is now fixed, and 
d,(z), $6(%) ... which are therefore to be adjusted to achieve the desired lens 
correction. In particular, the 4, term of (5) enables F to be adjusted for 
third-order correction. 


§ 3. ‘THE Four-ELECTRODE LENS 

’ The feasibility of correcting electron lenses by means of departures from 
rotational symmetry has been partially demonstrated by Seeliger (1949) but the 
complete system proposed in the case of third-order spherical aberration, involves 
four lenses each comprising three slits, together with three special ¢, electrodes. 
This system uses strongly astigmatic intermediate images. With the preceding 
analysis, however, it has been found possible, at least in principle, to use as few as 
four electrodes. It is not necessary for intermediate images to exist, provided 
that a strongly astigmatic region occurs, in which region 4, is to operate to achieve 
third-order correction. 42, ¢, ... may be regarded as providing a number of 
adjustable controls of the lens properties or degrees of freedom of design. Examin- 
ation of the integrands has shown that the leading ¢, term can provide only two 
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such third-order controls which are independent, and that a minimum of four 


independent first-order controls must be provided in addition, using $(z), if. 


third-order correction is required. An additional 4, control will be needed if a 
certain image plane or the magnification is to be stipulated. If simultaneous 
chromatic correction were required, further controls would be needed. It has been 
seen that 4, dg ... affect only fifth-order aberrations and above, and will not 
concern us. 


The analysis can determine only the axial functions ¢,(z), ¢,(2); the realization 


of these functions by an electrode structure is a further, distinct, step. However, 
an embarrassingly large variety of functions is possible, and this choice may be 
limited initially by restriction to -functions which correspond to reasonable 
electrode structures. ‘Thus if the potential distribution of the lens of fig. 2 (a) is 
taken for the rotationally symmetric parts of the lens (to be considered non-adjust- 
able for purposes of this investigation), we may choose to consider, for representa- 
tion of the non-rotationally symmetric parts, only those functions ¢,(z), ¢,(2) 
which consist of positive or negative ‘ peaks’ located near the electrode apertures, 
since these will correspond to modifications of the aperture shapes, originally 
circular. Ifthe shape of a function peak is built up by addition of several indepen- 
dent shapes, the ¢, controls might consist of numbers representing the amount 
of each component shape present. However, the precise shape will be closely 
correlated only with the longitudinal sections or ‘ profiles’ of an electrode which 
may be used to produce it, while it is the cross section of the electrode or aperture 
which is of more concern, being characterized by the symmetry component 
(cos 26 in the case of ¢,) and determined by the magnitude of the ¢, effect. It is 
thus preferable to fix the shape of the function peaks arbitrarily, and associate 
one ¢, control with each peak, in the form of a multiplying constant for this standard 
peak shape. 

The requirements then suggest a lens consisting of the potential distribution 
of the strong unipotential lens of fig. 2(@) as a rotationally symmetric basis, with 
an astigmatism applied at the first electrode by means of a peak of the ¢,(z) 
function there, and partially removed by a ¢,(z) peak of opposite sign at the third 
electrode (fig. 2), the ¢, controls for third order correction being applied in the 
strongly astigmatic region at the second electrode. ‘The remaining astigmatism 
is removed, with respect to the final image plane, by a fourth electrode, which 
can be situated in the previously field-free space nearer the image region, where 
electrons travel rectilinearly ; this choice of its situation simplifies the expressions 
considerably. One of the two extra controls may be associated with this electrode, 
by means of a multiplying constant as before, and the other by means of its 
longitudinal position z,. ‘The magnitude of the deflections produced by the 
fourth electrode increases with the multiplying constant, which can therefore be 
regarded as a measure of its ‘strength’. ‘This electrode does not provide any 
component of rotational symmetry. 

Elliptical apertures or slits do not produce only ¢, components, and the other 
unwanted components affect the higher order aberrations, and may make them 
no longer negligible even when retaining very small lens apertures*. Specially 
designed aperture shapes are required, which produce only rotational symmetry 


effects and ¢, effects. However, it may be of use to visualize the first three 


* The lens aperture, which may be 5 x 10-* radian, is not set by the apertures in the 


lens electrodes. 
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apertures as in some respects similar to a lens with ‘crossed ellipses’, with the ¢, 
multiplying constants m and n, respectively, analogous to the ‘ellipticities’ 
(fig. 2()). 

The condition for no astigmatism, namely that the zeros of h,, 4, must be 
coincident, means that (6) must have coincident zeros for the case x9 =Vo =0 
(Appendix I). So the condition is that an electron from the object ‘centre’ must 
pass again through the axis at some position. Using (3) and (A 2) it may be shown 
that the familiar theorem of Lagrange-Helmholtz in light optics (the “sine 
condition’) holds also for electron optics,* so that magnification is equal to the 
ratio of the angles made with the axis in the field-free object and image regions by a 
track between the object and image centres, if the refractive index is the same in 
both regions, i.e. if the lens is unipotential. Similarly the magnification in each 


V Cathode (b) 


Fig. 2. (a) Schematic diagram of the symmetrical three-aperture unipotential lens, with 
central electrode at cathode potential. (6) The ‘ crossed ellipse’ electrodes of the 
four-electrode lens, and the 2 and ¢, functions. 


direction is the ratio of the appropriate projections of these angles, the classical 
sine condition being represented in non-rotational symmetries by two correspond- 
ing conditions. The condition for no distortion, therefore, is that an electron 
leaving the object centre in any particular meridian plane through the axis must 
travel parallel to that plane in the image region. ‘The first-order action of the 
four-electrode lens on such an electron may now be described. ‘The electron is 
turned out of the meridian plane as it passes through the first aperture, and 
turned towards that plane again as it traverses the third aperture. It will be seen 
later that the fourth aperture is situated near the position where the electron 
crosses the original meridian plane again, and this electrode turns the electron 
again into that plane, where it travels at a certain ‘approach’ angle, its eventual 
intersection with the axis determining the image plane. ‘The approach of this 
electron to the image in a direction parallel to the original meridian plane would 


* This has been shown also thermodynamically by Zworykin et al. (1945). 
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therefore ensure the absence of first-order distortion, while its approach im that 
plane ensures the absence of astigmatism also. The action on an electron leaving 
a more general object point is similar but less simple. 

The same conclusions may be drawn from (9), which states that (8) holds, not 
only at z, ,but throughout the field-free region beyond the fourth electrode. 
Equation (6) then shows that an electron from the object centre travels in its 
original meridian plane beyond the fourth electrode (see fig. 3). ‘This description 
of the first-order action confirms that the number of first-order parameters provided 
in this lens does not exceed the minimum possible number. For example, if it 
is proposed to take a fourth electrode position other than that predicted above, 
and to compensate this change by a change in the ‘strength’ parameter, it is clearly 
possible to choose the latter either so that an electron from the object centre 
travels parallel to the original meridian plane (condition for no distortion) or so 
that it passes somewhere through the axis (condition for no astigmatism), but not 
both. 

Although third-order effects are in general small compared with first-order 
effects, it is necessary to remove the first-order astigmatism at the image plane with 
sufficient precision not to mask the third-order effects which are to be corrected. 
It is therefore to be expected that it will be much more difficult to construct the 
astigmatic apertures (1, 3 and 4) sufficiently accurately, than it will the second 
aperture, which produces effects which are third-order simply by virtue of its 
type of symmetry (see (4)). This expectation is borne out by specific calcu- 
lations. 


§ 4. CORRECTION CONDITIONS 


It has been found possible to reduce the aberration expressions which are 
obtained, to such a form that only a few preliminary integrations need be carried 
out numerically, the adjustable properties or ‘controls’ all being represented by 
symbols outside the integral signs, so that the various simultaneous conditions may 
be satisfied simply by algebraic adjustment of these symbols. In this way express- 
ions may be derived for each of the control parameters in terms of the chosen 
rotationally symmetric properties and object position. The procedure may be 
outlined as follows. 

The paraxial solutions h and k in (6) are there modified (cf. (A 3)) by a series 
of decreasing terms M,, M,, .... In substituting these into the integral ex- 
pressions for the third-order aberrations, modifications at least as far as M, 
must be retained, while in using (6) directly to study the first-order conditions 
comparable exactness will require the retention of more terms. But the 
successive modifications contain integrals of increasing multiplicity. Retaining 
only these most significant terms, the third-order non-relativistic terms which 
impair the imaging of the object centre (spherical aberration) are found, and the 
third-order correction conditions are shown (Appendix I) to take the form 


T+et+ (-(h/k)(I+e+ 0+ x. =0 
I+g—3¢—(h/k)(I+g-30) + x,=0 
pt €-(h/k)( pt &+xp)=0 
q+ €-(hik)( q+ O+xq=0 


+ 
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where the correcting ¢,(z) function is represented by 


h 
ri hs a 2bah? de, ies | peg. GieMt da, 

LV @ (11) 
loot sh teiheihh pins ah fa ack 3 
ee \ a = buh de, is | Sp bibl My de, ; 

and similarly, using up to M,, eqns. (7) and (8) become 
f—(h/Ry(F+ Vp) + xp=0 I a2) 
d—(h/k)d +xe=9 J 


The suffix / indicates that the integral has only to be taken over the region of the 
first three electrodes, and the symbols I C22, progwd andy, represent the results 
of the preliminary integrations, again taken only over that region. 

The symbols y represent contributions from the fourth electrode, and contain 
the integrals 


c= { beds, Ge ie Cae © eae (13) 


taken only over the region of the fourth electrode (as indicated by the suffix C). 
This part of the integration has therefore been reduced to the evaluation of C, 
the ‘strength’ of the fourth electrode, and of S, which is a less important term. 
To obtain relatively simple expressions, the region over which the fourth electrode 
acts has been assumed to be ‘thin’, so that the alteration of tracks caused by this 
electrode does not become appreciable within this region. It has also been 
assumed to be longitudinally symmetric about its centre, so that terms such as 
Jo ( —2c)¢2 dz are zero. ‘The assumption of thinness means that the condition 
(9) for no distortion may now be replaced by (M,+M,3+M,+...)¢=0, or, to 
the suggested degree of approximation, 
CVE) gaan seen RY nat GND NE -(14) 


The interpretation of this is that the fourth-electrode position is as predicted in § 3. 
Evaluation of the contributions / may also be reduced to a few initial 
integrations, by using standard peak shapes (2(z) (fig. 2) so that 
Oley aie (Bee ee) Ue wanna (Clas) 
m, n are the multiplying constants or ‘ellipticities’ and suffices m, n indicate 
positions at the first and third electrodes respectively. ‘Then d becomes 


Dd ON, eet 0 OR eta or (16) 
where 
ae Qm de ye 
i=) AAO an= ea 
and similarly for p and q, whil e f, e and g take forms such as 
eid fe ariticiel ih ek em eile res ees, (17) 


- Because no integrand contributions come from the region beyond the lens, these 
symbols d,, etc. are simply numbers, and may all be evaluated once the standard 
_ peak shape has been chosen. Correction conditions are then to be satisfied by 
algebraic manipulation of the five parameters representing the two ‘ellipticities’, 
the positions of fourth-electrode and image, and the fourth-electrode ‘strength’ 
(m, n, %¢, 2%, C), and two third-order correction parameters involved in (11). 
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The seven conditions (10), (12), (14) determine values of these seven parameters 
which will satisfy the correction conditions. They are not easily solved explicitly, 
but it may be shown (Burfoot 1952 b) that the S terms are negligible and that for | 
practical high magnification lenses the (h/k), terms in (10) and (A 6) may be. 
neglected. ‘The solutions then are | 


1 =(Pm—Ym) 
EAT, 1/2 

: le, +8m\(Pn—In)°— (3€mnt+8mn)(Pm — Im)(Pn— In) + (3ln +8 n)(Pm — Fl 
ie ee et ar nn ecm mcm een KT (18) 
We = De Ga) Paw In) On 1. eee, ae) ae eee (19) 
Cae le $Chech; ae ide (20) 
E= —p—3Ch Ph? |/V/Pc ieee 
Beea, hake Malay ee (22) 
C= —dyV/Oo/h¢? ive sHicl] oie ee (23) 
B= sky A It Veo). ee (24) 


The solution procedure is summarized at the end of Appendix I, for any given. 
unipotential rotationally symmetric distribution and for any chosen standard } 
peak shapes and object position. (The suffix d represents the position of zero of h.)) 


$5. ExaMPLE AND ‘TOLERANCES 


Calculations have been carried out on the rotationally symmetric basis of a 
typical objective lens, the data for which have been given elsewhere (Burfooti 
1952a)*. This is a unipotential lens with focal length 3mm and electrode) 
spacing about 2:5 mm, the object position being such as to provide a magnification) 
of 86. ‘The image is about 40cm from the lens and the spherical aberration con- 
stant Cf has the typical value of 2cm. It may be taken that the lens is used at 
100kyv. ‘The author has developed a method for the initial ray tracing which is: 
very simple, and which may be carried to any degree of accuracy within theq 
limits of the data without increasing the complexity. It is found that the addi- 
tional electrode must be 8mm from the lens centre. A ray from the objectt 
centre is given in fig. 3. ‘The image is found to be 3 cm from the lens centre, and 
the final magnification is only 6-4. Since the minimum number of controls ha 
been used, there is no freedom of design available to improve this. Presumabl 
different examples could be found with higher magnifications. Alternatively, 
for some purposes it may be possible to omit the stipulation of no distortion, and 
this will allow one degree of manipulation with no increase in the number of : 
controls. ‘Ihe theory has been extended to cover such cases—resolution is not§ 
then impaired, but central circles are imaged as ellipses; applying the theory to this 
example, it is found that if the fourth electrode is situated 5mm from the lens | 
centre, the magnifications are increased to 13 and 8, in the x and y directions. 

It is calculated that if the quotient (aberration/ magnification) is to be reduced§ 


first-order parameters m, n, 29, C must not vary from their calculated values byt 
more than one part in 2 x 104, nor the two third-order parameters by more thar 
one in 10%. It is verified that the approximations made to enable easy solutior 


* The unit of length may there be taken as 0:2 mm. 
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of the seven equations cannot introduce errors of this magnitude. It is not thought 
worth while to repeat the whole solution relativistically, though it must be recog- 
nized that non-relativistic ray tracing from a given object position is not a good 
approximation to physical rays from that position at these voltages in practical 
high magnification lenses. The focal length is about 2° greater than its non- 
relativistic estimate, so that the object position which physically corresponds to 
the above image position is about fifty microns further from the lens than the 
position which has been taken non-relativistically. ‘The former is the position 
which would automatically be adopted by a microscope operator in focusing upon 
the screen, and it is found that a physical ray from this object centre differs from 
the non-relativistic trace from the non-relativistic position by not more than 5% 
of the off-axial distance, even in those regions largely responsible for the aberrations. 
It is therefore believed that the non-rotational symmetry parameters are not very 
critical with respect to the object position and that the principles of the correction 
cannot be greatly affected by the non-relativistic nature of the calculations, though 
the numerical values of the parameters may be slightly in error. For lens design, 
relativistic working would be essential, but in this paper we are concerned only 
with their tolerances, which will clearly not be very different. The validity of 
working only with the first two modifications M and of treating the fourth aperture 


Fig. 3. x and y projections of a ray from the object centre, with arbitrary ordinates, not 
in general the same for both projections. ‘The broken line is the corresponding 
ray in the basic rotationally symmetric lens. 


region as ‘thin’ has been justified by adapting the ray tracing method to carry out 
direct ray tracing through the lens finally determined. Ray tracing is necessarily 
equivalent to using all the M terms, and it is found that the traces never differ 
from those of fig. 3 by as much as 1°%%. For completeness, it must be pointed out 
that in achieving a degree of spherical correction, it is no longer necessarily true 
that spherical aberration is predominant among the third-order aberrations. 
However, no other aberration can affect the centre of the image, and in the interests 
of a high resolution there, large fields of view might often be willingly sacrificed, 
as is the case with astronomical telescopes. 

Finally, it is proposed to determine a corresponding electrode structure in 
order to be able to examine the manufacturing tolerances which arise. It is well 
known that very different potential distributions away from the axis can produce 
essentially the same distributions near the axis, and the same aberrations with 
small apertures. A desirable axial distribution has been determined above, 
but no general method exists for enumerating the large group of distributions to 
which this belongs. ‘Therefore one of the group has been taken arbitrarily. The 
distribution chosen is one which it is found can be calculated without using either 
infinite series such as (4) or summation over a range of- values of a separation 
parameter K. It is discussed in Appendix II. ‘The resulting distribution at 
the first aperture may take the form sketched in fig. 4(a), or for stronger 
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departures from rotational symmetry, that of 4(b), in which the x, y cross section 
is an exact plot corresponding to the first electrode in the above example. In the | 
case 4(b) the equipotential surfaces with potentials above 100 kv are closed | 
surfaces with two sharp points on each where they are cut by the circle r=R, 
z=2,, or v="4=0. Those below 100kv form the surfaces of apertures in thick | 
plates, the lower potentials dividing into two apertures. At still lower potentials | 
these two apertures become ‘sealed over’ on both faces and separate into two 
closed surfaces and two near-planes. Finally the lowest potentials consist simply 
of two planes z=constant at increasing distances from the ‘aperture plane’. 


7 


(b) (c) 


pA 


LAM Eh IO) 


0<8<T% 8=Tg Ti/g<8< 31g 


Fig. 4. A method of realizing the axial requirements. Forms of the equipotential surfaces. 
For details see text. ‘The figures indicate kilovolts; cathode potential=0. The - 
scale markers are 4 mm. 


The third aperture is similar, but rotated about the axis through 90°. The 
distribution at the fourth aperture possesses only the 4, component, and is shown 
exactly in cross section in fig. 4(c) for the example above. The cross section of — 
fig. 4(6) combines the characteristics of 4(c) and the concentric circles which 
represent the cross section of the rotationally symmetric components. The two 
parameters of ¢, may be applied similarly at the second aperture. Since the two 
independent peaks are applied superimposed, in this case the actual shape of the 
composite peak will vary somewhat as the parameters vary, while the cross section 
may take any of the forms sketched in figs. 4(d), (e), (f), this last being a case 
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ere the two terms are peaks of opposing sign. ‘Typical profiles for 4(e) are 
lso sketched in 4(g). 

| Chosen equipotential surfaces from these distributions must be fashioned in 
‘conducting material to provide the physical electrodes, and the accuracy with 
which these surfaces would have to be produced must be such as to cause no 
greater inaccuracy in the required parameter values than one in 2 x 10* or one 
in 10* as appropriate, to improve the resolution limit by a factor of ten. The best 
choice from among these surfaces seems to be to select those whose potential is 
that of the original rotationally symmetric electrodes, 100kv and 0 (cathode 
(potential). ‘These consist of tongue shaped surfaces (the yz profile of which has 
also been indicated in fig. 4(6)). ‘The group of surfaces to one side of this choice 
would consist of closed surfaces involving sharp points, while the other group 
{approaches nearer to the axis, and must present more exacting tolerances. In the 
ycase of the fourth aperture it would be necessary to fashion, say, the 100kv 
}surface and its ‘twin’ 98kv. Such complicated shapes are not, of course, 
suggested as a practical lens design, but they may give indications applicable to 
more practical methods of realizing the required axial distribution, if these can 
be discovered. In particular, the required tolerances may be estimated. A general 
theory would be complex, but the positions of the tips of the chosen tongues, 
where the electrodes approach nearest to the axis, may easily be investigated. 


§ 6. CONCLUSIONS 


The radial tolerances in these positions which correspond to the parameter 
variations mentioned, have been calculated, and are given in the table. __Bertein 
and Regenstreif (1947) have given an expression for the resolution limit caused 
by a slight unintentional ellipticity of the second aperture of a unipotential lens. 
It may be interesting to compare the order of magnitude of this ellipticity with 
‘that of the first-order effects in the table, 40A and 100A. Applying their 
expression, a limit of 10°% of 10A would occur, in a lens with semi-aperture 
angle 5 x 10-* radian, if the semi-axes of the ellipse differed by 200 A. 


Tolerances of 'Tonguetips 


First electrode Ar =100A 
Second electrode Ar = #micron 
Third electrode Ar = 40A 
Fourth electrode Ar =1004 ; 

Azo = 2 microns 


‘The tolerances in the table are beyond the precision which could be attained 
in practice, even for much simpler shapes. ‘This merely emphasizes that more 
practical realizations must be found. For example, it is possible to develop 
expressions (Burfoot 1952 b, Cotte 1949) for the 4, and ¢, peaks caused by 
apertures which are ‘strong’ ellipses. ‘The difficulty in their application is that 
these peaks, being each dependent on the semi-axes a and J, are not independent 
in shape, nor are they independent of ®(z). ‘The author has shown that even 
maximum ellipticity (parallel-sided slit) will only provide astigmatisms a factor 
of ten smaller than those required, if ®(z) is to remain fixed. 

It is to be observed that the second electrode, which provides the specifically 
third-order correction, is less exacting than the first-order electrodes by one to 

3.G-2 
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two factors of ten. A different example might bring the tolerance of the second 
electrode within reach, but it seems improbable that the first-order electrodes 
could be dealt with similarly. It may be concluded that it is not impossible, in 
principle, to design lenses with ‘built-in’ spherical correction, and that this can 
be done with a small number of electrodes while the calculations still remain 
feasible, that a strong astigmatism must be produced as an auxiliary effect, and 
that it is the subsequent removal of this which constitutes the primary challenge 
to engineering ingenuity. 

Screw-threads can be manufactured more accurately than complicated 
electrode shapes; and neighbouring equipotential surfaces are similar to one 
another in shape. It seems possible, therefore, that a system could be designed, 
similar to that discussed here, but in which final correction is achieved 
empirically by the provision of radial position-adjustments and fine potential 
adjustments (say, 1 part in 10* or better). The necessary strength of astigmatism 
might be produced by fixed electrodes which approach close to the axis, with a 
‘fine control’ provided by additional adjustable electrodes at a_ greater 
distance. 

The foregoing theory is limited to the field of geometrical optics, since the 
present degree of lens perfection does not seem yet to warrant the introduction 
of more exact ‘wave’ theory or consideration of the effects of mutual repulsions 
between electrons. Electron optics is likely to remain primarily an empirical 
and practical science, but it has been shown here that, nevertheless, some 
theoretical guidance may be given, at least to indicate where the difficulties are 
likely to arise. 


ACKNOWLEDGMENTS 


This work was carried out at the Cavendish Laboratory under the supervision 
of Dr. V. E. Cosslett and with the aid of a maintenance grant from the Ministry 
of Education. 


APPENDIX |* 


The solutions of L =0 may be written as 


xX 
X= (h ; f h (3) a Xok ,(3) 
No Rada 
See eects 
“1 — YA » ) Da 
Ya = (h ae, h (2) ee ok, (2) 


where /,, #, are solutions which are zero and with slopes unity at the object plane 
%o, while the values of k,, &, are unity at 29; (/,),, (A,),, are the values of h,, h, 
at the longitudinal position z, given by k,=0, k, =0 respectively (fig. 1). Since 
kis only partially specified, the positions 3, are arbitrary. x0, Vo, ¥,, V4 Character- 
ize the particular solution represented by (A 1), being the values of this solution 
at %) and sy. ‘The first-order image plane for the x coordinates of the electron 


* The more lengthy expressions are collected fer convenience in this Appendix, which 
should be read in conjunction with the text. 
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path occurs at that value of z, other than zo, where /,(z) is zero, the magnification 
in the x direction being given by the value of k,(z) or 1/h,’(z) (using Helmholtz’ 
theorem, see § 3) at that plane, and similarly for the y coordinates. The conditions 
for perfect imaging of each point of the object are therefore that the zeros of h,, h, 
should occur at the same position z, and that the integrals representing the third 
_ order aberration should vanish at the same position. If in addition there is to be 
no first-order distortion, it must also be ensured that h,'(z)=h,'(z) at that 
position. 
In terms of (A 1), the exact solution of L = F at any position z is 


ayz)=a,t | Inylds  y(ma)=yat | Dralds, (A 2) 
where 
A h Z 
5 ee ee \1j2 
| fsylds= yey), PU +H) Fe 
k 


apeaarele {P(1 +x) 12Fh, dz 


and similarly for i Ly, «]dz in the y equation. Successive approximations to 
0 


this may be written as 


Xp = Xa |, Branaud ds Ve Vor ‘ps vente | dz 


My = My + if [Xp, Vp] dz Iy=Jat |. [Var Xa] dz 


with an obvious extension of the notation. 
The non-astigmatic parts of x,, y, which are used as ie first approximate 
solution in this paper may be denoted by 


aS 7 h(x) + xok(z) y= ai A(z) +yoR(2). oe (A 3) 


(The arbitrary position z, must be chosen the same for both x and 9; see fig. 1) 
and in terms of A(z) and A(z), the first-order astigmatic solutions (A 1) take the 
form of (6), by applying (A 2) to the transferred ¢, term. In (6) 


M(2)=h| hkBdz—k| MBds —— M,%(2)=h | 


O 


perp | PAN 
Jo 


O 


Cie CORN ey ae ES i Se ee a eee. ee ae ee ora ee 


M,,°kBdz —k I M,hBdz 


with 


_F OL 44) Te py 1+ Wn 
pe a alk Ds 


The non-relativistic expressions are 


h hk k “Po 
M,(2)= sal see | ee Sie ee: (A 4) 
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Retaining the most significant terms as suggested in the text, the spherical 
aberration terms are 


Sx = <s[a | aot W,)ds—k | 5 (We+ W, ds | 

ae sh 5M, +W,)de— a 5 (Wat W,)ds | 
Sy = 7 after now 5 (W.-W, ae | 

-e alah <5 (W,- W,)dz— a 5 (Me Wd | 


where 
WS W aie Wo a 2,h* 
W=Woot Wo2— 64h 
W,= — Wyo+G4(61?-M,) 
Wo= W 2+ $4(6h? M,) 
with 
tye ‘ * O® MO” F Die 5 : QO’ ; 
Wo = Wyo= reLks a 33 fe a te oa 3 ii Seer 2 


W .o=¢0( — 2hh’’ M, —h2.M,!’ + 2hh! My! + h’2.M,) + bo/(—Al’ M, — 342M, ') 
+ b2''(— 3h? M,) 
W yx=¢o( — 2h!’ M, +h? M,"’ —4hh! My’ + h’2M,) + bo'(—Ah' M, + 4? M,’) 
Wo= — Ph*h" — 35/1’ + bohh”™ — §ho""h? 
+0'(— 3h? M,') +0" Shh" M, +402 M," — 1h? M, — Shh’ My!) 
+0'"'(thh! M, + 2 M,’/) + 0(372.M,) 
=oh2h" +44,’W2h' + 3hohh’? + O(2h'h' My! — 2h’? M,") + 0'(+3h2M,’) 
+0"(—4hh! M, + eM," — 3h M, + hh' M,’) 7 
+0'"(—}hh' M, + He M,')+0%(-1M,) —...... (A 5) 


from which it may be seen that the spherical aberration correction conditions are 


ih : 
h | ap Wide —h |) Woe 0 (j=68,p,4). 


Being obtained from those terms of (6) which only involve x, and y,, M° terms 
do not occur so there are no ‘crossed terms’ such as M,M,°. These equations 
and eqns. (7)-(8) may be written as (10) and (12) where 


Xe= lth, M'(h eC + h,.S) — (h/k) {Ao M'C(h/ko— tek; ) + 3h;?k/ M'S}]/./®o 
Xg b= ah M'(3h PC + hy?S) — (h/R):{—hoM'C(2h{ ko + thck;’) 

— $h/?R/ M'S}]//® © 
Xp=1ah;?(h PC + h/?S) — (h/k) {h oh; (hi Ro— bh oki )C + $h,2k; Sh]/+/P 6 
Xgal— ah Ae C+ hi78) —(h/R)t— ahi ki (Re C +h?) }]/V/® ¢ 
yy=[Bhd M’S—(h/B) Ak! M’S)//®¢ 
Xe=lhA GF C+ hye S—(hiR)(hokoCtik, Siw Gee =) nee (A 6) 
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and where 
PML De. eeaey 
T= | Tp Weds i= | ap Wade 
a ee > k 
=|“ wid =| 
live arali iV Wade (A7) 
M. 2 a * 
in, iV 
Md, - { hkd 
— d = z 
i ts i vo? 


M’ is written for the value of M,’(z) in the field-free region preceding the fourth 
electrode. J and J represent the aberration of the fixed basic rotationally 
symmetric lens, which by Scherzer’s theorem is non-zero, while h,’, k,/ are also 
constants characteristic of that lens. ‘The ‘control’ z, has been taken outside the 
integrals (C and S$), being implicit in the symbols 

hog=h;(%o-25); Ro=h, +k; (%o—2%>)- 
Similarly x, occurs as (h/R),. 

Solution procedure for given O(z), Q(z) and zg: Determine h(z), k(z) by 
numerical ray tracing methods, read off the values of the constants h;’, R,’, ky, 35 
and determine the m, n components of M,(z) (using (A4) with 4, replaced by 
Q,, and Q,), and hence find the m, n components of W;, from (A 5). Carry 
out the appropriate preliminary integrations to evaluate J, Sie Done e es Da Cure 
and then apply successively eqns. (18), (19), (16), (17), etc., and (22). Read off 
®,, from the ®(z) distribution and apply (23) using hg=—R,/(k,/h; —d/d). 
Finally apply (20)-(21), using M’=(h,d—k,'d)/\/®o. Equation (24) gives the 
image position at which the corrected image will be found, and it may be shown that 
the magnification of this image is ®,/[( fh,’ —fk,’)\/®,]._ It is then a simple matter 
to find what peaks of ¢,(z) applied at the second aperture in (11) give the calculated 
values for and €. 


APPENDIX II 


The series (4) was obtained by substituting an infinite series in 7 into Laplace’s 
equation. By substituting instead a series in 0, the ¢, term can be selected in the 
- form cos 20D ,Ax f(K, u)g(K,v) where (u,v, 6) are the coordinates used. It is 
found however that by suitable choice of wu, v, one value only of K is sufficient to 
provide function peaks of a suitable shape, avoiding the summation. 

Consider the oblate spheroidal coordinates (1, v, #) centred on one of the 
electrode positions z,, and related to (r, z, 0) by 7? = R°(1+u?)(1—v"), 3-3 = Ruy, 
with the scale factor R equal to the radius of the original circular aperture in that 
orga It can by ae that sabre ia in these coordinates is 


and if we ha bs = fe a : cos on + . cos +...+,,cospé+ ...in which 
F are functions of », v we find 

Fy=|{AgPx(v) + BO) {CaP x(t) + Da Qn?()} dK, 
where 7=1/ — 1 and where Px”, Q,” are the associated Legendre functions of the 
first and second kinds respectively which have singularities at +1. K in general 
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takes all complex values, but finite solutions at v= +1 can occur only if K* has 
the form K?=/(1+1) with /=p, p+1, p+2, ..., and if the second kind solution 
is excluded. So all B, must be zero and the integrals simplify tosums. Also all 
Cx must be zero because Px”(iu) tends to infinity as . becomes large. ‘Thus 
putting D, =1 without loss of generality, we find 


p= X Ay P(v)Qi(yx) + cos 26 = Ay PPV) OPH) 
i=0 ne 
+cos40 % A, ,PA(v)OA(ip) +... 
l=4 


Comparison with (A3) will show that 


a Shans 
p i: R? tT 4 (2 —2,,)?/ R27? 4646 


where the numbers T are [P,?(v)/(1—v*)””],_, and where the argument of Q is 
now i(z—z,,)/R. It may be noted here that the term p =0, /=1 can be shown to 
lead to the expression of Regenstreif (1949) from which the basic lens is taken. 
His expression is a special case of the following, which is in ‘mixed’ coordinates 
and z 


P=a+ P[(tan py + 1/Hm)|3+y| —2(tan wat 1/4) |2| 
oe (tan? bat 1/pn) | aS mall “> B(Rin a 2R, - Ry): 


Here «, 6 are Regenstreif’s constants and suffices m, a, n indicate first, second, or 
third, electrode, situated at z= —y, s=0, z=y respectively. The functions of 
(A 8) (multiplied by z'+?”*1, since they are not all real) increase from zero at large 
positive values of z to large positive values at negative z, but they cross the ordinate 
axis at a finite angle, and the sign ambiguity of the ,. coordinate (e.g. Margenau 
and Murphy 1943) allows us to ‘ reflect’ these functions in the region of negative z. 
The resulting functions are individually suitable for the standard peak shapes. 
The summations of (A 8) can therefore be avoided by using, for example in the 
case of ds, only one of the terms from the function p =2 (say /=2). Thus taking 
Ay, » =1, the standard peak shape in (15) may be taken as 


ape) =(-si moe Hegel |, ate 


Ke 
For the two ¢, peaks, two terms must be used from the function p=4 in (A8). 
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Abstract. A general method is given, by which problems of elastic plane strain 
in a bimetallic medium can be reduced to standard problems of potential theory. 
A bimetallic medium is one where the elastic constants are different on either 
side of a plane. The boundary between the two semi-infinite solids can be either 
a complete weld, or it can transmit direct stress but not shear stresses. A special 
case is a semi-infinite solid with a free surface. Specific examples considered 
are (i) an edge dislocation in a semi-infinite solid with a free surface, (11) an edge 
dislocation in a bimetallic solid for both types of boundary. In neither case 
can the stress field be given ‘a simple interpretation in terms of images. 
However, the stress tending to move the dislocation is the same as that of a 
dislocation of suitable strength at the image point. 


$1. INTRODUCTION 


N a previous paper (Head 1953) the interaction of an elastic screw dislocation 
with an idealized grain boundary was solved using an analogy between screw 
dislocations and electrostatic line charges. In this paper the corresponding 

interaction of an edge dislocation is found. A general method is described, by 
which problems of plain strain in an infinite bimetallic elastic solid can be reduced 
to two standard problems in potential theory. ‘Bimetallic’ is a convenient 
description of a solid in which there are different elastic constants on either side 
of the plane x=0. In the general case the two half spaces are taken to be 
completely welded together. Other cases which will be considered are a 
semi-infinite solid with a free boundary at x =0, and a bimetallic solid where the 
boundary can transmit direct stress but not shear stresses. The latter case 
could be taken as a model of a grain boundary at high temperatures. 

Specific examples which will be considered are (i) the interaction of an edge 
dislocation of arbitrary Burgers vector, with a free surface, (ii) the interaction 
of an edge dislocation with a welded interface and with a slipping interface. 

The notation used is that of Sokolnikoff (1946) and fundamental equations 
will be given their reference number in this book in the form (5.24.13). 


§ 2. GENERAL METHOD 


We consider an infinite isotropic elastic medium, with elastic constants 
E,, 0, for x >0 and E£,, o, for x <0, under conditions of plane strain in the xy plane. 
In the following, subscripts 1, 2 will refer to these two regions and the omission 
of subscripts indicates a relationship true for either region on insertion of the 
appropriate subscript. 
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The three types of boundary considered are: 
(i) Free boundary. £,=0=0, for «<0 
Tee =O=Tey=Tee ata =. 
(ii) Welded boundary. The displacements u, v, w and the stresses Tg, Tay» 
T», are continuous across x=0. 


(iii) Slipping boundary. +7,,=0=7,, at x=0 and u, 7,, Continuous across — 


x=0. * 
We now derive suitable harmonic functions, related to the stresses, for which 
there are simple boundary conditions at x=0. Firstly, it is known (S.24.13) 
that, in the absence of body forces, the hydrostatic component of the stress field 
0=Tyy+Tyy +72: is a harmonic function. In the case of plane strain considered 
here, 0=(1+o0)(Ty¢+Tyy): 
Next we define a function 7, such that 


ee gE 
Teak FT ye) ON" 
"gS A a6 
PAG MA Ge pee PS SS Ph! (ee 
aiben Nite tomer faster ap @ 


Since @ is a harmonic function, V?(00/dx)=0 and by the compatibility 

equations of Beltrami 

be ee 
"Tio de 
Hence V?7=0 and since at x=0, T=7,,, we have in case (i) that T=0 at x=0, 
and in cases (11) and (iii) that T is continuous at x=0. 

We now construct linear combinations of TJ and 6, which will therefore be 
harmonic functions, and for which there are suitable boundary conditions at 
x=0. We derive the first one from the equation of equilibrium (S.15.3) which 
can be written 


v2, =) (S.24.17) 


0 0 GRR fa 
=5{T- tie 21+) exe oy 
by the definition of T and 6. In cases (i) and (iii) the left-hand side of (1) is zero 


at x=(0 and therefore 0{T—0/(2 + 2c)}/dx=0 at x=0. In case (ii) the left-hand 
side of (1) is continuous across x =0 and so therefore is 0(T — @/(2 + 2c))/dx. 


Similarly the first of Navier’s equations of equilibrium (S.24.7) may be | 


written 

RC CR. Cg Os) 
0 {1 +o 12: x 026 
=e tt oe} - ea Sielereicts (2) 
In cases (1i) and (iii) the left-hand side of (2) is continuous across x =0 and so 
therefore is 0{(1+0)T/E+(1—2c)0/2E‘/dx. 


Finally we consider the quantity 0v/dy+dw/dz which can be written | 


(1—o)6/E—(1+o)T/E+(x/2E)00/dx. Since, in case (ii), dv/dy+dw/dz is 
continuous across x =0, so also is (1—o)0/E—(1+0)T/E. 
We now collect these results for each type of boundary. 
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§ 3. FREE BOUNDARY 


The boundary conditions at x=0 which have been found are 7=0 and 
OT —0/(2+2c)}/ax=0. If we write U=T—6/(2+2c) then the two potential 
problems to be solved are 


(a) V?7=0 with 7 =0 at x=0. 
(6) V?U=0 with dU/dx=0 at x=0. 
‘These are standard boundary value problems of potential theory and in the 
specific case considered below can be solved by the method of images. Having 
found T and U by whichever method is suitable, we have successively 
6=2(1+0)(T—U) 
eaneo0 6 


T ppl V0) Ox? Tyg jag 8 
and 7,, given by the equations of equilibrium 
Grey Prey Brey Ora 
Ox dy’ oy On 


§ 4. SLIPPING BouNDARY 
The boundary conditions at x=0 are that 


fh is continuous 
0 6 
Asp \r- Rt Sa 0 eevece (3) 
@ fi+e 126. ; , 
= iE Ts OB a} is-continuous | a. sese. (4) 


and on adding (1+0)(1—2c)/E times (3) to (4) we have that 

0 {2(1—o?) : 

= E r} is continuous. 
If we write U= T—6/(2+ 2c) and L =2(1—o?)/F then the two potential problems 
to be solved are 


(i) V?U=0 with dU/déx=0 at x =0. 
(ii) V?7=0 with T and LOT/dx continuous across x =0. 


These are two standard boundary value problems of potential theory and the 
stresses may be found from U and T in the same manner as described for the 
free boundary. 


§5. WELDED BOUNDARY 
The boundary conditions at x =0 are that 


Sh is continuous 
l+o l-—o - : 
=r i= E 0 is continuous 
0 1 : ; 
a eae sat is continuous 


0 l+o Tr 120, : ti 
ae ae. + wae 1S CONTINUOUS. 
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l+o l-—o 
Se Pe By COS a See aa 5 
Hence («4 E je FE 6 (5) 
l+o 1-26 fe) 
and 21 (est) r+ (Ge - acm) 8p (6) 
are continuous across x = 0, if « and f are constants which do not change on crossing 
the boundary. 
We now choose « and £ so that (6) is proportional to the x derivative of (5) on 
both sides of the boundary. Then« and f are given by 
a+(1+0;)/Ey B+(1+o,)/E, ue 
ee = TT TT = Ve 50 eae a 
Ganji PA), | 
and eee = sad SP SE NE =O SAVa we ae (8) 


(1—o,)/E, B/2(1 +o) — (1—20,)/2E, 
On eliminating B between (7) and (8) we find « is given by the quadratic equation 


| a a i 
: (1+o)E, (1+0,)E, 


ie: ela (1.+0,)(3—400) 


CELA DORE Ae 
(1+04)(3—401)(1—20,) _ (1+02)(3 — 402)(1 — 20) 
EE» sale i a ee sO uy ae (9) 


If we denote these two values of « by «’ and «” and the corresponding values of f, 
5,, and 5, by the same superscripts and we write 
Se - BE 1—26 
Vi= Te (0 T=@)~ and=) K*= 1—2) 21 —s) 
with corresponding expressions for V” and K” then we have (1) V?V’ =0 with V’ 
and K’dV'/dx continuous across x =0, and (ii) V27V" =0 with V" and K”0V"/ox 
continuous across x=. — From these two potential problems we may find V’’ and 
V” and hence Tand @and, in the same manner as above, the stress distribution. 


$6. EDGE DISLOCATION AND FREE SURFACE 


We here consider the stress field in a semi-infinite homogeneous medium (which 
extends to the right of the free surface x =0) due to an edge dislocation at (a, 0). 
As there is only one set of elastic constants involved they will be denoted by E£, o. 
We will consider two cases, one where the Burgers vector of the dislocation is 
perpendicular to the free surface, and the other where it is parallel to the free 
surface. Ifthe Burgers vector is at an arbitrary angle to the free surface, then it 
can be resolved into components perpendicular to and parallel to the free surface 
(Frank 1951), and the stress field will be the superposition of the stress fields of the 
components. 


§ 7. BURGERS VECTOR PERPENDICULAR TO FREE SURFACE 
An edge dislocation, of Burgers vector 6 parallel to 0x, at the point (a, 0) in an 
infinite homogeneous medium, has the following stress field 


re Da OEE en Ee Oe a ee 
si (x— a)? + 97}? ee Sa 
(w—a)i(x— a)? —y"} 
TD ee 
(ead Sy 


. (10) 
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where D = Eb/47 (1 — 0?) 


5 y 2ay(x — a) 
Hence T=D{- @aaeay + oa Pires (11) 
and a dled (12) 


{(« — a)? + y2}2 Cat hcy Cuter) 

For the same dislocation at the same point in the semi-infinite medium we 
require that 7’ and U have the same singularities at (a, 0) as (11) and (12) and that 
T=0 and dU/éx=0 at x=0. It will be seen that the solution satisfying these 
requirements is 


res Le ayer ay ee eayaraye 
ees { @aat+y * (warty! parte (anos 


2ay(x — a) 2ay(x + a) \ 
{(x-aP ty? {(x+aP+yP 


aa a Hie OA | Beta (a eta I 
: (ear e  Te rar tye TM ray 
ee ee ere fey Ce eae ee 
{(w—aP+y}  {(x+a)? or rd U(x a)? + y?}° 
(x—a){(x—a)?—y?} (x tali(xta)?—y*} 
{(x-aP+y Pp {@ +E 
(a—x)(x + a) + 6x(x +a)y? —y* 3 
Se (Eee en ae I er (13) 
These expressions for 7,,, 7,, and 7,,, have been written so that the first term 
corresponds to the stress field of the dislocation and the second term to the field 
of a dislocation of Burgers vector —b at the image point (—a, 0). These are the 
terms given by the approximate solution of Koehler (1941). It will be seen that 
the stress distribution is not just the superposition of the stress fields of the 
dislocation and an image. ‘The stresses tending to move the dislocation (Eshelby 
1951), which are the difference between the actual stresses (13) and the stresses of 
the dislocation in an infinite medium (10), evaluated at the position of the 
- dislocation, are however equal to those due to a dislocation of opposite sign at 
the image point (—a, 0). 


1 
& 
ll 
S 
(Ge 


+2a 


§ 8. BurGERS VECTOR PARALLEL TO FREE SURFACE 


An edge dislocation, of Burgers vector 6 parallel to Oy, at the point (a, 0) in 
an infinite elastic medium has the following stress field 


Gees =) (x—a){(x—a)+3y"} 


(x 
7) 5 Ea Tay = [) ~~ 
Tun {(x—a)* + y?}2 vy \(~—a)* + y?}? 
eel pylleqa=y) 
ny {(x — a)? + y? 2 


where D = Eb/47(1 —o?). 
a 2ay? 
a P=D1- Sat Ga 
[ 


and j= ID) 
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For the dislocation in the semi-infinite solid, in the same manner as the 
previous section, we have 


rae a ee ne 
-Dl-Gaaapt Ged Ga ea | 

oe 2ay" x 2ay" } | 
Bites te GaP ty * Te—aP ryt” (wraPt yp (etar rye 


co eS 


{(v— a)? +y?}? eee VRB errs 
x +a)(x + a)? — 6x(x + a)y*—y4 
ae (@taP ty j 
_ 1 {fee _ (xtalt(x+a)? +3y7} 
iA {(~— a)? + y?}? {(x+4)?+y?}? 
5, (x — a)(x + a)? — 6x(« + a)y? aa 
{(x+a4)? +7}? 
_piyleat=s} _ yleta)—y} 4 3(eta)t—y? 
rai Dena {etary tay err 


§9. Burcers VECTOR AT ARBITRARY ANGLE 
If the dislocation has Burgers vector of magnitude 6 making an angle ¢ with 
the x axis, then it can be resolved into two dislocations, one with Burgers vector 
b cos ¢ parallel to the x axis and the other with Burgers vector b sin ¢ parallel 


Bf 


Ge ee 
PIN) 


Seas 
@ 


to the y axis. ‘Thus the stress field of the dislocation can be obtained by suitable 
superposition of the two preceding solutions. Of interest is the stress tending 
to move the dislocation. ‘The ‘image’ stresses at the position of the dislocation are 
sin sin d cos 
2a 2a ot 2a-> 
The stress tending to move the dislocation by glide is the shear stress in the 
direction of the Burgers vector and this is given by 
Tg = (cos? —sin? 4)7,,—sin ¢ cos $ (Taz—Tyy) 
= —D (cos ¢)/2a. 
This is the same as the shear stress due to a dislocation of opposite sign in 
position G of the figure. ‘The stress tending to move the dislocation by climb is 
the tensile stress in the direction of the Burgers vector and this is given by 
To = —D(sin ¢)/2a. ‘This is the same as the tensile stress due to a dislocation of 
opposite sign in position C of the figure. 


T x2=D 


Tyy=—D 
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$10. INTERACTION OF EpGE DisLocaTION AND WELDED BOUNDARY 


We consider here the stress field of an edge dislocation at (a, 0) in a bimetallic 
medium with elastic constants E,, o, for x>0 and E,, o, for x<0. For 
convenience we consider the case where the direction of the Burgers vector of 
the dislocation is parallel to Ox and of magnitude b=47°(1—o,2)/E,. Thus 
the constant D of §7 becomes unity. The stress field for any other value of 
Burgers vector will be in proportion. ‘The general method of solution has been 
outlined in §5, and the same notation is used here. 

If this dislocation were in an infinite medium with elastic constants F,, o, then 
we would have 
1—o, ; Svea 2ay(x — a) 

Po aarp ER (eaateyB 
and a similar expression for V”, i.e. with 8,’ replaced by 8,”. 

For the bimetallic solid we require that V should have a singularity of the 
form (14) and that V and K dV/éx should be continuous at x=0. Considering 
the singularity y/{(«#— a)? +} we find that the appropriate function is 


V'= 


“37 Kae SG Sf 
Goat * KK, Grape OF #70 
and aus 3 for «<0. 


K,+ Ky (x—a)*+y? 
Similarly for the singularity y(x—a)/{(«—a?)+ yy? the appropriate function is 
y(x—@) =A Ki-K, _ y(x +a) 
(w—apP+y?? Ky + Ky ((xt+ayP+y}? 

2h y(x— a) 
Ky + Ky {((x—a?+y?}? 


Thus, for the bimetallic solid, we have 


for x>0 


and for x<0. 


! = ay, K,'— kK,’ y 
V = (1+.0,)} Fe a) + y*} as 1 RIK {(x+a)2+y} 
; a —o,[ 2ay(x—a) Kj'-—K,'  2ay(x +a) ] 
cer 2 (@-aFry KY+K! (@+arryp] “or *>° 
wie in . ‘ y , 2ay(«—a) | 
mK oe ak —6,'+2(1+0,)} Cay eree (e-aPaye 
formenaec0 
and a similar expression for V’”. 
Hence, for the region x >0 
_ w3(x— a? +93 y +0 2a(x + a)y 
Ui home eas {(x—a)* +7} (x+a)2+y2 {(x+a)2+y22 
R 2x(x + a)y S | 2axy a | 
* Ato) (wraPryyP Alta) | (erarryy (erarryp 


Beso yr ( R -P) ee fy ga 0) _2a(x + ayy 
tw Yx—-al+y? * te (xtaP+y? “ \i+o, {(x+a)P+y2}? 
R 2x(x+a)y S | 2axy Sax(x + a)*y 
U( 


~ 21+) (x+ay+y?}? © 201 +04) _{(w+apP+y?}?  {(x+aPr+y28 


800 A. K. Head 


_ (x= a){(x — a)? —y?} x+a 2a(x +a)? 
t= Taare) Garay *2 lL eraras z+ ye  Ieoae 
RS 2x+a 2x(x% + a)? 

f | 


+ ito) |@ratty ((wtaPrty? 
Ss a _ 2alx + a)? + 6ax(x + a) “fl 8ax(x +a)? ] 
~ 2(1 +03) Lesa a)? + (@+ arty"? {(x+a)?+y?}% 
b i " Ge — K,’ ar sae bei a 
where RICK! -RERE 
; : ies int ie 5 Ke Mu” —K, N” 
Q= ar Oro 8, has —6, ere ey 
se cue es " , Ky mi KS 
= S+ Bay" a el a, Ble eed ES a 
alias oe Ky es KER 


Cg a Ws Oecd eee re 


The stress tending to move the dislocation by glide is the value of 7,,, at the 
position of the dislocation, excluding the infinite term corresponding to the 
dislocation in a homogeneous medium, and is 


1 O R 
t= — 3, | P+ 9 -a |: 

This is equal to the shear stress which would be produced in a homogeneous 
medium, by a dislocation at the image point (—a, 0) and of strength 
{R/(4+40,) -P—4Q} times the strength of the actual dislocation. 

For the case a; =o, (=< say) it is found that the constants P, O, R and S only 
involve the sum or product of the roots of the quadratic equation for «, eqn. (9), 
and that the strength of the image dislocation becomes 


R Semen Ew Bs (1= Jeon Be (= 25) oe 
Mito see See ae rage cee: \ Bris? 3—4e PETAL 


Thus the dislocation is attracted to.the interface if E, <<, and repelled if E, >F,. 

For a screw dislocation under the same conditions (Head 1953) the relative 
strength of the image is (HL, — F,)/(E,+ £,). Foro =0-3, which isa typical value of 
Poisson’s ratio for metals, the difference between the relative image strengths of 
screw and edge is less than 15°%. 


$11. StipprInc BoUNDARY 


We consider here the same situation as §10 except that the interface cannot 
support shear stresses. Following the method of § 4 we have 


ee ON yg Vie (1- M)2axy Seta 
< {(%— a)? +")? (x + a)? +?}? (x + a)? +9?}8 


yi(x + a)? — y?} 

{(~ + a)? + y?\2 

(2a—x)(w + a)? + (3x + 2a)y? 
{(iict @)Pae yy? 


yi(x%— a)? —y?} 
UO ‘(x — a)? +}? 


+(1— M)2ay 
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oa ay h (e+ area ye 
(a—x){(w+a)%} + 6x(w + a)y?—y" 
cece na | ROR MPEP VY Weegee aE 
iia ja {(x + a)? + y?}8 
z L,—L, 2 Ey EF, : dig E, 
where M= fe-{i3- oh s+ Hts. 


The stress tending to move the dislocation by glide is r,,, = M/2a which is the 
same as would be produced by a dislocation of strength M at the image point 
(—a, 0). Thus the dislocation is attracted to, or repelled from, the boundary 
according as £,/(1—o,?) is greater or less than E,/(1—,7). 

For this type of boundary the behaviour of an edge dislocation differs from that 
of a screw dislocation. Since a screw dislocation generates only shear stresses 
which are not transmitted by the slipping boundary, it will be attracted as if to a 
free surface. On the other hand, for an edge dislocation, there is little difference 
between the influence of a slipping boundary and a completely welded boundary. 
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RESEARCH NOTES 


Vertical Focusing in the Microtron 


By J. S. BELL 
Atomic Energy Research Establishment, Harwell, Didcot, Berks. 


Communicated by F. D. Cockcroft ; MS. received 10th Fune 1953 


HE energy oscillations in the microtron have been studied in detail 
(Henderson et al. 1953). No such study of the focusing oscillations seems 
to have been made yet. We consider here the vertical motion only ; this is 
simplified by the fact that if the static vertical magnetic field is uniform, the only 
forces to be considered are those arising from the radio-frequency fields in the 
accelerating gap. Schiff (1946) has remarked that the usual focusing effect of these 
fields vanishes when the particle travels with the velocity of light. We will show, 
however, that it does not vanish so rapidly as might be expected, because with 
the very strong fields in the microtron it is not the usual first order term (which 
decreases as 1 — 6”) which is important, but another term, of second order in field 
strength, which decreases only as (1 — f*)1/”. 
Let x, y, z be cartesian coordinates with x along the axis of the accelerating 
gap and z along the static magnetic field. The equation for the z motion is 
£ (m 7) =eE,+efpH, 
where m is the relativistic mass and E,, H, the components of the radio-frequency 
field. It is convenient to introduce dr=cdt, me? =mc?/(1— 6)? =mec?y, 


u=~—mc?/e, E= —E,, and for small displacements from the axis 
2 OL. ol ons 
Hee a2 one Hae oe 
d{ dz 3 (OE on 3 
Then = (mE)=-3(F BS), exefareaere (1) 


so that thechange in p=yu dz/dr in crossing the cavity is 
On ek 
ppm -4] (5. +8 5-) ear. 


A first approximation is obtained by neglecting the variation of = and f in (1); if 
the field is nearly uniform across the gap then dE/dx is concentrated at the ends 


and one finds pPo-pPr=— zB 1—)(f, 2 he) 29 2 eee (2) 


where E,, E, are the fields seen by the particle at the beginning and end of the gap. 
For phase stability #, exceeds E,, so that the effect is a focusing one, but it becomes 
negligible as 8 approaches unity. 

‘The second order term arising from the variation of 8 can be shown to be small 
compared with (2) for energies of more than a few Mey, but not so the term arising | 
from the variation of z. This latter is again a focusing term, and comes about | 
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because the radial field at the entrance to the gap deflects the particle inwards ; 
it is then nearer to the axis for the remainder of the gap, and the defocusing forces 
there are correspondingly less effective. We now consider only the extreme 
relativistic case so that 8 = 1, dx =e dt =dr, and then, from eqn. (1), 


xf @\ see eee 
dx \ ae), Ede 
- But are i Edx, 
dz dz ae i it dz 
and if we use the fact that F is zero just ae the gap 
dz dz 1 
= - (=). -- rate [ Tb dv +25 | Edy}. eooue (3) 


Now if y, is large, dz/dx =(dz/dx),, z=, + x(dz/dx),. If we substitute these on the 
right-hand side of (3) we can calculate corrections of order y,1, and by substituting 
these in (2) again we obtain terms of order y,;~”, and so on systematically. Consider 
first the case (dz/dx),=0. The first approximation from (3) is dz/dx = —3,E/2y,u; 
at the end of the gap EF becomes zero and so then does dz/dx; this we expected. 


1 PX 
However, 2=2 (1 - -— | E ax) ; 
0 


so that if / is the gap length 


since for the synchronous particle the energy increase equals the rest energy. 
There is a fractional decrease in z of 1/2y,: quite a large effect for low energy. 
Substituting dz/dx = — z,E/2y,u back in (3) we have in the higher approximation 


dz ED cha ate de acer 
(7), ae (2y,u)? ee pane 4y Pl 


where « is a dimensionless constant depending on the detailed field distribution; it 
is greater than unity, but usually only slightly so. ‘To this order 
Dome eFC Sh AVal Oe eee Re a ns (4) 

Compare this with eqn. (2). If acceleration begins at the peak field and ends 37° 
later in phase, and if the field is uniform in the gap, then E, — F,~E£,/5~u/5/. 
Thus (4) is greater than (2) by a factor of order 2y; so already at a few Mev the effect 
of the variation of z is the more important, and this becomes increasingly so as the 
energy rises. 

To complete the description of the action of the cavity on the vertical motion we 
must consider the case z,=0, (dz/dx),40. Of course z,=/(dz/dx), in the first 
approximation, and from (3) 


ee) lf) -@). (2, 


whence p2= ty (dz/dx). =u(y, + 1)(1— 1/2) (dz/dx),=pi(1+1/2y,) to the 
required order of accuracy. 
3 H-2 
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In general, then, the action of the cavity is represented by the matrix trans- 


formation 
ie a eae re te) ear: (5) 
Po —Ku/4y,l 141/2y, Pi 


Now after leaving the cavity there are no vertical forces on the particle and the 
motion is one of drifting. The drift length is y,A—/=(y, + 1)A—J, where Ais the 
wavelength of the radio-frequency field. ‘The corresponding transformation 


— oe 


and combining this with (5) 


a) 3 Reel a u1A(1+ 1/27) ) 3 
Pv —Kultysl 1+1/2y1 Pi] 


The coefficients are correct to terms of the first order in y—!, and to this order the 
determinant of the transformation is unity, as it should be. 

The transformation (6) is applied repeatedly, once for each revolution of the 
particle. This kind of problem has been discussed elsewhere (Le Couteur 1951, 
Bell 1953), and we will describe only the basic features of the solution. If we first 
neglect the variation of y in (6) and denote the matrix by 


ie on 

Pei 22 

it can be shown that z performs an oscillation z= A cos (6+) where x is the 
number of revolutions (=y—1) andcos uw =(« 1, +%9)/2, which is in the present case 
(1—«A/8yl). Our approximation is good only when the last term is small, and then 
pe~(ka/4yl/)1? radians. _ If we put «A//~10 then p varies from some 45° at y=4 
(kinetic energy 1-5 Mev) to about 12° at y=60(30Mev). Ifnow the «’s vary slowly 
it can be shown (Bell 1953) that the amplitude of oscillation changes as («,./sin 1)". 
In the present case «, is nearly constant and sinju~p, so A~p1*._ In going from 
y =4 to y=60 the amplitude about doubles and there are nearly three complete 
oscillations. 

It must be pointed out in conclusion that any non-uniformity in the magnetic 
field can easily cause effects larger than those we have been calculating. This 
problem deserves detailed study, and it is important to consider also the oscillations 
in the meridian plane, which we have not touched on at all. 


The Director of the Atomic Energy Research Establishment is thanked for 
permission to publish this communication. 
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Magnetic Viscosity in Platinum Cobalt 


By A. W. SIMPSON anp R. H. TREDGOLD 
Department of Physics, University of Nottingham 


MS. received 13th May 1953 


been made by various workers. In particular it has been shown that 

in the majority of ferromagnetic materials the magnetization, 
immediately after the application of a discontinuous change in the applied field, 
follows a law of the form 


D ETAILED studies of the phenomena of magnetic viscosity have recently 


D235 AOg ta CONStar: ML 6 te ae ea a (1) 


where ¢ is the time measured from the instant of the change in field and S is a 
parameter characteristic of the crystallographic and magnetic state of the 
material under consideration. Street and Woolley (1949) showed that this law 
can be explained in terms of an activation energy model if certain plausible 
assumptions are made, and Street, Woolley and Smith (1952) showed with 
Alnico II (Fe 54, Ni 18, Co 12, Al 10, Cu 6% by weight) that for a particular 
crystallographic state of the material the activation energy and applied field 
are related by 


q 
SE rise: ae Wee (2) 


where 6H is a small increment in effective field and 65F is the corresponding 
mean change of activation energies; g is a parameter characteristic of the state 
of the material and evidently gives an indication of the average size of the region 
of magnetic material involved in the activation energy process. Barbier (1950) 
showed experimentally that there is an approximately linear relation between 
the reciprocal of the quantity denoted here by q/RT and the coercivity of a 
material. This relation appears to hold approximately over a wide range of 
coercivities from 1 to 1000 oersteds. 

It is accordingly of interest to see the extent to which the behaviour of 
other materials, not yet studied in this connection, obeys Barbier’s generalization. 
The present authors have therefore studied magnetic viscosity in an alloy 
containing equi-atomic proportions of platinum and cobalt and heat treated 
to have a coercivity of 1400 oersteds. 

It is interesting to note that there is a similarity in the constitutions of the 
platinum—cobalt (Newkirk, Smoluchowski, Geisler and Martin 1951) and 
Alnico (Heidenreich and Nesbitt 1952) alloys in that in both cases it is possible 
to obtain a finely divided precipitated phase by quenching from a high 
temperature and subsequently annealing. It is thus not unlikely that the 
mechanisms responsible for the magnetic behaviours of the two series of alloys 
are very similar. 

Street, Woolley and Smith (1952) also showed that for a material which 
can be described by an activation energy model 


SRT AGT wae be Se (3) 


where SS and gq are as defined in eqns. (1) and (2), and d//dH is the irreversible 
susceptibility at the point at which the viscosity measurements are made. ‘They 
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also showed that this theoretical relation agrees well with experimental results 
in the case of Alnico II. 

In the present work eqn. (3) is assumed to apply to platinum cobalt. This _ 
assumption appears to be justified because the behaviour of the material is _ 
reasonably well described by eqn. (1) and therefore can be discussed in terms 
of the activation energy model. The analogies between the metallurgies of 
platinum-—cobalt and Alnico also appear to justify this step. 

Since the magnetic fields necessary to make viscosity measurements on PtCo 
are well in excess of 1000 oersteds it was decided to use an electromagnet 
rather than a solenoid to apply the required field, a method which Street and 
Woolley have already used in this department and which will be described by 
them in the near future. The specimen is clamped between the pole pieces 
of the magnet and the potential proportional to the rate of change of 
magnetization induced in a coil wound on the specimen is measured. In the 
present work measurements were made with a galvanometer amplifier (Jones 
1951) in order to obtain the requisite sensitivity and at the same time avoid the 
use of a large and cumbersome pick-up coil. This system was calibrated by 
the injection of a small known voltage into the primary galvanometer circuit. 
Owing to the high degree of stability required for the magnetic field, a valve’ 
stabilizer was used to maintain the magnet current constant. 

In making measurements the specimen was brought into the cyclic state and 
the magnet current then adjusted to give a field approximately 80 oersteds less 
than the one at which it was proposed to make measurements. A discontinuous 
change was then made by means of the stabilizer circuit such that the final field 
was of the required value. Readings of the galvanometer deflection were then 
taken at fifteen-second intervals for thirty seconds to one hundred and twenty 
seconds after the instant of the discontinuous change. 


15 
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Variation of S with applied field for CoPt. 

It may be shown that, for a material whose behaviour is described by eqn. (1), | 
the galvanometer deflections 6 will be given approximately by | 
BSS eee Nee ee eee (4) 


for large values of t. Here A and B are parameters characteristic of the 
apparatus and A may be calculated in terms of S. 
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The results obtained for an alloy having a composition corresponding to the 
formula CoPt and heat treated to have a coercivity of 1400 oersteds were in 
reasonable agreement with eqn. (4). Consequently, it is assumed that the 
behaviour of this alloy may be described approximately by eqn. (1). 

The variation of the parameter S with applied field is shown in the figure. 
If one compares the results obtained for Alnico II (Street and Woolley 1949) 
fairly close agreement in the form of the curve and the relation of the maximum 
to the coercivity are found, notwithstanding the big difference in the coercivities 
of the two materials. 

The value of the parameter R7T/q found for this material from eqn. (3), 
using the measured value of d//dH, is 8:5. ‘This value is in excellent agreement 
with the linear relation between RT/q and H, found for other materials by 
Barbier (1950). 
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LETTERS TO-THE EDITOR 


Vapour Pressure Ratio of '7C'°O and °C'°O 


Direct determinations have been made of the differences 6p between the 
vapour pressures of a number of samples of carbon monoxide containing various 
mole fractions c of !3C (respectively 72:79, 57-76, 44-75, 30:57 and 13-98 mole % 
of #3C '6Q) and a ‘standard’ sample containing virtually no *C. Measurements 
have been made in the temperature range 68-2°K to 81-:2°K, where the samples 
whose vapour pressures were being compared were in the liquid form, and in the 


range 61-6°K to 68-0°K, where they were solid. A few measurements were also 
made below 61:5°K (i.e. below the temperature of transition between the two | 


solid forms). 

A cryostat was constructed which could be maintained at any desired 
temperature in the range. ‘The two samples whose vapour pressures were to be 
compared were condensed into two identical recesses in a well-insulated copper 
block A inside the cryostat, and the temperature T of the copper block was 
reduced to be slightly below that of the rest of the apparatus by pumping oxygen 
previously condensed in a third recess in A. The difference between the vapour 
pressures of the two samples was then measured on a differential bellows 
manometer of the type described by East and Kuhn (1946). ‘The vapour pressure 
of the ‘standard’ sample was also measured absolutely by a mercury manometer, 
and the temperature T was deduced from the vapour pressure data of Clayton 
and Giauque (1932). ‘The samples whose vapour pressures were to be compared 
were purified immediately prior to each series of experiments in a special 
high-efficiency column having a very small hold-up of material (<1 g). The 
isotopic composition of the actual samples used for the measurements was 
subsequently determined using a mass spectrometer. 

It has been found that, within the limits of accuracy of the experiments, the 


vapour pressure of carbon monoxide is linearly related to the mole fraction of | 
*8C 160 present in the liquid or solid phase. Assuming that this is true even up |. 


to 100% 1°C 10, the vapour pressure ratio p,/p, of %C1*O and =C*O at TK 
has been deduced from each measurement. ‘The results for the liquid in the 
temperature range 68-2°K to 81-2°K may be represented by the formula 

Ap = Pi —Ppo ~In (2) a 78:2 0-394 


Pi Pi Pe a EAT 


The value of Ap/p, varies from 0-0109 at 68-3°K to 0-0070 at 81-1°K, corresponding | | 


to values of Ap between about 1:25 and 5 mm Hg. 


The data for the solid in the temperature range 61-6°K to 68-1°K may be) 


represented by the formula 


P:\ _ 82 0:36 
in( #2) ee eR 


At lower temperatures the measurements are rather inaccurate because the; 
pressure differences being measured are so small; In (p,/p,) varies from about 


0-018 at 61-3°K to 0-021 at 57-2°x. 


aaa 
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In the figure the measured values of 5p/p, are plotted against 1/7. The 
curves shown are calculated from the above formulae and the assumption that 
dp=cAp. In no case does an experimental point for the liquid lie off the 
corresponding curve by more than 1° of the value of Ap/p, at that temperature, 
and in most cases the agreement is much better than this. For the £ form of the 
solid the agreement is not quite so good, as the differences of pressure being 
measured were smaller, but the divergence of the experimental points from the 
curves is never more than 2°, and in most cases is only about 1% of the 
corresponding value of Ap/p,. 
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°, LF 16, Pa 
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Direct determinations have also been made of the differences between the 
melting and transition pressures of the same samples and from these measurements, 
together with the data on the differences of vapour pressures just above and just 
below the melting and transition regions, the melting and transition temperatures 
of the various samples have been calculated. In each case the temperature is 
found to be linearly dependent on the mole fraction of '?C'*O present. The 
melting point of #C1*O is deduced to be 0-061;°c higher than that of ’C!6O, 
and the transition temperature 0-112°c higher than that of ’C 160. 

Experiments are at present being made to determine the effect of isotopic 
abundance on the vapour pressures of a number of other substances. A more 
detailed account of the whole investigation will be published when these 
measurements have been completed. 

I am indebted to Mr. D. Dance for making the mass spectrometric measure- 
ments, to Dr. H. London for his interest in the work, and to the Director of the 
Atomic Energy Research Establishment for permission to publish this letter. 


Atomic Energy Research Establishment, T. F. Jouns.. 
Harwell, Didcot, Berks. 
20th May 1953. 


Crayton, J. O., and GiauquE, W. F., 1932, 7. Amer. Chem. Soc., 54, 2610. 
East, H. G., and Kuun, H., 1946, F. Sci. Instrum., 23, 185. 
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REVIEWS OF BOOKS 


Grundlagen der Elektronenoptik, by WaLTER GLASER. Pp. x+699. (Vienna : 
Springer-Verlag, 1952.) £10 4s. 6d. 


Although there are several excellent comprehensive textbooks upon electron 
optics, until recently there has been barely a choice of monographs specifically 
devoted to a formal theoretical presentation of the subject. For this reason 
many will be glad to learn of the publication of a weighty volume upon the 
theoretical basis of electron optics by Dr. Glaser who has himself made such 
impressive contributions to this field. Those who are well acquainted with the 
author’s papers will find most of the contents familiar and will doubtless note the 
author’s advice that the unfamiliar material is also to be published in the 
appropriate journals. 

The applications of electron optics are varied including, as the author points 
out, the cathode-ray tube, the electron microscope, beta-ray and mass spectro- 
meters, and the focusing of particle accelerators. One is, therefore, surprised 
and not unreasonably disappointed to find that in a book of 700 pages the writer 
must restrict his attention almost exclusively to the electron microscope. ‘This 
is made necessary partly because the author gives extended treatments of topics 
which are usually discussed too briefly or ignored altogether, partly because all 
electromagnetism and, more remarkably, all wave mechanics necessary to the 
argument is developed in the text, and partly because the book contains much 
detailed information for which most readers would have been content to turn to 
the periodicals. But, for these same reasons, those who are actively engaged in 
the design of electron microscopes and similar instruments should find this book 
of great value. 

Almost half of the book is given to the first section upon ‘[Electromagnetic| 
Imaging Fields and Gaussian Dioptrics’. ‘This contains the familiar dynamical 
treatment of electron lenses according to the paraxial approximation together 
with detailed discussion of analytical models, further expanded by the inclusion 
of such interesting, though perhaps somewhat academic, topics as the imaging 
condition regarded as an eigenvalue problem and the author’s elegant theory of 
osculating cardinal points. One also finds a chapter given to experimental field 
measurement and path determination and to field calculation, and another 
given to the numerical calculation of paraxial rays but, although there is a 
numerical example of the relaxation method, the tendency is to treat methods of 
calculation formally; it is to be regretted that the reader is not given explicit 
guidance, clarified with examples, for computing the paraxial properties and 
aberrations of a practically determined lens field. It is also disappointing 
to find this distinguished author perpetuating the confusion which surrounds 
the short-lens formula for the focal length of electrostatic lenses; both the rival 
formulae are presented apparently without the author’s realizing that they are 
incompatible. ‘The most welcome feature of this section, as of the next, is 
undoubtedly the collecting together of the author’s extensive calculations on 
analytical models of electron lenses, for these results are of great and proven 
value to designers. 

The next quarter of the book is occupied by a section on the ‘ Theory of 
Geometrical Aberrations’. ‘This begins unhappily with the republication of the 
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author’s original derivation of the formula for the refractive index of an electron- 
optical field although, as has been pointed out in the columns of this journal, 
this derivation is based on a complete misunderstanding of the principle of least 
action. It is also somewhat surprising to find that the author revives his 
original treatment of the third-order aberrations by means of the Seidel eikonal 
although this suffers from the disadvantages of being exceedingly tedious and of 
being valid only if the aperture is in field-free space. One cannot help feeling, 
at this stage, that had greater emphasis been laid upon the computation of the 
aberrations of experimentally determined lens fields, the writer would have 
endeavoured to improve upon the formulae which he first published some twenty 
years ago. In compensation, however, we find that the subsequent discussion of 
aberrations is most extensive and informative, not being confined to the usual 
geometrical figures, but extending to a detailed investigation of the associated 
caustic surfaces and isophotes which includes a welcome discussion of practical 
tests for aberrations. 

This section ends with brief treatments of three topics which one could 
hardly expect to be discussed fully in a textbook. The first is a reproduction 
of Dr. Glaser’s paper upon electron lenses of disturbed rotational symmetry. 
‘This work, which covers aberrations due to lens distortion, is as much as could 
be presented explicitly and is of undoubted value, but one might have expected 
the author to indicate briefly the manner in which the field perturbation is to be 
evaluated and to point out that there are essential differences in treatment between 
the distortion of lens elements and the misalignment of these elements. 

The next chapter, on deflection systems, may be considered a model of how 
to treat a simplified form of a complicated problem in a way which brings 
out the salient features of the problem and indicates clearly the way to proceed 
with more complex forms. But the uninitiated may be distressed to find in use 
here a third method of aberration calculation; the method of variation of para- 
meters has been used twice, the Seidel eikonal has been employed, and now there 
is introduced what is probably the most compact and flexible method, that of 
perturbation characteristic functions which the author first used in 1949. It 
would have made matters much clearer and simpler for the reader had one 
method, preferably the last, been used throughout or at least in the treatment of the 
third-order aberrations since this method is applicable for any aperture position. 

There is a subtle fallacy in this chapter which it is worth while bringing to 
light. ‘The perturbation procedure adopted by the author is valid for first-order 
calculations but it is suggested that extension to higher orders may be achieved 
by simple repetition of the first-order procedure, regarding the second term 
of the perturbing field as a perturbation of the unperturbed field together with 
its first perturbation. ‘This seems at first sight to be plausible. However, in 
making a first-order calculation one commits, but neglects, errors of the second 
and higher orders: these errors cannot be evaluated by proceeding to the 
ecnsideration of the next higher term of the perturbing field but only by re- 
inspection of the first-order calculation. ‘The example chosen by the author 
fosters the misunderstanding since it is a system for which the first-order 
calculation happens to be exact so that there are no second-order errors to be 
picked up. 

The last chapter of this section is, in strange contrast to the preceding 
chapter, a model of how not to simplify problems for didactic purposes since the 
specific topic treated bears little relation to the general problem to which it 
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belongs. It reproduces a paper in which the author briefly discussed, by 
dynamical methods, the paraxial focusing of circular beams which encircle fields 
of rotational symmetry. ‘This chapter gives no indication of how one should 
analyse the electromagnetic field for a more general problem; in reverting to 
dynamical methods it seems to imply that optical methods are no longer appro- 
priate, which is untrue; and it provides the reader with no clue as to how he 
should proceed with aberration calculation. 

The last quarter of the book is taken up by a section on ‘ Electron Optics and 
Wave Mechanics ’, which the author opens by establishing wave mechanics from 
a comparison of Newton’s and Huyghen’s interpretations of Snell’s law of 
refraction. One is also invited to consider such topics as the interpretation of 
wave mechanics in terms of a fictitious potential and several variations of 
Heisenberg’s uncertainty relation before the wave theory of electron optics is 
embarked upon. But, once launched, this becomes the most interesting section 
of the book which gives a lucid presentation of diffraction theory according to the 
paraxial approximation and also taking account of aberrations. ‘The section ends 
in fine style with a derivation of the Kirchhoff formula from the Schrddinger 
equation and an analysis of the resolving power of the electron microscope. 

The text is fully illustrated and indexed, and there is an extensive bibliography 
in which the author lists and comments upon the publications of other workers. 
This affords some dry humour as, for instance, on the occasion when a 92-page 
paper by Picht and Himpan is annotated as a‘ special case ’ of a 16-page paper by 
the author. 

The author’s main object was to provide a didactic exposition of electron — 
optics for the use of students and new-comers to the subject. There is no doubt 
that the book contains the essentials, and more than the essentials, of electron 
optics as applied to the electron microscope, but whether the subject has been 
made sufficiently tempting to induce a student to make such a very expensive 
purchase must be left for the student himself to decide. It is, in the opinion of 
this reviewer, as a reference work that this volume will be most highly valued : 
as such it is likely long to go unchallenged. P. A. STURROCK. 


The Theory of Homogeneous Turbulence, by G. K. BaTcHELOR Cambridge 
Monographs in Mechanics and Applied Mathematics. Pp. xi+197. 
(Cambridge: University Press, 1953.) 25s. 


Books on fluid dynamics generally tend to one or other of two extremes— 
either they are mathematical treatises with a few passing references to experi- 
mental evidence or they consist of résumés of laboratory experiments with a 
thin sprinkling of mathematics. Dr. Batchelor’s timely account of recent 
advances in the more ‘ pure’ aspects of turbulence theory is remarkable if only 
for the fact-that it pays considerable attention to laboratory measurements while 
remaining primarily a mathematical text. 

One of the difficulties in formulating theories of turbulent motion is the lack 
of a truly mathematical definition of turbulence. Literary descriptions of the 
turbulent state are of little use and Dr. Batchelor inspires confidence by making 
his position clear from the first page. For him, a turbulent motion is one 
in which “ the velocity takes random values which are not determined by the 
ostensible, or controlled, or ‘macroscopic’ data of the flow, although we believe that 
the average properties of the motion are determined uniquely by the data”. (In 


1951 the reviewer, when attending a conference in America, suggested that | 
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turbulent motion is one containing finite oscillations of velocity not specifically 
related to the boundary conditions, which is on much the same lines as 
Dr. Batchelor’s definition.) ‘The difficulty lies in the meaning to be attributed to 
the words ‘ random’, ‘ determined’ and ‘ macroscopic’. In principle, if the 
Navier-Stokes equations be accepted as universally true, the details of any 
motion can be found whenever the requisite initial and boundary conditions are 
known. In practice (apart from the technical difficulties of handling non-linear 
equations) it is impossible to be sure that all the relevant factors are specified, 
because all turbulence arises from instability and, initially, some of the factors 
may be below the threshold of observation. ‘This is not to say that the velocity 
field is indeterminate in the strict sense of the word. It is made clear later in the 
book that what is implied is that the knowledge available from the ‘ macroscopic ’ 
data is limited to a specification of the probability laws affecting the fluctuations. 
Turbulence theory then becomes the study of the statistical mechanics of a 
continuum, based on the belief that the population of fluctuations, as a whole, 
exhibits stable and predictable characteristics, even though the individual 
fluctuations defy prediction, or even exact description. This situation may arise 
because the laws which govern the continuum (the equations of viscous motion) 
are themselves statistical summaries of collision dynamics. Some more space 
might have been found in the book for a discussion of these points, which lie at 
the root of the problem. 

Homogeneous turbulence is a special case in which, initially, an infinite fluid 
exhibits velocity fluctuations specified by probability laws which are independent 
of position, and the main problem is to trace the subsequent development of these 
laws in a continuous field subject to the equations of motion and of continuity. 
This is an ideal problem, for no known motion conforms entirely to these require- 
ments, but the homogeneous field can be realized approximately in certain special 
arrangements (e.g. in the region far downstream of a regular lattice). Hence it is 
possible to use the mathematical theory to suggest quantities which can be 
measured and matched with the predictions of the theory. ‘The object of this 
work is to investigate the basic properties of the turbulent field by considering a 
very limited case. ‘There is no attempt to explore consequences which arise in 
technological work, such as the transport effects of the fluctuations. 

The book opens with a general introduction and brief history of the problem. 
This is particularly well done. Chapters II and III, which deal with the 
mathematical representation of the turbulent field and the general kinematics of 
homogeneous turbulence, are not easy reading, especially for a newcomer. ‘This 
is partly because of the real difficulties of the subject, but also because of the 
condensed and abstract form of the exposition and the lavish use of the double- 
sufhx tensor notation. Undoubtedly at this stage the book suffers from an 
attempt to achieve too great generality too quickly and it would have been a 
better plan to introduce the subject by specific instances, such as the linear 
problems of Chapter IV. Chapter V on the general problem of decay also 
suffers in some respects from condensation, and the average reader will find 
Chapter VI which deals with the similitude theory of Kolmogoroff and others a 
welcome relief. Here, as might be expected from Dr. Batchelor’s earlier papers, 
the treatment is excellent, the mathematics simple and straightforward and the 
physical concepts convincing and easily comprehended. ‘The final chapters, 
dealing mainly with the energy-containing eddies, are well illustrated by experi- 
mental work, but occasionally one wishes for a more extended discussion of the 
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laboratory results. In most of the examples it is immediately evident that the 
measurements lend considerable support to the theory but in others the com- 
parison is not impressive at first sight. (Thus in fig. 4.2 the reader may be 
sceptical about the statement in the text that the experimental values are given 
“to a good approximation ” by the theory.) The book concludes with a valuable 
bibliography, the compilation of which must have meant considerable labour. 

Research workers will welcome this book as an indispensable account of the 
post-war activities of the Cambridge school founded by Sir Geoffrey Taylor. 
Those coming new to the subject may find the treatment austere and they would 
be well advised to acclimatize themselves by studying the later chapters first. 
Dr. Batchelor’s main achievement undoubtedly is to have stated his problem 
explicitly and to have brought some much needed rigour into this difficult and 
diffuse subject. 

The present volume is the first of a new series edited by Dr. Batchelor and 
Mr. Bondi. Other monographs are promised on shear turbulence, hydro- 
dynamic instability, de Broglie waves and sound pulses, an interesting programme 
which has got off to an excellent start. ‘The production of the book is a good 
example of the high standard which we have learned to expect from the 
Cambridge University Press. O. G. SUTTON. 


Grundversuche der Phystk in historischer Darstellung, by CARL RaMSsAuER. Vol. I. 
Von den Fallgesetzen bis zu den electrischen Wellen. Pp. viii+190. (Berlin, 
Gottingen, Heidelberg: Springer-Verlag, 1953.) DM. 19.80. 


In the introduction to his excellent book Professor Ramsauer draws attention 
to one of those well-known facts that have a way of escaping attention, namely 
that the standard histories of physics by Poggendorff, by Heller and by Gerland 
contain no illustrations—and the illustrations in Rosenberger’s history are so few 
that he might have added that work. Gerland and Traumiiller’s Geschichte der 
phystkalischen Experimentierkunst 1s a valuable work which is copiously illustrated 
but stresses the apparatus rather than the advances made with its aid, and is 
little concerned with work after 1800. Professor Ramsauer, who is known to 
physicists for his fundamental investigations in electronics, including the effect 
known by his name, has set himself the task of describing certain well-chosen 
fundamental experiments in physics and the way in which they were carried out, 
writing throughout as an experimenter. ‘This means, of course, that he has 
always gone te the original accounts and has read them with a full realization of 
the conditions of the times in question. ‘The result is a book that will be of the 
greatest interest to all physicists with historical leanings. Probably any experi- 
mental physicist who picks up the book and starts reading will find that he has 
historical leanings. 


The experiments range from those of Galileo on the law of fall to Hertz’s | 


investigations of electric waves, although one or two are included that fall outside 
the dates so determined. [or instance, in discussing the history of the law of 
gravitation, the author takes together ‘Tycho Brahe—somewhat before Galileo— 
Kepler and Newton. He admits that Newton’s work in this field is scarcely 
experimental, but effectively defends its inclusion. Typical of his attitude is that 
Professor Ramsauer points out the fundamental importance of the accuracy which 
Tycho obtained with the instruments on which he lavished so much care. 
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These instruments had open, not telescopic, sights, but Kepler estimated that 
Tycho’s error in angle did not exceed two minutes of arc: such was his 
confidence in this precision that a discrepancy of eight minutes between ‘T'ycho’s 
observation and a calculation of the orbit of Mars which he, Kepler, had carried 
out on an early scheme of his was sufficient to lead him to abandon this scheme 
and turn to work that culminated in the discovery of the elliptic orbit. Professor 
Ramsauer is, perhaps, a little over-kind to Kepler’s notions on the mechanics 
of the heavens—Kepler’s ‘ magnetic ’ force had no resemblance to a gravitational 
force, for he said quite plainly non est attractoria sed promotoria—but he rightly 
stresses his immense services. 

Exceeding the limiting date at the other end is the account. of Lebedew’s 
experiments on the pressure of light, no doubt included as clinching: Maxwell’s 
theory of light and because the experimental elegance strongly appealed to the 
author. ‘To give some notion of the scope of the book, the other experiments on 
light which are to be found here are those of Rémer (perhaps hardly experi- 
mental), Fizeau and Foucault on the velocity of light, Newton’s work on the 
decomposition of white light, Fresnel on interference, Malus on polarization and 
the chief optical work of Fraunhofer, Kirchhoff and Bunsen. ‘The account of 
the experimental proofs of the kinetic theory of gases, dealing with the work of 
Robert Brown (‘ Brownian-movement Brown’), O. E. Meyer and Maxwell, is com- 
pleted by a short description of the experiments which Stern carried out in 1920. 

The careful discussion of the early experiments on the gas laws, going up to 
Regnault, disposes of Mariotte’s claim to be included with Boyle. We are glad 
to see Andrews’ fundamental experiments on the critical point included in the 
work on gases. The experiments on electricity and magnetism comprise, 
besides those that would at once occur to the reader, Rowland’s work on 
the magnetic effect of a moving charge, a difficult and fundamental achievement. 
The book concludes with an account of Feddersen’s investigations of the oscill- 
atory discharge, a fascinating piece of work, and Hertz’s discovery of electric 
waves, of which the author says that since Faraday’s discovery of electromagnetic 
induction there has been no experimental discovery of such genius. 

This book is written with a lifetime’s knowledge of experimental physics 
and with an unabated enthusiasm for ingenuity of experimental method. It 
should meet with a warm welcome, not least wherever physics is taught. We 
look forward to a second volume which is announced, to cover the period from 
R6ntgen rays to wave mechanics. E. N. DA C. ANDRADE. 


CORRIGENDUM 


Electrical Conduction and Breakdown in Liquid Dielectrics, by D. W. GooDWIN 
and K. A. Macrapyen (Proc. Phys. Soc. B, 1953, 66, 85). 


The authors of the above paper state: ‘‘ The dielectric constant of the liquid was 
unfortunately omitted from the analysis in §5. It should appear as a multiplied factor on 
the left of eqn. (7) and throughout the subsequent equations. It should have been stated 
in § 5.2 that the field strength is assumed for simplicity to be modified by space-charge to 
only a small extent. In fig. 8 the labels should read 0, 100, 200, 300. Equation (14) 
should read F=bC,/(21/C,—1) instead of as shown, and the subsequent sentence should 
be deleted. ‘These changes modify curve a in fig. 11, but, as is explained in § 5.3, the 
agreement is in any case partly fortuitous. 

We regret these errors and apologize for any inconvenience caused to readers.” 
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Surface Condition and Electrical Impedance in Rubber Friction 


By A. SCHALLAMACH 
British Rubber Producers’ Research Association, Welwyn Garden City, Herts. 


MS. received 27th April 1953 


Abstract. It is shown experimentally, by employing electrically conductive 
rubber, that during the’frictional gliding of rubber a thin layer in contact with the 
track undergoes a deformation which considerably increases the electrical 
impedance of this layer. In the case of previously abraded rubber the layer is 
permanent. Ifa d.c. potential is applied between sample and track during sliding, 
electrostatic attraction between sample and track is produced which increases the 
frictional force. ‘The thickness of the layer, as estimated from the magnitude of 
the electrostatic force, is a few thousandths of a centimetre. 


§ 1. INTRODUCTION 


VIDENCE has been advanced recently (Schallamach 1952 a) that the frictional 
Bk force between rubber and a hard, smooth track is proportional to the true 
area of contact between rubber and track, the area depending on the 
deformation of the asperities on the surface of the sample under the influence of 
the normalload. Itis to be expected that during sliding the asperities will undergo 
an additional deformation as a consequence of the tangential stress. Direct 
observation of the interface rubber-track is difficult, but it was thought that if the 
rubber could be made electrically conductive there should be detectable changes in 
the electric resistance between sample and track when the rubberis set into motion. 
Electrically conductive rubber is easily produced by incorporating carbon black 
in the compound, and the results obtained with such specimens are reported here. 
Great interest attaches to carbon-loaded rubbers for their own sake as practically 
all rubber tyres contain about 30% by weight of carbon black. 


§ 2. EXPERIMENTAL 


The equipment used for these experiments was the same as in the earlier 
investigation (Schallamach 1952 a, see also Roth, Driscoll and Holt 1942). Each 
sample, 3-17 mm thick and 4-7 cm? area, was bonded to a steel plate which served 
as one electrode. The other electrode was the track, made of chromium-plated 
brass, over which the sample slid at a velocity of 0-00216cmsec™t, and under a 
normal load of 3-96kg. The track was cleaned according to a standard technique 
with acetone after each run. ‘The composition of the samples was as follows : 
rubber 100, ZnO 5, S 2-5, Santocure (accelerator) 0-5, Philblack O (furnace black) 
50-0, stearic acid 2-5, pine tar 4:5, phenyl-f-naphthylamine (antioxidant) 1-0. 
This recipe represents a typical tyre tread compound. ‘The samples were 
cured at 140°c for 40 minutes, and their sliding surface was moulded against a 


ground glass plate. 
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The first measurements were carried out with a d.c. potential applied between 


sample and track, but it was found that the results were subject to time effects and 
that the samples did not obey Ohm’s law. For this reason the experiments 
were continued with low-frequency alternating current. As will be shown later, 
Ohm’s law was still not followed at these frequencies, but the deviations from 
linearity in the current-voltage curves were relatively unimportant, and measure- 
ments could be made within a narrow range of voltages which were kept constant in 
each individual run. The frequencies employed were 21 c/s and 110c/s. These 
particular values were dictated, on the low-frequency side by availability, and on 
the high-frequency side by the endeavour to keep clear of the region of anomalous 
dielectric dispersion (Schallamach 1951). Thealternating currents were measured 
by means of a valve voltmeter shunted by resistances of suitable values. 

The ratio of potential difference to current will be referred to as impedance R, 


although this term may be slightly misleading in view of the non-linearity of the 
phenomena. 


§ 3. IMPEDANCE CHANGES DURING SLIDING 


When a new sample is put on the track and is loaded normally the impedance 
decreases and reaches a constant value after a few hours. For this reason the 
samples were left on the track for at least 12 hours before measurements 
commenced. ‘The equilibrium current-voltage characteristics at the two 
frequencies are shown by curves I in fig. 1 (a), which demonstrate the extent to 
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Fig. 1. (a) Current-voltage characteristics of resting sample: I, when new; II, three days 


after completion of experiment. (6) Current—voltage characteristics of sliding 
sample after application of d.c. potential. 


which Ohm’s law is not obeyed by this material. The higher current at the lower 
frequency found under these conditions is most probably due to residual inductance 
in the leads and measuring equipment as the same effect was observed when the 
sample was replaced by an ohmic resistor. The corresponding difference in the 
nominal value of the impedance is small compared with effects observed during 
sliding. 

During sliding, the following measurements were made. The frictional force 
was read every 30 seconds, and at the same instants the impedances were deter- 
mined, alternating measurements at 21 c/s and 110c/s, so that the readings at each 


frequency were spaced at one minute intervals. The travel of the sample was 
determined at suitable times. 
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The results obtained with a new sample are given in fig. 2(a), the impedance 
measurements having been made at a potential difference of 4:08 v. ‘There is no. 
material difference between the impedances at 21 c/s and 110 c/s, but they reverse 
their order during the initial stages of the experiment so that the low-frequency 
value becomes larger than the impedance at the higher frequency. ‘The character 
of the impedance curves is very similar to that of the frictional force curve. 

When the drive is switched on (time zero) the frictional force increases. 
sharply, while the slack is taken up in various parts of the apparatus, mostly in the 
towing lines. ‘There is a similar increase of the impedances during this period, 
and a point of inflection is found in all curves when static friction is overcome and 
the sample begins to move. The similarity in the time-dependence of the three 
quantities is also maintained in such details as the sigmoid range following shortly 
aiter the point of inflection. Finally, both frictional force and impedances 
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Fig. 2. (a) Impedances R, frictional force and travel of a new sample plotted against time. 
Applied voltage 4:08v. (6) Impedances of, and shearing force on, rubber sandwiched 
between two bonded plates plotted against time. Applied voltage 1-61 v. 


become essentially constant, the latter after having passed through an ill-defined 
maximum. 

The sample does not immediately move with the prescribed constant velocity 
but starts at a slower rate and accelerates until the slack has been completely taken 
up. ‘The maximum of the impedance curves appears to coincide with the region 
of the travel curve where the sample reaches constant velocity. 

The changes of the impedance described above are only partially reversible. 
When the sample is stopped, the impedances decrease slowly but, as curves II 
of fig. 1(a) show, they have still 25 times their original value after a lapse of 3 days. 

Assuming that the effects shown by these experiments have their origin partly 
in the bulk of the rubber, and partly in the surface asperities, it 1s essential 
to assess the contribution to the effects by the deformation of the bulk material. 
For this purpose a sample was used which had approximately the same dimensions 
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as the friction sample but was bonded between two steel plates, the lower one of 
which was fixed to the track and the upper one to the carriage usually holding the 
friction samples. The result of subjecting this sandwich to shearing stress is B| 
shown by fig. 2(b). The force rises, of course, much faster than when the sample 
can move; the absolute values of the impedances and their relative increases at 
comparable values of the stress are considerably lower than those of the friction 
sample. 

A simple variant of the experiment is to repeat the measurements after the 
rubber surface has been abraded. This was done by running the sample a few 
times over silicon carbide cloth (John Bull, No. 150), changing the direction of 
motion after each run in order to prevent the formation of an abrasion pattern 
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abraded sample: (a) resting 
sample, one day after abrasion; 
(6) during sliding, after applica- 
tion of d.c. potential. 


Fig. 4. Impedance R, frictional force and 
travel of abraded sample _ plotted 
against time. Applied voltages: at 
21 c/s, 5-6v ; at 110 c/s, 4-0v. 


(Schallamach 1952b). As withanew sample, some time is required for the rubber 
to settle down after abrasion, and curves a in fig. 3 give the current—voltage 
characteristics after 24 hours. Abrasion affects the conductive behaviour of the 
sample profoundly. ‘The impedance has increased one to two orders of magnitude, 
depending on the frequency. At 110c/s the current is far larger than at 21 c/s and 
obeys Ohm’s law within the limits of experimental error. The results obtained 
when the sample slides are given in fig. 4. The frictional force increases in the 
same manner as before, but the equilibrium value is about 15% lower than in the 


case of the new sample. From this may be deduced that the true area of contact 
has been reduced by a similar amount. 
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The trend of the impedances curves in fig. 4 is also the same as before but the 
relative increase at 110c/s is very small compared with that at 21c/s. The table 
gives equilibrium values of the relative increases of the impedance in the four 
instances described in this section. 


Relative Increase of Impedance during Sliding 


Frequency (c/s) 21 110 
New sample 350°%, 330% 
Abraded sample 230% 64% 


It will be seen from this table that the effect is reduced by abrasion. 


§ 4. DISCUSSION OF SLIDING EXPERIMENTS 


After the sample has started to move in the experiments described above, the 
frictional force continues increasing. ‘This is due to two causes. In the first 
. instance rubber friction has an approximately logarithmic positive velocity 
i coefficient (Roth, Driscoll and Holt 1942, Schallamach 1953) so that the frictional 
| force rises until the velocity has become constant. In addition, there is a 
. mechanism by which the frictional force increases for some time even at constant 
velocity. This is a sluggish process which depends, among other things, on the 
distance travelled, and is thought by the author (1953) to be due to a conditioning 
of the rubber surface. The sigmoid region of the frictional force curve is most 
probably the outcome of a superposition of these two effects. ‘There may yet be 
another reason for this particular phenomenon because an indication of it is found 
in the stress curves of fig. 2(b), which suggest a peculiarity in the stress-strain 
curve of the rubber. 

Comparison of figs. 2 (a) and 2 (6) and the effect of abrasion appear to prove that 
the observed impedance changes have their origin preponderantly in the top layer 
of the rubber nearest the track, and are caused by the deformation of surface asperi- 
ties which, because of their smaller combined cross section, undergo at the same 
applied shearing stress a larger deformation than the bulk material. The 
conditions on the surface are complicated by the fact that there are abrupt changes 
in the cross section of the electric conductor ; in the transition from bulk rubber 
to asperity, the total resistance is not equal to the sum of the geometrically calcu- 
lated resistances, but there is an additional term called the spreading resistance (cf. 
Bowden and Tabor 1950, p. 25). Similar arguments apply to the impedance. 
The order of magnitude of the effect may be gauged by the simple case of a cylin- 
drical asperity of equal diameter and height resting on a highly conductive track. 
The spreading resistance r at the junction of a small cylinder of radius a with an 
infinitely extended conductor is y=p/4a where p is the specific resistivity of the 
material and amounts in the present instance to about 28 °%% of the total resistance. 
If the asperity is strained during sliding, its cross section will most probably be 
reduced, and it will be seen that in this case the spreading resistance will increase. 
The conclusion drawn from these considerations is that the spreading resistance 
or impedance will enhance any effects due to deformation of the asperities. 

The results obtained with the new sample will be dealt with in detail first. 
If this rubber were an ordinary, though poor, conductor of electricity the deform- 
ation of the asperities would by itself lead to an increased resistance by a ‘ strain 
gauge’ effect. However, rubbers of the tyre tread type are not ordinary conductors, 
but their conductivity is highly strain sensitive (Bulgin 1945, Wack, Anthony and 
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Guth 1947). This behaviour is generally attributed to continuous, though open, 
carbon structure extending over large regions of the compound and readily 
breaking on straining the rubber (Mullins 1947). ‘To estimate the amount of the 
strain of the asperities necessary to produce impedance changes of the order of 
those shown in fig. 2 (a) acylindrical sample of 2:54 cm diameter and 1-27 cm height, 
bonded to steel plates, was extended and its impedance measured. ‘The strain in 
this experiment is not well defined but may be considered as approximating to that 
of a simple extension. It was found that an extension of only 19% sufficed to 
increase the impedance by 350%, and a rough estimate shows that the same change 
of impedance could be brought about by a simple shear of about 35%, the angle of 
shear being slightly more than 19°. 

During sliding the passage of alternating current through the sample ceases 
to be purely conductive as the impedance at 21 c/s exceeds that at 110c/s. This 
behaviour indicates, of course, that a displacement current flows through the 
sample and that the total current is no longer the sole result of electronic and ionic 
conduction, or of the migration of other carriers of electricity. 

With the abraded sample large local deformations occur on the abraded surface 
(Schallamach 1952c) and the breakdown of the carbon strcuture brought about 
thereby is more pronounced than that brought about by the comparatively small 
strain occurring on the surface of a new sample during sliding. The top layer of 
the abraded rubber may be visualized as a dielectric containing well dispersed and 
immovable conductive carbon particles, which increase the dielectric constant of 
this layer, and discrete electricity carriers. ‘The relative magnitude of the capacitive 
and conductive currents depends on the frequency, and at 110 c/s the contribution 
of the conductive current to the total current appears to be small because of the 
linearity of the current—voltage curve in fig. 3. The non-linearity of the corres- 
ponding curve at 21c/s, like that of the curves in fig. 1, seems to show that the 
motion of the electricity carriers is not governed by Stokes’ law. 

As the conductive part of the current is confined to a path along the deformed 
asperities, but the capacitive current can pass from the solid back of the sample to 
the track by the dielectrically shortest way, it is not surprising to find that the 
impedance changes shown in fig. 4 should be greater at 21 c/s than at 110 c/s. 


§5. ‘THe Errect or A D.C. PoTENTIAL 


If the top layer of high electric impedance postulated in the last section exists, 
the following effect may be predicted. When a d.c. potential is applied between 
sample and track, practically the whole voltage drop should take place across this 
top layer and thus give rise to a high electric field strength and to electrostatic 
attraction between sample and track, with a corresponding increase of the frictional 
force. 

The results of such experiments are given in fig. 5 for a new sample, and in fig. 6 
for an abraded sample. Relatively low voltages suffice for the production of 
substantial effects, a voltage of 240 v, for example, increasing the frictional force 
by nearly 50%. 

On switching on the d.c. potential, the frictional force does not immediately 
rise to its final value. Within the first one or two minutes the frictional force 
rises quickly and then continues increasing at a lower rate for at least 30 minutes 
(cf. fig. 6) before it becomes constant. 
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These, and other, time effects shown in figs. 5 and 6 are almost certainly con- 
nected with the time dependence of the direct current flowing through the sample. 
The current decreases rapidly after being switched on; during the first five 
minutes it drops to about one third, and then becomes constant at one tenth, of the 
initial value. It is thought the declining current is due to the exhaustion of ions or 
other carriers of electricity in the top layer, thus leading to a higher resistance and 
higher field strength across the sample. That the passage of direct current 
produces a physical change in the sample is demonstrated by its subsequent 
behaviour towards alternating voltages. The changes brought about by the direct 


45 50 55 60 65 70 75 80 85 
Time (min) 


Fig. 5. The effect of d.c. potentials on the frictional force of a new sample plotted 
against time. 
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Fig. 6. The effect of d.c. potentials on the frictional force of an abraded sample plotted 
against time. 


current are most pronounced in the new sample where, as fig. 1(b) shows, the 
impedance is increased many times and has become frequency dependant. The 
effect is similar but not so pronounced in the abraded sample, as seen in fig. 3. 
These findings are compatible with the view that the number of electricity carriers 
has been reduced by the direct current. 

Electrostatic attraction can be shown by another, rather striking, method. 
Because of the positive velocity coefficient of rubber friction, rubber can be made to 
slide along 2 track under constant tangential stress (Schallamach 1953). If this 
is done with a sample of tyre tread rubber, application of a d.c. potential stops the 
sample instantaneously. 
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The electrostatic force does not, in principle, depend on the process of sliding, 
and it should be possible to demonstrate it with a resting sample of abraded rubber 
where, it has been pointed out, a permanent modified top layer exists. The 
difficulties in this experiment are the same as those encountered when the welded 
bridges between contiguous pieces of metal are to be evinced directly (Bowden and 
Tabor 1950); local contacts between sample and track must all be equally 
maintained while the normal load isremoved. It has been found possible to make 
rubber adhere electrostatically to metal, but the results depended very much on the 
manipulative skill of the experimenter. 


§ 6. THE THICKNESS OF THE Top LAYER 


If itis assumed that the total d.c. voltage drop occurs in the top layer, the effective 
thickness of this layer can be estimated from the observed increase of the frictional 
force, provided the coefficient of friction is known. The difficulties in this 
calculation are to determine the exact increase of the frictional force, and to find the 
value of the dielectric constant of the top layer. Figures 5 and 6 make it clear that 
equilibrium values take a long time to establish, and the physical properties of the 
sample change during the experiment. The electrostatic force should be 
proportional to the square of the applied voltage, but the data do not quite give this 
result. Fortunately, the calculated thickness does not depend critically on the 
other factors because in a plane parallel condenser, to which the top layer approxi- 
mates, d=6:71 x 10-7 (eV? A/N)"?, where d is the thickness in cm, « is the dielectric 
constant, V the potential difference in volts, A the area in cm”, and N the electro- 
static, i.e. normal, force in kg. According to fig. 6, 240 v give an increase of the 
frictional force of about 3-6kg. The coefficient of friction in this region is 1-9, 
so that the normal load has increased by about 1:9kg. With these figures 
d=8-03 x 10-*e4cm. If the carbon black were dispersed as isolated spheres the 
theoretical value of the dielectric constant of the top layer would be about 4, the 
dielectric constant of the rubber hydrocarbon taken to be equal to 2:4. If the 
original carbon structure survived in the form of short rods with the average 
length to diameter ratio 4/1, which is a likely value, the dielectric constant (Sillars 
1937) should be about 10. The order of magnitude of the thickness of the top layer 
is therefore a few thousandths of a centimetre. 


§ 7. CONCLUSIONS 


The experimental evidence adduced in this paper appears to confirm the view 
advanced in the Introduction that during the sliding of rubber a surface layer in 
contact with the track suffers considerable deformation. In the case of rubbers of 
the tyre tread type this top layer acquires physical properties different from those of 
the bulk material. In particular, its electrical resistance becomes very high and 
large electrostatic forces can be produced across it by means of moderate d.c. 
potential differences. 

The top layer is to a certain extent permanently modified on abraded rubber. 
The existence of such a layer on the basis of other observations (Schallamach 
1952b) has been suggested at an earlier occasion. 
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Thermal Effects at Point Contact Diodes 


By P. M. TIPPLE anp H. K. HENISCH 
Physics Research Laboratory, University of Reading 


Communicated by R. W. Ditchburn; MS. received 29th May 1953 


Abstract. A thermoelectric method is described which enables the temperature 
of a point contact to be determined. Measurements have been made on a 
germanium diode at various positions on the voltage-current characteristic and 
it is found that voltage turnover occurs at a critical contact temperature, which 
is constant for a given specimen. ‘The result also shows that temperature 
-gradients in the neighbourhood of a hot point contact can increase the contact 
resistance. An interpretation of this observation is proposed. 


§1. INTRODUCTION 


T is well known that the properties of contacts between metals and semi- 

conductors are generally sensitive to small temperature changes. The 

characteristics of such contacts are therefore influenced by the temperature 
tise which results from the dissipation of power in the contact region. A 
knowledge of the contact temperature, as distinct from the ambient temperature, 
is thus necessary if any comparison is to be made between calculated and 
measured voltage-current relations. Moreover, previous experiments by 
Hunter (1951), Billig (1952) and Bray (private communication) have shown 
that the peak turnover of a rectifying point contact diode is essentially a thermal 
phenomenon. For more detailed investigation of the conditions prevailing at 
or near turnover a method of measuring the actual contact temperature is 
required. Such a method is described in the present paper, and an account is 
given of some of the experimental results obtained using n-type germanium 
diodes, which have been made in the laboratory. 


§2. EXPERIMENTAL METHOD 


The principle of the present method is illustrated in fig. 1(a). In position A 
of the switch the contact is subjected to a reverse load, which is maintained until 
thermal equilibrium at the contact is reached. When the current flow is 
interrupted (switch in position B), a thermo-e.m.f. will appear between the 
Y-plates of the oscillograph, since the temperature of the point contact, at which 
nearly all the power is dissipated, is higher than the base temperature. As the 
contact cools the thermo-e.m.f. decreases and its variation with time can be 
displayed on the oscillograph. The corresponding temperature difference can 
then be assessed from a previous calibration of thermo-e.m.f. as a function of 
temperature. ‘The base temperature does not change appreciably in the course 
of electrical loading and could be conveniently measured by means of a thermo- 
couple (not shown). ‘The thermoelectric calibration experiment was carried out 
using large soldered electrodes in which thermocouple wires were embedded. 
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A simple test was made to confirm that the calibration curve so obtained does 


not differ materially from one obtained by means of tungsten point contacts. 

In the arrangement actually used the vibrating relay and the battery are 
replaced by an electronic switching unit and a pulse generator. This is shown in 
fig. 1(b). The circuits used are of conventional design. ‘There is a delay 
between the cessation of the heating pulse and the instant at which the 
thermo-e.m.f. can first be measured; this interval depends on the circuit 
parameters. ‘T’he contact temperature at zero time, i.e. immediately after the 


-cessation of the heating pulse, must be obtained by an extrapolation which is 
performed graphically. In this way the contact temperature corresponding to 
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Fig. 1. Thermoelectric method of determining contact temperature ; (a) schematic circuit; 
(6) experimental arrangement. 


-steady electrical loads can be determined for various voltages applied to the 


contact and also for different ambient (base) temperatures. By way of example, 
fig. 2(a) shows the relation between the power dissipated and the corresponding 
temperature rise at the point contact. ‘The straight line obtained refers to 
results for a variety of ambient temperatures between 0°c and 100°c and extends 
over the whole range of powers which can be dissipated without causing 
permanent damage to the diode. The linearity of this relation is regarded as a 
valuable internal consistency test for the correctness of the temperatures 
measured, though it is not by itself an absolute confirmation. In fig. 2(b) the 


decay of point temperature is shown as a function of time after cessation of the 
cheating pulse. As might be expected, the relation is not characterized by a 
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single time-constant. ‘The times involved in the decay are in good agreement 
with those calculated by Burgess (private communication) for typical cases and 


also with those which may be roughly inferred from the results obtained by 
Billig (1952). 
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Fig. 2. Temperature rise at point contacts : (a) temperature rise as a function of power 


dissipated and peak back power as a function of ambient temperature; (b) decay of 
contact temperature after cessation of electrical loading. 


§3. "TEMPERATURE RIsE UNDER PEAK Back CONDITIONS 


Benzer (1949) has shown that the power dissipated at the turnover point 
(the peak back power) decreases linearly with increasing ambient temperatures 
over an important part of the temperature range. Deviations from this relation 
are observed at high temperatures, e.g. above 100°c, but under those conditions 
the turnover point is no longer well defined. A plot of peak back power against 
ambient temperature is shown in fig. 2(a). According to Benzer’s suggestion 
this relation implies that the turnover point corresponds to a definite point 
contact temperature which, in this case, is about 135°c as given by the intercept. 
This interpretation is supported by the present results. A comparison of the: 
two lines in fig. 2(@) shows that their slopes are numerically identical within the 
limits of experimental error, as expected on the Benzer hypothesis. Moreover, 
the point contact temperature corresponding to voltage turnover can be- 
independently determined by direct measurement. The value thus found is in 
good agreement with the value inferred from the intercept in fig. 2(a). Only 
at higher ambient temperatures (above 80°c) are slight systematic deviations. 
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observed. ‘The germanium used for these experiments has a room temperature 
resistivity of 6 ohmcm and its maximum resistivity occurs at 40°c. A high 


proportion of intrinsically activated carriers are therefore present at a temperature 
Bri sarc. 


$4. VoLTAGE-CURRENT RELATIONS FOR CONSTANT CONTACT TEMPERATURE 


Figure 3 gives a series of static characteristics observed at different ambient 
temperatures. At various points of these characteristics the contact temperature 
rise was also determined, and the corresponding values are marked. In this 
way it is clearly possible to evaluate a form of isothermal voltage—current 
relation by joining points of constant contact temperature (ambient temperature 
plus temperature rise). The broken lines of fig. 3 show the relations thus 
obtained for various contact temperatures. These relations, particularly for 
high contact temperatures, are found to be quite different from the isothermal 
voltage—current characteristics observed under pulse conditions. This originally 
unexpected difference is now considered to arise from the presence of a high 


Reverse Voltage 
90 80 70 60 50 40 30 20 10 : 0 


Reverse Current (mA) 


Point Temperature (°C) 


Bor a7." 8 
55 30:5 47 (A Tes Ayo [falo) 
Ambient Temperature (°C) 


Fig. 3. Static voltage—current characteristics for various ambient temperatures. 
(Rise of contact temperature marked at selected points.) 


temperature gradient at the point contact during the present experiments. ‘This 
interpretation will be substantiated in the following sections. For the present 
it will be noted that the various points on each broken line do in fact correspond 
to different temperature gradients between the hot rectifying contact and the 
cold base, though the contact temperature itself is constant. 


$5. TEMPERATURE GRADIENT NEAR A RECTIFYING CONTACT 


A greatly simplified analysis, based on a hemispherical radius of contact and 
a constant heat conductivity, shows that the temperature gradient at any point 
in the germanium corresponding to a radius ¢ is given by (d7/dr), = —(T,,— T.,,)/r. 
Thus, at the contact itself, typical values may be 7,=8x10-4cm and 
T,—T..=80°c, which implies a temperature gradient of 10°degccm™. The 
experimental method described above also lends itself to the determination of 
such temperature gradient. It is merely necessary to place two point contacts 
in close proximity, one being connected to the pulse generator and the other to 
the clipping and amplifying equipment shown in fig. 1(4). In this way the 
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second point contact can be used to explore the temperature distribution in the: 
neighbourhood of the first. Some disturbing influence due to the free surface 
and to the second (cold) point itself must be expected. Nevertheless, a relation 
of the above form is obtained, as shown in fig. 4. The temperature gradient at. 
the contact itself, assessed from the graph for a total temperature difference of 
80°c, is of the same order. It is clear from this that the temperature gradients. 
which exist in the neighbourhood of a point contact under electrical load may 


be very large. 
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Fig. 4. Temperature rise as a function of distance from{a point contact dissipating power.. 


§6. EFFECT OF TEMPERATURE GRADIENTS ON CONTACT CHARACTERISTICS 


On the basis of the above temperature measurements the influence of tempera- 
ture gradients on the voltage-current relation for a given contact temperature 
can be illustrated as follows. 

Consider any two static voltage—-current characteristics of fig. 3. It is an 
experimental fact that the currents passed under peak back conditions are 
approximately the same for all these curves which refer to different ambient 
temperatures. ‘The measurements also indicate that the point contact tempera- 
tures are the same. Thus, if the contact temperature itself uniquely determines. 
the voltage—current characteristic, the peak back voltages would have to be the 
same, whereas the observed peak back voltages diminish rapidly with increasing 
ambient temperature. ‘The points marked by squares clearly correspond to: 
conditions under which the temperature gradients in the germanium are 
different. Such conditions can never arise in the course of pulse measurements 
during which all the heating effects are avoided. It follows that the voltage— 
current relation for a given point temperature depends on the temperature 
gradient in the neighbourhood. 

An interpretation which involves a critical contact temperature at turnover 
inevitably implies such a dependence. 

The consistency of the present results and interpretations can be checked 
by the following experiment. ‘The full lines in fig. 5 show two normal voltage— 
current characteristics for ambient temperatures of 30°c and 50°c respectively. 
The contact temperatures are also marked at selected points. The rectifying 
contact can be heated in two ways: by the power dissipated in the rectifier or, 
externally, by means of a subsidiary heater applied to the whisker as shown. 
In the confirmatory experiment the base temperature is kept constant at 30°c 
while the contact temperature (measured thermoelectrically by a potentiometer), 
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in the absence of any applied voltage, is increased to 50°c by external heating. 
The voltage-current relation then obtained is represented by the broken line of 
fig.5. ‘This line can now be compared with the normal curve previously obtained 
for an ambient temperature of 50°c in the absence of external heating. In the 
two cases the starting temperature of the contact is the same, and the condi- 
tions for zero voltage are affected only by the presence of a standing temperature 
gradient due to external heating. It will be seen that the presence of this gradient 
has diminished the contact conductance everywhere. 
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Fig. 5. Effect of a temperature gradient on the reverse characteristic for a given 
contact temperature. 


§7. Discussion 


The present experiments were not originally designed for the purpose of 
investigating the detailed mechanism of the reverse current. The results 
nevertheless suggest some tentative conclusions which will now be discussed. 

When the isothermal voltage—current characteristics of point contacts are 
investigated by pulse methods they are found to be almost linear (except for 
very high voltages) and radiating from the origin at different angles for various 
ambient temperatures. ‘This shows that heating is a necessary condition of the 
turnover phenomenon and the appearance of negative resistance. ‘This is in 
agreement with the present results. On the other hand, it has already been 
noted that the lines joining constant contact temperatures in fig. 3 differ 
considerably from those obtained under pulse conditions. For a given contact 
temperature the two sets of experimental conditions differ only by the presence 
of temperature gradients at the contact during the thermoelectric measurements. 
These gradients are, of course, absent during pulse measurements. It must 
therefore be concluded that the presence of such temperature gradients has an 
important effect on the shape of the voltage—current relation for a given contact 
temperature. The effect is to diminish the point conductance, at any rate in the 
region before turnover. 

There are, in principle, two mechanisms which could account for these 
observations. If all, or an appreciable fraction, of the reverse current under the 
conditions investigated is carried by electrons emitted from the metal, the above 
results would require that the barrier height should increase in the presence of 
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the temperature gradients. This hypothesis demands a complicated model 
which has not yet been clearly formulated. A simpler interpretation can be 
obtained if it is assumed that an appreciable fraction of the reverse current under 
the present conditions is carried by minority carriers from the germanium. 
Though satisfactory numerical agreement between theory and experiment has 
not yet been obtained, the flow of minority carriers is believed to be essentially 
determined by the replacement mechanism (Bardeen and Brattain 1949). ‘The 
rate of replacement should depend quite sensitively on the temperature of the 
region from which holes are drawn into the contact. It is this temperature, 
rather than that of the metallic contact itself, which should determine the 
current through the point. For a fixed contact temperature and applied voltage 
the reverse current should thus diminish with increasing temperature gradient, 
as is also inferred from the above experiments. It may thus be provisionally 
concluded that minority carriers account for an appreciable fraction of the 
reverse current for high applied voltages. This is in qualitative agreement with 
Bardeen’s (1950) conclusions to the effect that the contribution of the minority 
carriers should increase at higher temperatures.* Apart from this, the present 
results do not lead to an assessment as to whether holes or electrons predominate 
in the reverse current for high voltages. The observed characteristics of the 
turnover phenomenon, namely almost constant contact temperature and almost 
constant peak back current, do not enable us to distinguish between these 
hypotheses. 
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* The interpretation is also consistent with Banbury’s (1953) observation of carrier 
-extraction effects. 
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Theory of the Forward Characteristic of Injecting Point Contacts* 


By P. C. BANBURY 
Physics Research Laboratory, University of Reading 


Communicated by R. W. Ditchburn; MS. received 8th May 1953 


Abstract. ‘The voltage—current relationship for forward voltages across a metal— 
semiconductor point contact is derived for the case when the current is carried by 
injected minority carriers. ‘The analysis is made with the assumption of unit 
injection ratio, and neglecting recombination. ‘The effect of departures from these 
approximations is discussed briefly, and the predictions are compared with the 
well-known features of observed characteristics, and with some piipvoronascuce 
and photovoltaic measurements. 


$1. INTRODUCTION 


RIOR to the discovery of carrier injection and transistor action (Bardeen and 

Brattain 1948), the voltage—current characteristic of a metal point contact on 

n-type germanium was generally compared with the predictions of the diode 
theory of Bethe (1942), derived from the barrier model, in which the contribution 
of minority carriers (holes in n-type material) to the current was neglected. The 
predicted form of the voltage—current relationship for the barrier, with the usual 
approximations, may be written : 


. 47 mek?T? ) eV, 
j= ST exp (- £7) | exp (Er) -1] ree (1) 


where ¢ is the potential difference between the Fermi level in the metal and the 


lowest level of the conduction band in the semiconductor at the interface (see fig. 2), 


Vis the applied voltage across the barrier in the semiconductor, such that V, is 
positive in the low resistance direction, and the remaining symbols have their usual 
meaning. ‘This equation or its equivalent forms are well known; some of the 
discrepancies which exist between predictions from this theory and measurements 
have been discussed, for example, by ‘Torrey and Whitmer (1948). 'T'wo main 
features of disagreement for forward applied voltages are of interest here. It was 
to be expected on this model that for forward voltages small compared with the 
equilibrium barrier height the main contribution to the resistance of the system, 
comprising contact barrier and bulk materials, should arise from the barrier itself. 
From eqn. (1) we have, when eV, >RT, 


] . ~ Ve tant 
og7 = RT + constant. 


Hence a straight line relationship of slope e/RT was expected between log7 and V’, 
For larger values of external applied voltage it was usual to make an estimate of 
the voltage V,, across the barrier by applying a correction for the existence between 


* This paper is a summary of a part of the thesis submitted by the author for the 
degree of Ph.D. in the University of Reading (May 1952). 
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barrier and base electrode of aspreading resistance R,, assumed constant. ‘Then 
for larger applied voltages also, with this correction, the same straight line relation- 
ship was expected. In practice it was found that no single value of R, gave a 
straight line relationship, and further, that even in the region where the series 
resistance was expected to be relatively small a slope was obtained which was less 
than e/RT by a variable factor f of the order of 5. 

Since the discovery of carrier injection, the non-ohmic character of R, has 
been qualitatively understood. No general discussion of the forward characteristic 
of point contacts has, however, been given. ‘The discovery of injection did not 
involve the abandonment of the barrier model, but the diode treatment is clearly 
inadequate for discussing the minority carrier current, since the flow does not in this 
case occur over a potential barrier, and so is not limited to a small exchange between 
two systems in internal equilibrium. For this reason the assumption that the 
resistance of the system must be located in the barrier has lost its validity even for 
small applied voltages. The whole question of the forward characteristic requires 
reconsideration. . Some discussion of the. forward current in the presence of 
injection has been given by Bardeen and Brattain (1949), and this treatment will be 
extended here. 


§2. THEORY OF THE FORWARD CHARACTERISTIC 


The aim of the following analysis is to examine, under certain simplifying 
assumptions, the shape of the forward characteristic to be expected in the presence 
of injection. ‘The argument as stated applies to n-type material. ‘The following 
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Fig. 1. Diagram illustrating symbols used in analysis. 


initial assumptions are made: (a) the current is carried entirely by holes, i.e. the 
injection ratio is unity; (b) the current flows radially from a hemispherical contact ; 
(c) recombination of injected carriers may be neglected. 

‘The errors introduced by the last of these assumptions are expected to be small 
in a point contact system, since the spreading of the current in the semiconductor 
results in a dilution of the injected carrier concentration with increasing r even in 
the absence of decay. 

The meaning of the symbols used in the analysis is illustrated in fig. 1. The 
distance r is measured from the centre of the hemispherical contact, and n, p and 
V represent the electron concentration, hole concentration and_ potential 
respectively at distance r. 
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As a result of assumptions (a) and (c) the electron current is everywhere zero, 
and hence 


k 
—negrad V=—E gradn. aaa (2) 
Integrating and putting V =0 at n=n, we have 
RT a 
v= ro log (=) evecee (3) 


The value of # at any point in the semiconductor outside the barrier may be related 
to p by imposing the condition of electrical neutrality. ‘This condition requires 
that any addition of holes should be balanced by an equal number of added free 
electrons (complete ionization of impurity centres being assumed), giving 
N=Ny+p—p . Substituting in (2), we have 


grad V=[RT/e(p+m—po)| grad p. is ee (4) 


The general expression for hole current density 7, is given by 


ta eapen, oradiVy “Ri wegtadp. 9 a: (5) 
Combining (4) and (5), it follows that 
— Pp 
1,= —RTyp, = ee 1) otad Pewee at een te (6) 


It may be seen here that the condition of zero electron current implies that the 
contribution to the hole current arising from the diffusion process (represented by 
the second term in the right-hand side of eqn. (6)) is everywhere greater than, or 
equal to, that arising from field effects (represented by the first term). Hence a 
discussion in terms of conductivity o=ney,,+ peu, cannot be adequate in these 
circumstances. 

Proceeding, eqn. (6) may be re-written 


fA uy No —Po 

2nru RT CE es (2 yea eee ae 

where J, is the total hole current through the contact. Integrating and inserting 
the condition p =p, at r= «0, we have 


is ie 
Taru,RT = 2(P—Po)—(to— By) log Poe (7) 
It is now convenient to consider two ranges of values of the hole concentration p. 


(a) p<my. In this range (7) may be written 


lo ae 8 
P-Po= 2arp,RT Sods ( ) 
(b) p>n). In this range (7) reduces to 
I 
jie I, BET eae mR (9) 


The second of these two expressions is that obtained by Bardeen and Brattain 
(1949), giving an approximation for the hole concentration for small r or large J,,. 
Now let V,, be the total external voltage applied between the metal and the 
semiconductor whererislarge. Letthesubscript b signify values at the boundary 
between the barrier and the bulk semiconductor. ‘Then, since V =0 at the base 


3 K-2 
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contact, V;, represents the voltage across the bulk semiconductor. From eqn. (3) 


it follows that e 
eetaea) fea ge (“then he) he (10) 
Rim ne Ng 


Now, in equilibrium, when V,=0, p, =o. Further, since the barrier is of thick- 
ness only a few times the mean free path for holes, it will be assumed that the | 
dependence of p, on the voltage across the barrier is given by the equilibrium 
energy distribution of holes at the contact. The resistive drop due to hole flow | 
across the barrier is thus neglected. The applied voltage across the barrier is 
V..— V,, and so we have 


e 
Pv=Poexp pp(Ve— Vr); eS (11) 
: Rie aa hp 
ire: Vi—Vy= og eae 12 
b a 5b, (12) 


It follows immediately from (11) and (8) or (9) that the current flowing is related to 
the voltage across the barrier by an expression of the form 

I=Aexp {e(Ve—V>)/RT} 0 eee (13) 
in the range e(V,— V;,) >RT, where the term A varies within a factor of 2 over the 
range of values of J, and so changes only slowly in comparison with the exponential 


Conduction 
Band 


Metal Semiconductor Valence 


Fig. 2. Schematic diagram of electron energies at contact barrier, showing notation 
used in text. 


term for varying V. Thus, neglecting the small changes in A, this analysis also 

requires that a plot of log J against V,— V,, should give a line of slope e/RT. As 

yet, however, no explicit value of V;,, the voltage across the ‘ spreading resistance’, 

has been obtained in terms of known quantities. ‘This could be done by combining 

eqns. (10) and (8) or (9). An alternative treatment will be adopted here, however. 
We have, from (10) and (12), 


alos ( "ot P=?) 


e o No 
Introducing a new symbol for the added hole concentration at the barrier, 
Pa=Pv>Po this gives RT 2 
Vim “log (14 S42 4 Pe), Riae* (14) 
e Po % Pot 


We can now conveniently deal separately with the two cases (a) and (b) distinguished | 
previously. | 


(a) Py< MB and so p,< Ny. 
Here, for very small p,, (14) reduces to 
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As p, increases, while still satisfying (a), the fourth term in the logarithm on the 
right-hand side of (14) will become larger than unity, but in these circumstances 
the term /,/) is dominant, and the expression may be approximated by neglecting 
allother terms. ‘Therefore the above approximation will be used. Substitution 


from (8) leads to ba 
In=27 7, UpRT po | exp (§ ) ~ | : 


Po may be related to the equilibrium Fermi level by the expression 


2nmkT \3?2 
py=2( = ) exp (— gh) peu (16) 


where ¢,, is the energy difference between the Fermi level and the top of the valence 
band in the bulk material (see fig. 2), and hence we have 


Aryu(2m)2°2(nkT)2 eV, 
fy exp ( ip) exp | (er) -1] Pare (17) 


(5) py > and so p, >N. 
In this case eqn. (14) reduces to 


Substituting from (9), expressing 7) and py in terms of ¢, and 4, (see fig. 2) by 
eqn. (16) and a similar equation for electrons, and finally replacing 4, +4, by Eo, 
the energy width of the forbidden gap, we have 
8p Hy (2m)? (nRT)*2 ia eV, 
oe oe exp (— ap Jee (ee): als) sits fells (18) 
Equation (18) has been obtained in the condition p, > m, which corresponds to 
the case when a large forward current is flowing. When p, becomes sufficiently 
large, however, a condition is reached when the assumption of unit injection ratio 
becomes untenable. ‘The neutrality condition requires that the increase in hole 
concentration at the barrier p, shall be accompanied by an equivalent increase in 
electron concentration, and the electron current over the barrier will eventually 
become appreciable. ‘The condition for this to occur has been discussed by 
Bardeen and Brattain (1949). ‘The expression I,/J, =1,/Jait, where 
6473 m2 7RFT? E,-¢ 
Levit = shi, | - ET j amp, 
relates the magnitude of the electron and hole currents J, and J, when J, < J; it 
serves to indicate that the analysis will break down in germanium, for example, 


unless the condition 1,< 0-07 exp[—(E,) —4)/RT] amp ee (19) 


f 


p 


is satisfied. 

To summarize, then, it appears that, rather than make a distinction between 
barrier and spreading resistance, we may conveniently regard the system as a whole. 
If this is done, a graph of log J plotted against V,, may be expected to show the 
following behaviour : 

(a) If the condition py< p,< m can be satisfied, then for values of J satisfying 
it the curve should have slope e/RT, from eqn. (17). 

(b) As J increases through the condition p, =m, to p, >Mp, the slope should fall 
toe/2kT. 

(c) The analysis should break down for large currents, as the electron flow 
becomes appreciable. 
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An indication of the manner in which the voltage-current relationship is 
likely to be altered if the effects of bulk recombination are considered may be 
obtained as follows. Unless the lifetime of injected carriers is extremely short, it 
can reasonably be assumed that recombination within the barrier may be neglected, 
and so for a given current.the hole concentration at the edge of the barrier p,, is 
unchanged. Hence, isalsounchanged. 'The decay of holes at larger values of r 
now requires a flow of electrons radially inwards to replace those lost by recombin- 
ation. The potential across the bulk semiconductor must therefore be greater 
than that given in eqn. (3), since this is the voltage required to maintain an 
electron drift current only just equal and opposite to the electron diffusion current. 
Thus if z, is not everywhere zero, V,, must be greater than the corresponding value 
in eqns. (17) or (18) in order to maintain the same current, and so the current will 
increase less rapidly with applied voltage. 


§3. COMPARISON OF THEORY WITH EXPERIMENT 

3.1. The Forward Voltage-Current Characteristic 
Figure 3 shows current-voltage characteristics for forward voltages, plotted 
semi-logarithmically, for four germanium point contact rectifiers, taken with a 
tungsten contact, ‘formed’ by the passage of 100 ma in the forward direction. 


V (volts) 
0 0:2 0:4 0-6 


0.1 


0-01 


Log / (mA) 


0-000! 


0 02 04 G65) TOR 
V (volts) 


Fig. 3. Forward characteristics of n-type Ge point contact rectifiers, for materials of two 
different impurity concentrations. 


The points were made by etching tungsten wire of diameter two-thousandths of 
an inch, and the contact radius was estimated as being one-tenth of the radius of the 
wire, giving 7,~3x10-4cm. The curves are for materials of two different 
impurity contents, estimated from Hall effect and conductivity measurements; 
using the appropriate values of m) and 7, the values of J giving p,=m) could be 
estimated from (7) and (8) foreach curve. In the diagram lines of slope e/RT and 
e/2kT are shown in each case in the range of currents in which the appropriate 
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conditions given in the previous section are expected to hold. Conditions (8), (9) 
and (19) clearly cannot be satisfied over a wide range of currents, and so straight 
lines with a small transition region could in any case not be expected. 

In each case the slope of the experimental curves has fallen below e/2RT by the 
time a current of 1 mais reached. This might be interpreted as a fall of injection 
ratio even at these relatively small currents. That condition (19) should break 
down for currents not greater than of order 1 ma can be explained quantitatively 
on the following basis. An injection ratio approaching unity is expected to occur 
when the barrier is of such height that the hole density at the metal-semiconductor 
contact is large compared with the free electron concentration in the interior. For 
a semiconductor in the exhaustion range this implies that the hole concentration at 
the contact is large compared with the donor concentration and hence that the 
space charge of holes in the barrier near the metal is dominant rather than negligible, 
asis assumed inthe Schottky model. This gives rise toa narrowing and steepening 
of the barrier, with a consequent increase in the electron current due to image 
force and tunnel effect. ‘The whole effect may be regarded as equivalent to a 
reduction in the effective value of the barrier height J in eqn. (19). It is hoped to 
discuss this effect in more detail in a further publication. 


3.2. Measurements on Contacts under Illumination 


The above analysis has indicated that on the normal model adopted a variable 
slope, falling below e/RT as the current increases, is to be expected when log J is 
plotted against the total external applied voltage V,, although log J is still related to 
the voltage across the barrier, V,— V,,, by aslope of e/RT, as indicated by eqn. (13). 


2 


Short-circuit photo-current (4A) 
Short-circuit photo-current (4A) 


szklls 4 
0 40 80 120 160 50 75 100 125 150 
Floating Potential (mv) Floating Potential (mv) 

Fig. 4. Measurement of floating potential Fig. 5. Measurement of floating potential 
and short-circuit photo-current for and short-circuit photo-current for 
metal—n-type Ge point contact under varying distance between illuminated 
varying illumination. (Slopes are region and point contact. (Fixed 
indicated in volt~'.) point, movable shadow edge.) (Slopes 


are indicated in volt.) 


A direct experimental check of the validity of eqn. (13) has been attempted as 
follows. The hole concentration near the point contact was varied by subjecting 
the surface to various conditions of illumination described below. in these 
circumstances the short-circuit photocurrent (zero applied voltage) is expected to 
be directly proportional to the added hole concentration near the barrier p,. 


840 P. C. Banbury 


Further, neglecting the space charges in the bulk material due to the imperfect 
balancing of electron and hole diffusion currents, the measured open-circuit 
photovoltage V;, should be just that voltage across the barrier required to produce a 
forward current equal and opposite to the previously measured photocurrent 
I,. Therefore a plot of log J, against V;, in the region p, > Pp) should provide a 
test of the exponential factor in eqn. (13). 

Two types of measurements have been analysed in this way. Figure 4 shows a 
number of sets of results obtained by flooding the surface round a point contact 
with light from a tungsten lamp, the intensity being varied by the insertion of 
neutral filters. The corresponding slopes are indicated in the diagram. In the 
examination of a number of such sets of readings an occasional one of the type A, 
showing marked curvature, has been obtained, but nothing approximating to a 
straight line of slope less than 30 volt t. 

In the second type of test the surface of the germanium was divided into light 
and dark regions by a sharp shadow edge, the distance of which from the point 
contact could be varied. J;, and V;, were again measured, and are plotted semi- 
logarithmically in fig. 5. The slopes are in good agreement with the theoretical 
value of 40 volt". 

§4. CoNCLUSION 


An expression has been obtained, with stated simplifying assumptions, for the 
current-voltage characteristic of a metal-semiconductor point contact rectifier 
when injection occurs. Agreement with experimental results is satisfactory in 
view of the approximations made. It appears in particular that the discrepancy in 
the logarithmic slope encountered in the one carrier model may disappear, or at 
least be accounted for in part, when injection effects occur and are taken into 
account. 
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Abstract. A method is described whereby the voltage-current relation of the 
barrier associated with an injecting area contact on germanium can be investigated. 
The method involves capacitance measurements in the presence of injected 
minority carriers. ‘The effect of the series resistance is eliminated. The results 
show good agreement with theory. 


§1. INTRODUCTION 


N a recent paper, Banbury (1953) has shown that the forward characteristic 
] of an injecting point contact rectifier can be represented by the following 

expressions which are approximations for two limiting conditions of 
current flow 


he TjexpeU Rit rs | ates. (1) 
(concentration of injected carriers small), 
eed exp (CC) 21, an eee WRN goer (2) 


(concentration of injected carriers large), 

in which U is the total voltage applied across the assembly as a whole, 1.e. the 
rectifying contact and the bulk material. In this theory, the barrier and the 
spreading resistance which is modulated by injected minority carriers are considered 
as part of the same system. ‘The expressions are based on certain assumptions, 
i.e. unit injection ratio, negligible recombination and fulfilment of the neutrality 
condition, and were found to be in qualitative agreement with observations of 
voltage—current characteristics and with the results of photoelectric measurements. 
It follows from the treatment that the voltage—current relation of the injecting 
contact itself (i.e. in the absence of a spreading resistance), should be of the form 

ial, [expeVgRielle Ee aes eee (3) 

for both ranges of current flow in which eqns. (1) and (2) are valid. V is the 
voltage across the barrier itself. In the first range, eqns. (1) and (3) are 
identical (V ~ U) within the limits of the approximation, in the second range 
V<U. This is the type of expression originally suggested by the diode theory, 
but it should be noted that the diode theory is not involved in the analysis of 
the injected current. 

The voltage U can be directly measured but the voltage V which appears 
across the barrier can only be indirectly determined. ‘The conventional method 
of correcting for a linear series resistance is not applicable to injecting contacts 
and, indeed, the concept of specific resistivity becomes meaningless in the presence 
of pronounced diffusion effects. In the following section, a method is described 
whereby the effect of the resistance in series with the barrier due to the bulk 


- material can be eliminated and relation (3) verified. 
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§2. EXPERIMENTAL PROCEDURE 


The present measurements refer to n-type germanium of 4-2ohmcm resis- 
tivity and p-type germanium of 12ohmem resistivity. Rectifying electrodes of 
gold or silver of diameter 0-1 cm were applied by evaporation im vacuo, and low 
resistance base electrodes were soldered. 

The principle of the method is illustrated in fig. 1. The a.c. impedance is 
measured by the bridge circuit (kindly placed at our disposal by Messrs. Standard 
Telecommunication Laboratories Ltd. and to be described elsewhere). The 
capacitive component is effectively that of the barrier layer at the test electrode. 
Illumination of the germanium slab by white light produces hole and electron 
pairs which diffuse towards the test electrode and, under open circuit conditions, 
establish a floating potential. This can be measured by means of a potentiometer 
and the contact capacitance can be determined under open circuit conditions 
(zero direct current). The injected minority carriers bias the contact in the 
forward direction, but since no current is flowing, no potential drop is incurred 
across the resistance of the germanium in series with the barrier. There will 
be a diffusion voltage across the thickness of the slab, but this is expected to be 
small except for very intense illumination. The voltage developed across the 
soldered base electrode (normally shielded from direct illumination) never 


Base 
Neutral 
Electrode Filter 


AC. Bridge 
and 


D.C. Potentiometer 


Test 
Electrode 


Fig. 1. Schematic diagram of apparatus. 


exceeded 1 my. It is thus possible to obtain the experimental relation between 
contact capacitance and the floating potential, which is taken to be the voltage 
actually across the barrier. Similarly, in the conventional way, it is possible to 
measure the contact capacitance as a function of total forward applied voltage 
and current in the absence of illumination. If the capacitance of the barrier is 
taken as a criterion of the voltage which appears across it, a comparison between 
these two relations yields the voltages which are across the barrier and the series 
resistance respectively for any given current. The capacitance was measured at 
a frequency of 100 kc/s and a check was made to confirm that its value was not 
markedly frequency dependent. ‘The a.c. signal across the rectifier was kept 
low enough for the balance to be independent of its magnitude. 


§ 3. RESULTS 


Figure 2 gives typical relations between the intensity of illumination (in arbitrary 
units) and the corresponding floating potential. If the added hole concentration is 
assumed proportional to light intensity L, the relation In(1+BL)=eV,/kT, 
where B is constant for a given contact, should be obeyed (Banbury 1952). For 
sufficiently high values of BL, V; should thus be a linear function of In L of slope 
e/RT. Such a linear relation is obtained for the n-type samples, with an average 
slope of 37+1:5v+. For the p-type samples, which gave poor rectifiers and 
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Fig. 2. Measurement of floating potential under varying illumination (slopes marked 
in volt~+). 
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Fig. 3. Typical relations between (capacity)~* and floating potential and applied voltage. 
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Fig. 4. Current—voltage relationship of the barrier for n-type and p-type rectifiers 
(slopes marked in volt~'). 
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developed low photovoltages, the simple relation is not obeyed for the same light 
intensities owing to a low value of B. 

Figure 3 shows the behaviour of the contact capacitance for various floating 
potentials and externally applied voltages. Since the current for each externally 
applied voltage is known, these results lead to the voltage—current characteristics of 
the barrier itself. Figure 4 represents this in the form of a semi-logarithmic plot; 
here J=J,[exp(eV,;/RT)—1]. The values of J, are chosen so as to give the best 
straight line. It will be seen that the slopes, which have a mean value of 39+2v™, 
are in good agreement with the value of e/kT at room temperature, namely 
40v-1. This is true for the n-type and p-type specimens and is in accordance with 
eqn. (3). The relation between the magnitude of the series resistance and the 
current flowing can also be evaluated, but is of no special interest in view of the 
complicated geometry of the system. 


$4, Discussion 


For simplicity, Banbury’s analysis of the rectifier characteristics and the effect 
of the spreading resistance involved the assumption that the injection ratio is 
unity. This assumption may not be satisfied for the present area contacts, but this ~ 
does not affect the interpretation of the results in fig. 4. The effect of the series 
resistance has been eliminated and as far as the barrier alone is concerned any part 
of the forward current which may be carried by majority carriers is expected to obey 
an equation of the same formas (3), onthe basis of thenormal diodetheory. There 
is thus good agreement between theory and experiment as far as the voltage 
current characteristic of the contact itself is concerned. ‘This is shown by the 
slopes in fig. 4, which are in considerably better agreement with the room 
temperature value of e/RT than those previously recorded in the literature. 
This improved agreement is also consistent with the relation between floating 
potential and light intensity, as shown in fig. 2. Various hypotheses could be 
invoked to account for the remaining discrepancies, but this does not appear 
worth while at the present stage. 
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Abstract. ‘The method of determining the injection efficiency y of an emitter 
contact (described previously by Shockley, Pearson and Haynes) is discussed 
and some of the difficulties of the method and the interpretation of experimental 
results are described. The effects of a fine spot of white light when used as an 
emitter and hence as a conductivity modulator are investigated and an equivalent 
minority carrier current for a given optical assembly can be determined. This 
procedure suggests an experimental method for the determination of y as a 
function of temperature. A simple theory for y in terms of forbidden energy gap, 
depth of Fermi level, and barrier height ¢ is given and applied to the determination 
of barrier heights at room temperature, at elevated temperatures, and when an 
emitter contact on germanium is illuminated. Theoretical curves relating y and ¢ 
are presented for Ge and Si of various impurity concentrations. The experiments 
carried out at elevated temperatures suggest that the surface states on germanium 
lie at the top of the filled band and that their density is of order 1010-10" cm. 


§ 1. INTRODUCTION 


RANSISTOR materials (Ge, Si, PbS, and so on) have the unique property 
that under suitable conditions of excitation a greater number of free charge 
carriers can exist in the material, at a given temperature and pressure, than 
in the unexcited material at the same temperature and pressure (for a general 
reference see Shockley 1950). One method of carrier injection is to pass forward 
current through a whisker contact on the material; another method consists of 
focusing a beam of light of suitable wavelength on to the crystal. Using either 
method, carriers of both signs (electrons and holes) are produced in pairs in the 
material, but it is the minority carriers, i.e. those of sign opposite to those normally 
present in the material (as a result of ionization of impurities or of structural 
defects), which concern us in transistor action. ‘The electrons and holes can be 
separated at a suitable potential barrier region and can be accelerated in opposite 
directions by an electric field. ‘There is, however, a strong tendency for the 
recombination of holes and electrons, and when the source of excitation is 
removed the number of additional carriers decreases exponentially with time. 
The carrier lifetime + which may be determined from this decrease is affected 
by trapping centres such as defects in the crystal and impurities, and in the case of 
germanium T may be as high as a millisecond or as low as a tenth of a microsecond. 
In general the value of + at room temperature is much lower at a crystal surface 
than in the interior. 
Shockley, Pearson and Haynes (1949) have defined the efficiency y of an emitter 
point contact as the fraction of the emitter forward current carried by minority 
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carriers. Measurements of this quantity are described for n-type single crystal 
germanium and enable one to assess the expected values of y after a given surface 
treatment. Furthermore, if the conductance of a germanium filament 1s modulated 
by means of a fine spot of white light effects very similar to those obtained with an 
emitter point are observed. In their studies of the drift mobility of holes in n-type 
germanium Lawrance and Gibson (1952) showed that by using a pulsed sweeping 
field the same result was obtained whether a d.c. emitter or a steady white light spot 
was used. Measurements made with light spots have enabled an ‘equivalent hole 
current’ for a light spot to be obtained, and thus a calibrated source of injected 
carriers may be obtained and used at various temperatures as a means of deter- 
mining y at those temperatures by comparison with the behaviour of an emitter 
contact. This avoids the difficulties associated with mobility changes, trapping 
effects, and so on, which will be identical for carriers injected either optically or 
electrically. 

It was believed that the emitter point efficiency at a given temperature and 
pressure should be determined solely by the barrier height 4, forbidden energy gap 
E, and Fermi energy «. ‘The mathematical formulation of this was carried out 
with considerable assistance from Dr. L. Pincherle, and the resultant equation was 
found to give a simple relation between y,éd, Hande. From the measured value of 
y on a particular material it is then possible to calculate ¢, which is of great 
importance in any study of transistor materials. It is believed that this method of 
determining ¢ is more reliable than any other method previously described for a 
surface state Schottky barrier. 

The value of y has been determined for a point contact on germanium in the 
absence and in the presence of a fine spot of white light around the point. The 
decrease in y observed on illumination may be interpreted as a decrease in ¢, and 
thus one feature of the barrier theory of photoconductivity is confirmed directly. 
The value cf y at moderately elevated temperatures is measured and the derived 
variation of ¢ as a function of temperature is calculated. This enables the depth 
and concentration of surface states to be estimated. 

The experimental results enable some general remarks to be made concerning 
the operation and manufacture of transistors. 


§ 2. ‘THEORY OF EFFICIENCY OF EMITTER IN TERMS OF BARRIER HEIGHT, WIDTH 
OF FORBIDDEN ENERGY BAND, AND DEPTH OF FERMI LEVEL 


The following mathematical formulation was largely the work of Dr. L. 
Pincherle.* 

Consider an n-type semiconductor—metal contact as shown in fig. 1. € is the 
depth of the Fermi level from the conduction band, ¢ the height of the Schottky 
barrier, & the forbidden energy band, and V the applied potential (assumed small) 
which causes forward current to flow. We make the assumption that the effective 
masses of electrons and holes are the same. This is reasonable since the electron 
and hole mobilities are of the same order of magnitude. Strictly the analysis should 
be extended by the introduction of quasi-Fermi levels as used by Shockley (1949) 
in his theory of p—n junctions, since the semiconductor is in a state of excitation. 
It is believed, however, that if the applied voltage V is small and all electron and 


* Subsequent to the preparation of this paper it was brought to the author’s notice that a 
similar equation had been deduced independently by Dr. P. C. Banbury. 
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hole transitions are considered to take place from the interior of the metal to the 
interior of the semiconductor and vice versa, then the analysis based on the equili- 
brium diagram given in fig. 1 is applicable to this case. We may regard it as a 
zero-current approximation. 

Let mp and py be the concentrations of electrons and holes respectively at the 
Fermilevel. ‘Then there will be a flow of electrons and of holes from the interior 
of the semiconductor to the interior of the metal and vice versa. ‘The current 
density due to electrons flowing from the interior of the semiconductor to the 
interior of the metal is Kn)exp{—(A6+e«—V)/RT}. 'The current density due to 
electrons flowing from the interior of the metal to the interior of the semiconductor 
is KAnjexp{—(¢+e)/RT}. The current density due to holes flowing 
from the interior of the metal into the interior of the semiconductor is 
Kp, exp {—(E-e-—V)/RT}. The current density due to holes flowing 


Fermi Level 


Filled Band 


Semiconductor 
Metal (n-type) 


Fig. 1. Energy-level diagram for metal—-semiconductor contact. 


from the interior of the semiconductor into the interior of the metal is 
Kp, exp {—(E-—<)/RT}. We may define y as 
forward current carried by holes 
Leis total forward current 


’ 


and furthermore we have that at the Fermi level 7) =p). Thus 
exp {—(E—«—V)/RT}—exp {—(E—©)kT? 
¥~ exp {—(E—e— V)/RT} — exp {—(E—6)/RT} 
+exp{—($+e—V)/RT}—exp{—(¢+.)/kRT}. 


Hence, on simplification, 


1 
ae TpexpiBoG—2ykT > 9 8 As (1) 
The equation may be readily transposed so as to give ¢ in terms of y, the result being 
Ge Hae ayy ee pl fhe (2) 


Thus if y is measured for a contact on a transistor material for which E, N, the 
impurity concentration and Ac the impurity activation energy are known, « may be 
calculated and ¢ determined uniquely. ‘This method is considered to be much 
more reliable than methods previously suggested (see for example Henisch 1949, 
Torrey and Whitmer 1948), i.e. (i) extrapolation of the linear part of the forward 
rectification characteristic to the voltage axis, (ii) use of the variation of capacitance 
with applied voltage, (iii) use of the variation of reverse saturation current 7, with 
temperature 7 and of the equation 


= tex Pee (@ane)/ lt ii. eas) wen) (sdeieds (3) 
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Methods (i) and (ii) fail because for point contacts on transistor materials the 
diffusion theory on which these methods are based no longer applies. Method 
(iii) fails not only because carrier injection modifies the diode theory equations 
on which eqn. (3) is based (as described above), but more seriously because ¢ 
itself is expected to vary with temperature as described in §7. Thus ¢ cannot be 
determined froma variation with temperature of some other property of the contact. 
The determination of ¢ from measurements of y suffers from none of the above 
disadvantages since it depends upon the essential feature of carrier injection and, 
as shown in §7, the determination of y as a function of temperature enables the 
corresponding variation of ¢ to be accurately determined. 

It is instructive to examine eqns. (1) and (2) to test that they agree with 
experimental facts concerning carrier injection. 

(i) It is obvious that eqn. (1), which is of the same form as the well-known 
Fermi function, cannot be solved for y=0 or y=1 although solutions as near to 
these limits as are required may be obtained. 

(ii) As ¢ increases for given values of EF and «, y also increases, as expected 
physically. 

(iii) As the purity-of a transistor material, and hence «, increases, y also 
increases, as expected. 

(iv) Materials with large values of E are, other things being equal, less favour- 
able for carrier injection. 
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Fig. 2. Injection efficiency as a function of barrier height. (a) Germanium (impurities 
fully ionized), (6) Silicon (impurity activation energy 0-08 ev). T=290°K. 
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The general form of eqn. (1) is illustrated in figs. 2(a) and (6) for germanium 
(n-type), E=0-72ev, and silicon (p-type), E=1-lev. To determine ¢ for y=0 
and y =1 the values are calculated as follows. If 6 =0 then there is no potential 
barrier and presumably no injection so that y=0. For the maximum value of 
y(=1) we should expect the filled band of an n-type material to be raised to the 
Fermi level at the surface. Considerations of a similar nature would apply to the 
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_depression of the conduction band of a p-type semiconductor. Any further lower- 


ing of the conduction band or raising of the filled band would require an impossibly 
high concentration of surface states. In this case then 6=¢max, Where dyax 18 
givenby £—e. In both diagrams the curves illustrate the relation between ¢ and y 
in the expected manner, but in extreme cases require correction. When N, is very 
small, e.g. 10'3cm-%, there is an error in the calculated value of ¢ at low injection 
efficiency because the motion of holes in the filled band (for the n-type case) has 
not been considered in the derivation of « from Ny, Furthermore, when 
N, = 10'S cm or greater, e« should have been determined from a true Fermi—Dirac 
function and not from a classical approximation. In materials of the purity used 
in practical transistors the approximations made are entirely justified. 

It is further of interest to examine the condition for transistor action given by 
Bardeen and Brattain (1949), namely 4 +« > 4E£, for which the limiting condition is 
¢@+e=$E. From an inspection of figs. 2(a) and (b) it may be observed that on 
this basis transistor action is expected to occur for very low values of d. From 
practical considerations it seems that for a useful transistor assembly at least half 
the total forward current of the emitter should consist of minority carriers, in 
which case y=0-5. Thus the condition becomes ¢ + 2¢ > E which suggests that 
higher values of ¢ are required if a useful transistor assembly is to be achieved. 


§ 3. THEORY OF DETERMINATION OF EMITTER INJECTION EFFICIENCY 


Consider the arrangement shown schematically in fig. 3, where the transistor 
material has a filamentary structure and a one-dimensional analysis may be 
applied with small resultant error. If the emitter contact is biased forward there 
will be an increase in conductance as a result of carrier injection, and this may be 


Voltage 
Probes 


Tntle 


Section of Material with 
a Filamentary Structure 


Fig. 3. Schematic arrangement. 


observed along the length of the filament by means of suitable probes since the 
injected carriers travel down the filament under the influence of the sweeping 
current /,. Inthe absence of recombination of electrons and holes in their passage 
along the filament it has been shown by Shockley, Pearson and Haynes (1949) 
that for an n-type semiconductor y is given by the equation 
_ (1G GI +1.) 
12 er EBT AN EPIRA ee Meh RSE (4) 
€ 

where G;, is the conductance of the filament between the probes in the absence of 
injection (J, =0), G is the conductance of the filament in the presence of injection, 
I, the sweeping current, J, the emitter current, b the mobility ratio p./un; bes My 
are the drift mobilities of an electron and a hole. (For p-type semiconductors 6} 
isreplaced by 1/6 in eqn. (4).) 

Since the effect of conductivity modulation at a distance x from the emitter 
will be reduced as a result of recombination, eqn. (4) will only give y,, i.e. an effective 
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efficiency. ‘To correct for this, readings are taken for different values of J,, and 
the sweeping field along the filament is also measured. Then if V is the potential 
fall along the distance x and yp is the mobility of a minority carrier, the transit 
time t is x2/uV. ‘Then by plotting log y, against ¢ and extrapolating to =0 we 
obtain a true value for y for the case of zero recombination. ‘The slope of the line 
produced in this way gives the reciprocal of the minority carrier lifetime t and thus 
provides a further method for the determination of y._ Ifa rapid determination of y 
is all that is required it is sufficient to plot log y, against 1/V and extrapolate to 
1/V =0. 

The theory as developed by Shockley et al. (1949) involves an important 
approximation which is not always justified in practical cases. In the derivation, 
the conductance in the presence of injection is taken to be a linear function of the 
carrier concentrations and the sweeping field, and the terms involving diffusion of 
carriers are neglected. For the lower values of sweeping currents the diffusion 
term may in fact be quite large or even predominate. ‘This imposes practical 
limitations on the experimental arrangements. 

From the form of eqn. (4) it may be observed that the accuracy of y, is very much 
-affected by the quantity 1—G,/G. In practice it has been found that G)/G is 
often of order 0-9, so that 1— G)/G is about 0-1. ‘Thus a small error (say 1%) in 
G,/G may cause a much larger error (say 10%) in (1—G,/G). For this reason Gy 
and G must be determined with high accuracy. Even so the errors in y,, and 

hence in y, are likely to be of order 5-10%. 

There are very few actual measurements of y reported in the literature. In 
the measuremens of Shockley et al. (1949) the value of the factor 1 + 5 was taken as 
2:5 instead of the currently accepted value of 3-1. ‘This would have the effect of 
reducing the measured values of y from 1 to 0-8 for n-type Ge and from 0-6 to 0:48 
for p-typeGe. Furthermore, if the experimental points given by the above authors 
are fitted to straight lines by Cauchy’s method they do not pass exactly through 
y=1landy=0-6asindicated. Also, since the specimens used by the above authors 
were prepared by sandblasting it is probable that the surfaces were rough and not 
accurately rectangular in shape. ‘The roughness of surface would probably cause 
the low values of 7 observed by them. More recently Shockley (1950, p. 346) has 
stated that it is possible to obtain a range of values of y for n-type Ge, but details 
of the methods and results have not been published. 


§ 4, EXPERIMENTAL ARRANGEMENTS 


As presented above, the determination of y could be performed by a.c., d.c. or 
pulsedsignals. Although by means of applied pulses higher fields may be achieved 
and hence smaller transit times occur, it was considered that the worst source of 
error would arise from the voltage and current measurements to obtain G and Gy. 
The experiments were therefore carried out using d.c., since by this method the 
voltages could be measured with a standard potentiometer of high accuracy and the 
currents could be readily checked with the aid of high quality d.c. meters. The | 
_ total current through the specimen was maintained sufficiently high to make the | 
diffusion effects negligible and sufficiently low to avoid effects due to Joule heating. 


4.1. Experimental Specimens 


Experiments were carried out on various specimens of n-type single crystal 
germanium having resistivities of 2°2, 7 and 20 ohmcm and carrier lifetimes from} 
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5 to 50 microseconds, the latter quantity being very dependent on the surface 
treatment given the specimens. ‘The specimens were cut roughly to size by means 
of a special tungsten-wire—carborundum saw, were ground with fine carborundum 
and water, and were dried, polished, suitably etched and washed. ‘The final 
dimensions were of order 0:1 to 0:-4¢mm x 0-1 to 0-4mmx1 to 2cm. The total 
resistances of the filaments were thus of order 1000-20000 ohms. They were of 
good geometrical shape, clean, and had a bright appearance. ‘They were mounted 
on Perspex blocks in the manner shown in fig. 4 (a). 
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Fig. 4 (a). Perspective view of crystal mounting. Fig. 4 (6). Circuit diagram. 


4.2. Soldering Procedure 


The end contacts were of large area and made with a small soldering iron after 
the application of a small amount of lactic acid as a flux. 

The potential probes were soldered to the filament using a micro-soldering 
technique developed largely by W. H. Mitchell (to be published). By this 
technique it was found possible to make a soldered junction of area no greater than 
that covered by the 0-002 inch platinum wire used. Furthermore, junctions made 
in this way remained non-rectifying down to low temperatures and enabled experi- 
ments at various temperatures to be carried out with confidence. By the use of 
contacts of this kind it is thought that the effects of floating contact potentials 
described by Bardeen (1950) have been avoided. 


Ee 


4.3. Measuring Method 

The circuit is shown in fig. 4(>) and was used as follows. K, was closed and 
the sweeping current was adjusted to a suitable value by means of resistance R,. 
The potential difference across the probes AV, was measured and the value of the 
sweeping current noted. K, was then closed and the emitter current J, adjusted 
to a convenient value less than /,. ‘The new potential difference AV, /, and 
I,+f, were noted. The potential fall along the filament between emitter 
and probe was measured so as to estimate the sweeping field. ‘Then 


_ U-[hAV/(h, + L)AVo]} Ln t+ Le) 
Vem (1 a b) ip ’ 
and by making measurements for various values of J, y could be computed as 
_ described above. 

4.4. Emitter Points and Light Spots 
The emitter points were made from 0-0041n. phosphor-bronze or tungsten wires 
pointed in the usual way. ‘They were applied to the rod by means of a micro- 
manipulator and no efforts were made to electroform them. One experiment was 
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carried out using a stretched 0-004 in. phosphor-bronze wire as a line rather than 
a point emitter. | 

For optical injection fine spots of light were produced quite simply from a | 
tungsten lamp and microscope objective. By means of an adjustable lens-holder 
the spot could be readily moved over small distances without upsetting the rest 
of the arrangement, and could be readily defocused if necessary. 


§ 5. EXPERIMENTAL RESULTS 
5.1. General 


Figure 5 shows typical results for the relation between log y, and t for threc 
specimens of n-type single crystal germanium. It is seen that y may be rather less 
than unity; but in all cases is near this value and is certainly greater than about — 
0-8, i.e. all, or nearly all, of the forward current at an n-type germanium contact is 
carried by holes. In the case of dirty or badly etched surfaces this is not necessarily _ 


a 


Specimen A 
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Specimen B 
(7 ohm cm) 
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Fig. 5. Determination of emitter point y for contacts on three specimens of germanium. | 


so, and y can assume smaller values. With the small values of emitter current used | 
no dependence of y on J, was observed. The values of lifetime calculated from 
the graphs are: specimen A, 17 usec; specimen B, 25 usec; specimen C, 14 psec. , 
‘These values are of the same order of magnitude as those obtained by the light spot | 
method used by Lawrance and Gibson (private communication), and in fact ! 
specimen A is the same as that for which the above authors measured a value of | 
18 psec. ‘The values of lifetime obtained from these measurements lie between | 
the values for the body and surface lifetimes. | 
The experiment carried out with the stretched wire emitter yielded a value? 
of y=0-9, so that this arrangement is very useful in practical devices such as the 
infra-red modulator devised by Gibson (1953). | 


5.2. Calibration of a Light Spot Emitter 


The complete specification of the effect of a light spot emitter would involve a/ 
knowledge of the incident radiant energy and other parameters which in practice 
require fairly complicated measurement. It has been found satisfactory to measures 


weee 
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the ‘equivalent hole current’ for a light spot and then keep the system fixed during 
thesubsequentexperiments. The use of this device is describedin§6. Measure- 
ments of probe potential difference were made for a given fotal current through the 
specimen for various values of emitter current and for a light spot emitter. The 
results for a typical experiment are given in fig. 6. From the curves a plot of 
emitter current against potential difference can be constructed and the equivalent 
hole current /,.calculated. For the filament used in fig. 6 J,,is3 ma. For higher 
resistance filaments this value would be smaller. 
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Fig.6 (a). Conductivity modulation by point Fig. 6 (6). Determination of equivalent hole 
contact and light spot carrier injection current for a light spot emitter. 
(single crystal 7 ohm cm Ge). 


5.3. Change of y on Illumination 


Figure 7 shows the effect of illumination on the values of y for emitter contacts 
on 2:2 and 7 ohm cm germanium respectively. It is noteworthy that y decreases 
markedly upon illumination of the point contact with a light spot of the type 
described above. ‘There is an apparent increase in 7 upon illumination. The 
theory discussed in § 2 enables us to interpret the change in y in terms of a change in 
barrier height Ad. It is to be expected that F will be unaffected by illumination, 
and that « will also be little affected except possibly within a very small region of 
the crystal near the surface. In any case the theory for y concerns transitions from 
the interior of the crystal to the metal and vice versa. ‘The maximum change will 
be that in ¢ caused by the excitation of free carriers to empty some of the surface 
states and hence to decrease y. If we then assume that y changes predominantly 
as a result of the change in 4 we may estimate A¢ as follows : 

(i) 7ohmem germanium. y changed from 0-95 to 0-17, corresponding to 
a change in ¢ from 0-220 to 0-106 ev, i.e. Ad =0-11 ev. 

(ii) 2-2 ohm cmgermanium. y changed from 0-84 to 0-175, corresponding to 
a change in ¢ of from 0-250 to 0-168 ev, i.e. Ad =0-08 ev. 

Thus in each case the decrease in barrier height on illumination is of order 
0-1 ev, although the change is rather higher in the case of the specimen of higher 
resistivity. It is believed that this experiment provides the first direct evidence 
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for the barrier theory of photoconductivity as postulated for example by Gibson — 
(19511952). 


5.4. Change of Carrier Lifetime on Illumination 


The results shown in fig. 7 suggest that 7 increases upon illumination of the 
specimen. ‘This may be explained qualitatively by assuming that a small region 
around the contact is illuminated and that the relatively shallow traps on the surface 
of the filament (of the kind suggested by Lawrance (1953)) in this region have been 
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Fig. 7. Variation of y and 7 upon illumination. (a) 2:2 ohm cm germanium, (5) 7 ohm cm 
germanium. 
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Fig. 8. Variation in lifetime with illumination along the crystal (2:2 ohm cm germanium). 


filled by the white light. It is thus less likely for an injected carrier to be trapped | 
and hence 7 increases. ‘This interpretation was verified by measuring y with the © 
light spot defocused slightly and incident on the filament between the emitter and | 
the probe contacts. ‘The result is shown in fig. 8, and it may be observed that 
although y is relatively unaffected, 7 has increased when the surface of the crystal | 
is illuminated, so that presumably more traps have been filled and the probability - | 

of surface trapping has been decreased. 
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§ 6. EXPERIMENTS AT ELEVATED 'TEMPERATURES 


6.1. General 


It is known that germanium transistors cease to function efficiently above about 
60°c, and it is of interest to assess if possible the relative importance of effects due 
to the emitter and collector separately since this may affect the design considerations 
of practical devices. It is known that the efficiency of a collector contact decreases 
markedly as its reverse resistance decreases, and it is therefore less efficient as a 
device for collecting holes and acting asa barrier toelectrons. Since the saturation 
current in the reverse direction is an exponential function of temperature a large 


’ effect from this cause is to be expected. There is no published information re- 


garding the operation of emitters at elevated temperatures, and hence the following 
investigation of y as a function of temperature was made. In addition it was found 
that the results enabled the location and density of the surface states to be 
determined. 

The ordinary method of determination of y at elevated temperatures described 
in §3 has many difficulties since there will be considerable uncertainty regarding 
the values of j,, w;, and 6 at any temperature. The method used here, in which the 
effect due to a ‘calibrated’ light spot is compared with that due to the emitter 
point, avoids these difficulties since the transit effects for electrons or holes 
injected either optically or electrically are expected to be identical. (This 
consideration would be even more important at low temperatures where trapping 
effects would be expected.) 


6.2. Experimental Method 


The experiment is carried out as follows: (1) the value of yo, the efficiency at 
room temperature, is measured in the usual way; (ii) the equivalent minority 
carrier current /,,, of a light spot incident at the emitter contact is measured for 
various sweeping currents; (iii) the change in conductance between the voltage 
probes AG; for a given value of total sweeping current and the use of the light spot 
emitter only is determined at some other temperature T; (iv) the change in 
conductance AG, for the same sweeping current, but with the emitter contact 
passing forward current /, of similar magnitude to J,,,, is also determined at 
temperature 7. ‘Then it may be simply shown that 


AG, /AGy, i ImeYo/L. YT 


and hence yz the emitter point efficiency at temperature 7 is readily calculated. 
The method assumes that the quantum efficiency of the material does not vary 
significantly with temperature and also that the wavelengths of light used are 
largely well within the lattice absorption band of the material at all the temperatures 
of measurement. In the case of germanium the first assumption is believed to be 
correct since the quantum efficiency is not expected to vary more rapidly with 
temperature than £, the forbidden gap width. ‘The second assumption is also 
justified since at normal operating temperatures a tungsten filament lamp has its 
maximum ra:liation at about 1-1, well within the absorption band of germanium. 

One advantage of this experimental method is that even if yu, ~, and b for a 
given material are not known, so that y) may not be determined, the variation of 
y/o with temperature may still be investigated. 

The etched germanium filament was mounted on a small block of Perspex 
with a very thin phosphor-bronze shim at one end so that any expansion or contrac- 
tion of the specimen with respect to its support would not introduce strains into the 
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crystal and hence cause incorrect results (Lawrance 1953). Potential probes were 
soldered on as previously described and a chromel—alumel thermocouple to one 
end of the filament. The whole was held in a micromanipulator designed by 
W.H. Mitchell, the emitter contact made to the filament, and its distance from the 
probes noted. Ina typical experiment the spacing of the probes would be about 
0-2 to 0-3 mm and the emitter about 2:5 to 3mm away. The whole assembly was 
then fitted in a Dewar type cell with a plane window so thata fine light spot could be 
focused on the filament around the emitter contact. The cell could be evacuated, 
and heated by means of a resistance element immersed in transformer oil in the 
centre container. 

The electrical measurements were made as described above. Precision in the 
current—voltage measurements was of great importance since /, was kept to approxi- 
mately the same value as J,,, and hence the changes in conductance AG, and AG; 
would be of the same order of magnitude, possibly differing by 25-50% as y 
decreased. Reproducible results could readily be obtained and y determined as a 
function of temperature. 


6.3. Results of Experiments 
The effect of elevated temperatures on the value of y for unformed emitter 


contacts on n-type germanium is shown in fig. 9. It may be observed that y 
remains constant over the temperature range covered with the 2-2ohmcm 
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Fig. 9. ‘Temperature variation of emitter point y for contacts on two specimens of 
germanium. 


specimen, whereas y forthe contact on 7 ohm cm material decreases steadily above 
about 60°c, at which temperature an appreciable thermal generation of hole- 
electron pairs would be expected. As the specimen reaches the intrinsic range 
y continues to fall. For the 2-2ohmcm specimen the temperature at which the 
intrinsic contribution to the conduction becomes important has not been reached. 
(The point shown at y=1-06 for this specimen illustrates the magnitude of the 
experimental errors in the method.) 


§ 7. ‘THEORETICAL INTERPRETATION OF THE TEMPERATURE DEPENDENCE OF y 


The measurements of y at elevated temperatures enable us to deduce the 
variation with temperature 7’ of the potential rise at the surface 4, by the use of 
eqn. (2). ‘The appropriate values of E and ¢« were calculated for the particular 
temperatures concerned. ‘The variation of ¢ with T is shown in fig. 10, and it may 
be observed that ¢ decreases fairly slowly with temperature. 

From values of ¢ at different temperatures we may calculate the position of the 
surface states with respect to the top of the upper filled band at the surface. The 
equations used were derived by Bardeen (1947) and have been used by Gibson 
(1952). ‘The theory employed is developed for an n-type semiconductor but— 
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mutatis mutandis—applies equally well to p-type material. Let us assume that the 
surface states occupy a discrete level F, above the filled band and E, below the 
Fermi level. Then 


Mp Ese eae IS MS TA ee (5) 
Since the number of occupied states per unit area of those available n, is given by 
n=n[l/{l+exp(—E£g/RT)}], = navese (6) 
then n=n){1/[l+exp{—(E-¢-—e«—E,)/RT}]}. se (7) 
Furthermore, Bardeen (1947) has shown that 
Oe omen cig, ite 9) Sopa. = Cee er eee (8) 


where K is the dielectric constant of the material. Thus 


KN,\12 1 
(+7) ~ "T+ exp (—(E—$ eB) RT)} 
(@) "= I + exp {— (Ez —$2—€2—E;)/RT,} (9) 
$s Pecsp (ier a Rly 
Thus from a knowledge of ¢ at two different temperatures FE, can in principle be 
determined from eqn. (9). An exact solution is not always achievable, but from 
the values shownin fig. 10 the value of E, seems to be approximately zero ( + 0-02 ev), 


so that 
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Fig. 10. ‘Temperature variation of barrier height ¢ for two specimens of germanium. 


i.e. the surface state level is at the top of the filled band at the surface. For very 
pure materials a more rigorous calculation (Mrs. A. M. Woodward, private 
communication) shows that ¢ should be replaced by $+ RT exp { —(E—¢ — 2c)/RT} 
in eqns. (8) and (9). The results quoted in this paper were obtained with the use 
of this correction. 

Since at 0°K the value of « is approximately zero, the extrapolated value of ¢ 
should be E—F,. By extrapolating the linear portion of the graphs in fig. 10 to 
T =0 values of about 0-75 ev are obtained in each case. This confirms that F, is 
approximately zero. 

The surface state density was calculated from eqns. (7) and (8) with the 
corrected value of ¢ and the results obtained for m, for the 2-2 and 7ohmcm 
specimens were 1-1 x 10% and4-3 x 10!°cm™*. ‘These values are rather lower than 
that of 10!*cm~? suggested by Bardeen (1947). In his calculation, however, the 
concentration of impurities N, was taken as about 10!*cm-? instead of the 
1014-10! cm"? appropriate to the above specimens. ‘Thus for a given surface 
rise of potential ¢ the density of surface states would be greater in his case. 
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§ 8. DiscUsSION AND CONCLUSIONS 


The experimental results suggest that for clean surfaces of n-type single crystal 
germanium any clean rectifying contact, point or line, will have an injection 
efficiency of from 0-8 to 1. This implies that in transistor construction there is 
probably no need to form the emitter electrically so long as clean whisker materials 
and well-etched crystals are employed. ‘he failure of transistors to operate 
above 60-70°c may be attributed im part to a decrease in emitter point efficiency for 
devices made from germanium of resistivity 5—6ohmcm or greater. The chief 
cause of failure is still expected to be the decrease in reverse resistance of the 
collector. For germanium of lower resistivity the failure of the collector is likely 
to be the sole cause of failure of the transistor. (Other effects, such as the rapid 
decrease in drift mobility at an elevated temperature—about 55°c—reported by 
Lawrance (1953), will also affect transistor performance.) 

The theory outlined provides a useful relation between ¢ and y and enables ¢ 
to be determined uniquely once y is measured for a material ofknown purity. ‘This 
method of determination is probably more reliable than any previously described 
for this class of solid. 

It is shown that a light spot can act as a standard source of carrier injection and 
may be used as a ‘sub-standard’, thereby enabling y at temperatures other than 
room temperature to be determined. ‘The experiments with illuminated contacts 
substantiate previous theories of photoconductivity, and experiments with 
illuminated regions of a filament provide further evidence for the existence of 
surface traps of the kind that affect low temperature drift mobilities and also 
current gain in transistors. 

The interpretation of (y, 7’) measurements so as to obtain surface state position 
and density suggests a very sensitive method for the investigation of the changes 
produced in germanium by the various surface treatments that may be used. 
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Abstract. ‘The phase changes which occur on total reflection are modified when 
a metal plate is placed near and parallel to a totally reflecting boundary. In 
particular the phase difference between plane waves of equal amplitude, polarized 
in and perpendicular to the plane of incidence, can be varied from —7 through 
zero and up to the value obtained without the plate. When the refractive index 
is greater than or equal to 1+ /2, there are two positions of the plate for which 
the reflected wave is circularly polarized, and in which the electric vector rotates 
in opposite directions. 

Measurements of this effect have been made at a wavelength of 1:25 cm, 
with a microwave analogue of the optical spectrometer, and a 45° Perspex prism 
with faces 6 in. square. In view of the limitations due to diffraction the results 
are in good agreement with the theory, and are an elegant way of showing the 
presence of the evanescent wave beyond a totally reflecting boundary. 


§ 1. INTRODUCTION 


T a totally reflecting boundary the field existing in the less dense medium 
is due to an inhomogeneous plane wave, which is effective at distances 
up to about a wavelength from the boundary. ‘The presence of a metal 

plate in the less dense medium a small distance from the boundary may be 
expected to modify the boundary conditions, and if the incident radiation has 
components in and perpendicular to the plane of incidence, this modification 
will be shown by a change in polarization of the reflected waves. 

Apart from limitations on aperture size and possible diffraction errors, the 
investigation of the phenomena is facilitated at wavelengths in the microwave 
region, where accurate control of the polarization and intensity can also be 
effected with waveguide techniques. The measurements have thus been made 
with a microwave analogue of the optical spectrometer, and a 45° totally reflecting 
Perspex prism, together with an arrangement whereby the plate can be set 
parallel to the totally reflecting surface and its distance from it accurately 
determined. The phase change was measured for various distances of the metal 
plate and the results compared with theory. 


§ 2. THEORY 


The method of analysis is similar to that given by Stratton (1941). We 
assume that the transmitting horn provides a plane wave, and neglect any 
diffraction effects due to the edges of the prism. We also assume that the prism 


* The work described in the paper comprises part of a thesis approved by the University 
of London for the award of the degree of Ph.D. 
A patent application relating to the subject matter of the paper has been filed. 
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has the permeability of free space with no conductivity, and neglect any reflections 
which occur at its faces. The metal plate is assumed to be a perfect conductor. 
The coordinate system and arrangement of the media are shown in fig. 1, 
where a plane wave travelling in a medium of refractive index N is incident 
on a plane interface separating the medium from free space. Parallel to this 
interface and at a distance d from it is a perfectly conducting plane. The waves 
existing in the system may be determined from the boundary conditions, viz. 
that the tangential components of the electric and magnetic intensities are 
continuous across the planes y=0 and y=d. With the direction of propagation 
in the plane x=0 this leads to the following results, where the variation with 
time is omitted. 
If the incident wave is polarized with the electric field 
€) exp {—1k(« cos 0+ sin 4)} 
perpendicular to the plane of incidence, then the electric field of the reflected 
wave in the region y <0, viz. e, exp {—zk(x cos 0—y sin @)}, is given by 
é, (1+) sin 6,—(1—¢%)N sin 0 1 
ee > (Tepe) sin, PS dasa oS ee ee (1) 
where cos 6.=N cos 0, 4 =exp (—2ikd sin 02), k=27/A, and A is the free-space 
wavelength. 


Metal Plate 


Bi a 
Totally] Reflecting Boundary 
6 Incident Medium 
Refractive Index V 
Reflected Wave 


Fig. 1. Coordinate system. 


Similarly if the incident wave is polarized with the magnetic field perpendicular 
to the plane of incidence, the magnetic field of the reflected wave in the region 
<0 is given b ; 
y 8 y hy __ (1—#)N sin 0,—(1 +4) sin 0 5 
hy (1—)N sin @,+(1+%)sin@. ~~ (2) 
where hy is the amplitude of the magnetic field in the incident wave. 
Total reflection occurs in the absence of the metal plate when 


IN cOs0 S10 ae) ne (3) 
and the proviso that the transmitted wave be exponentially damped requires that 
sind, =—720N? cos? 6 = 1) 0 ee eee (4) 


where the positive sign of the square root is taken. Equations (3) and (4) are 
not affected by the presence of the metal plate. 

With the metal plate present and the incident wave polarized at 45° to the 
normal to the plane of incidence, let e)’ and e,” refer to the electric fields in the 
incident waves with the electric vector ‘normal and parallel respectively to the 
plane of incidence. Let e)’ exp (i8’) and e)” exp (i8”) similarly refer to the 
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reflected waves. Then, from eqns. (1), (2) and (4), the phase difference 6 = 6’ — 6” 
between the two oscillations is given by 
san 35 NCP + yy sin 0 
F N(N?— 1)(1 —?) cos? 6 
where » =(N? cos? 6—1)"?, and now $=exp(—2kud). As d>0, 4-1, and 
tan $6—>— 0. Also tan 46=0 when 
NP( Loe ss( Le) ef A Aone oe (6) 
and so, as d increases, 5 increases from —7, passes through zero and up to the 
value obtained when the plate is removed. 

The reflected wave is circularly polarized when tan $5= +1, and it follows 
that the value tan $5=1 is not always possible. When tan $5=1, eqn. (5) 
becomes a quadratic in %, which when solved gives 

1 N?2-1+a 
d= Phy log ee! cee e ee (7) 
where « = N(N?—1) cos? 0/(u sin 6). 

Since d must be real and positive, it follows that the condition for tan 36 =1 
to occur 1s INECOS 0.<,( SiG)... seen eat (8) 
and that the negative sign must be taken before the radicle. Hence if 
2N/(N?—1)>1, eqn. (8) cannot be satisfied for any angle of incidence, and 
there is no position of the plate at which this type of circular polarization occurs. 


80 40 0 40 80 (20 
-ve 6 (degrees) ie 


160 120 


Fig. 2. Phase change 6 plotted against distance of plate d for dielectric constant 
e=(1+4/2)? (curve 1), e=9 (curve 2). Angle of incidence 30°. 


If N>1+4+ 4/2 the reflected wave is circularly polarized for any angle of incidence 
which satisfies eqn. (8), provided that the metal plate is at a distance given by 
eqn. (7). 

The reflected wave is also circularly polarized when tan $5= —1, and it is 
found that, when N and @ have any values such that total reflection occurs, there 
is always a position of the metal plate for which circular polarization occurs, 
and the distance d is then given by 


1 N?-1-« 
a C 
d aloe eae eee (9) 
When N>1+ 1/2 there are thus two possible positions of the metal plate 
at which circular polarization occurs for angles of incidence satisfying eqn. (8), 
and in these two positions the electric vector rotates in opposite directions. 
Figure 2 shows the calculated curves for an angle of incidence of 30° and various 
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values of dielectric constant, and shows that the two positions can be obtained 
for this angle of incidence. It can also be shown that a phase difference of + 90° 
cannot be obtained no matter how high the dielectric constant, when the angle 
of incidence is 45°. This is because the inequality in eqn. (8) is never satisfied. 


§ 3. EXPERIMENTAL 


The klystron valve shown in fig. 3 generates radiation of wavelength about 
1-25 cm into a rectangular waveguide, which is then tapered up to form a horn 
aperture 3 in. square. ‘The horn is 15 cm long, and a polystyrene lens is used to 
reduce the divergence of the radiated energy. The surfaces of this lens are 
matched to free space to reduce reflections from them. 

A similar horn and lens forms the receiving aperture; the radiation received 
is then fed into a crystal detector and the rectified current observed on a galvano- 
meter. ‘The horns are mounted on radial slides which can rotate about the 
centre of a circular base 1 metre in diameter. Since the rectangular waveguide 


Millimetre Wave 
Oscillator Redatier 


Attenuator 


Perspex Prism 
Metal Plate 


Fig. 3. Arrangement for total reflection experiments. 


propagates only the Hy) mode, in which the electric vector is normal to the larger 
face, this system automatically fixes the polarization of the field which is radiated 
or received. ‘lhe supports which carry the horns on the slides are thus provided 
with a cylindrical graduated head, in which the horns can be rotated about their 
axes in order to change this polarization. 

The totally reflecting surface of the prism is mounted vertically over the 
centre of the spectrometer, with its faces perpendicular to the axes of the horns, 
which are set 90° apart on the base scale, and distant 38 cm from the centre. The 
incident electric field was usually polarized at 45° to the plane of incidence to give 
equal components perpendicular and parallel to it. Denote the phase change 
on total reflection between these two components by 8; then it follows that 


Ea e% do this 10 
Boat Nea Ride ( ) 


where P,,,, and P,,i, are the maximum and minimum powers received as the 
receiving horn is rotated about its axis. Note also that provided the amplitudes 


cos 6 = 


SF 


Effect of a Metal Plate on Total Reflection 863 


of the signals remain equal, the axes of the resultant ellipses will always be at 45° 
and 37+ 45° to the horizontal whatever the phase change. 

The measured variation of 8 with distance d of the plate is shown in fig. 4, 
together with the theoretical curve for Perspex for angle of incidence 45°; the 
agreement between the two curves is quite good. From the experimental curve, 
it is seen that the phase change 5 is — 90° when d=0-084 cm, and is zero, and the 
polarization again linear, when d=0-250 cm. ‘The theoretical values of d for 
these two positions are 0-089 cm and 0-243 cm respectively, in close agreement 
with the experimental values. 


. 

1-0 = ie | 
Perspex (Theoretical) 

----— 45° Perspex Prism | 
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Fig. +. Effect of metal plate on total reflection. Plot of phase shift 6 against distance d of 
plate from totally reflecting surface, A=1:25 cm. 
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Fig. 5. Effect of metal plate on totally reflecting prism. Plot of received amplitude 
against rotation of receiving horn about its axis for various distances d of the plate 
from the surface of the prism. 


From the asymptotic value of the phase change 6 and d becomes large, and 
the well-known result for the phase change on total reflection without the metal 
plate (Stratton 1941), the dielectric constant of Perspex may be deduced. 
A value of 2-56 is thus found for this, a result which is about 4°% below the correct 
value, but in view of diffraction errors and the scattering of radiation by the prism 


- we may regard the agreement as reasonable. 


Figure 5 shows the variation of amplitude with angle of rotation of the 
receiving horn for different values of d. As d increases from small values the 
cusp of the curve increases, and the response ideally becomes circular. As d 
increases beyond this position the curves swing round through 90°, since cos 6 
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changes sign and the axes are interchanged. The cusp then decreases to zero 
when 5=0, and then finally increases so that the curve at d=0-971 cm is 
approximately that obtained with d infinite. We note also that the axes of the 
ellipses incident on the receiving horn are all inclined at approximately 45° to 
the x axis. 


§ 4. CONCLUSIONS 


The agreement between the theoretical curve, which assumes incident plane 
waves of equal amplitude, and the experimental curve obtained with apertures 
3 in square is quite good. It would seem that the discrepancy occurs because 
the conditions are not those of a simple plane wave, but of the angular distribution 
of plane waves which constitutes the diffraction pattern of the aperture field. 
The equality-of amplitudes assumed theoretically may therefore not be maintained, 
due to diffraction and lack of symmetry in the scatter of radiation by the prism. 
In view of these difficulties the agreement with theory is regarded as satisfactory. 

Due to the lack of material with the required dielectric constant, no 
experimental confirmation has been obtained of the theoretical result, that 
circular polarization should be obtained at two positions of the metal plate for 
suitable values of dielectric constant and angle of incidence. It seems clear, 
however, that these positions should exist for angles of incidence satisfying the 
inequality of eqn. (8), when the dielectric constant is equal to or greater than 
(1+ 4/2)%. One way of verifying this would be to use two prisms and two metal 
plates, when two positions of the plates for circular polarization should be found. 

These experiments are an elegant way of showing the presence of the 
evanescent wave beyond a totally reflecting boundary, and show how it may 
be utilized to produce millimetre waves of various polarizations, including circular 
polarized waves, by the use of optical methods alone. This may prove extremely 
useful in this field where the existence of a doubly refracting material for such 
purposes seems improbable due to the vast difference between conditions at optical 
and millimetre wavelengths. 
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Abstract. 'The strain rate de/dt of the steady flow of iron and plain carbon steels 
containing from 0-05 to 1-15°% carbon, subject to constant stress in the temperature 
range lying between the A;-points and the solidus T,, is shown to depend upon 
the applied stress co, the absolute temperature T, the latent heat of melting Z, and 
the volume per atom aw, through the relation 


de nL ii ; Nnawo 
ap As exp =< kT (1 = r)| sinh (ar) ° 


The form of the equation and micrographic evidence indicate that the dominant 
rate-controlling mechanism is a recovery process in which disordering of groups 
of n (20) atoms is induced at grain boundaries by stress concentrations resulting 
from the piling up of N (50) dislocations in slip planes. N and xn, but not Ap, 
are composition dependent. 

The transient strain «;, 1s shown to obey the law 


fi f 
oe es EXD) | - = (1 ~ 7) | sinh (i) : 


where m the exponent of the time is approximately equal to 4; By is a composition 
independent and H,, and q;, are composition dependent constants. A comparison 
of the last two parameters with corresponding ones in the steady-flow equation 
suggests that, with certain qualifications, a relation between the steady and the 
transient flows of the form «¢,=const. (tde/dt)'*, as derived by Mott, may be 
valid over a wide range of the variables. 


§ 1. INTRODUCTION 


collecting of data, which precedes the theoretical development of every 

science, can be regarded as drawing to a close towards the mid-thirties, 
when most of the work carried out in that period was summarized in the books 
Kristallplastizitat, mit besonderer Beriicksichtigung der Metalle by Schmid and 
Boas, and in Distortion of Metal Crystals by Elam, both of which appeared in 
1935. At about the same time the basis for the theoretical development of the 
problem of the deformation of crystalline materials, particularly metals, was 
laid by the papers of Taylor (1934), Orowan (1934) and Polanyi (1934) on the 
theory of dislocations, which provided the means for work on the systematization 
of the experimental material. 

Ewald (1936) defined the aim of the ensuing work as “‘the struggle for the 
determination of the nature of the parameters’’, clearly realizing the scientific 
and technical importance of interpreting the fundamental significance of the 
constants in the empirically determined laws of deformation. 


[: the study of the deformation of metals the period of classifying and 
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However, up to the present only limited progress has been made towards the _ 


realization of these aims, whether in the case of the stress-strain relation, 
important at comparatively low temperatures, or the strain-time relation at 
constant stress which is of particular importance at temperatures above about 
0:36Tneit(°K). ‘Thus, in the strain—time relation, which forms the subject matter 
of the present work, the need for the use of parameters of unknown nature still 
arises in interpretations of the steady flow of single crystals (Orowan 1934, 
Kochendérfer 1941, Laurent 1945, Cottrell and Aytekin 1950) and polycrystals 
(Kanter 1938, Kauzmann 1941, Novick and Machlin 1947, Cottrell and Aytekin 
1950, Johnson and Frost 1952) even if the formalism of the theory of dislocations 
is introduced in interpreting the experimental results. However, while there is 
similarity between the functional form of the flow equations relating to the 
steady flow, this cannot be said of the various expressions which have been 
proposed to account for the first, transient, stage of the flow. 

In fact, except for the pioneering work of Andrade (1910, 1914), comparatively 
little systematic work has been done on the problem of the transient flow in 
metals and, in the absence of a broad experimental basis, theoretical interpretations 
of the phenomena were largely speculative. ‘The problem is complex, and few 
valid generalizations can be arrived at from the study of the available experimental” 
material. Thus, while it is true that in the case of pure polycrystalline metals, 
and some alloys (Johnson and Frost 1952) at temperatures above about 0-36 of 
that of their melting points and in a large number of non-metallic and non- 
crystalline materials (e.g. celluloid, Jessop and Filon 1928) the Andrade £13 law 
represents the transient strain very well over a wide range of stresses and 
temperatures, it does not, with few exceptions (Cottrell and Aytekin 1950, on 
zinc) appear to hold in the case of polycrystalline metals at temperatures and 
stresses at which grain boundary slip does not readily occur, or in metal single 
crystals. The grain boundaries thus appear to play an important role in the 
transient deformation, immobile boundaries leading to a largely reversible 
transient deformation characterized by a logarithmic curve, while with 
boundaries along which slip takes place with comparative ease the curve is of the 
t” form with m approximately equal to 4. In the case of single crystals the 
experimental evidence is particularly difficult to correlate. Firstly, single 
crystals containing impurities, which would be expected to have a definite yield 


point, e.g. iron (Gensamer and Mehl 1938), alpha-brass (Burghoff and > | 


Mathewson 1941) and impure zinc (Read and Tyndall 1946), show S-shaped 
transient flow curves, indicating a delay or incubation period prior to the onset 
of the rapid transient strain rate. In pure lead (Baker et al. 1938) and zinc (with 
some exceptions, ascribed by Cottrell and Aytekin (1950) to work softening), 
S-shaped curves were not observed. Further, even in the absence of a ‘foot’ 
in the curve, the ¢” law, with m independent of the stress and the temperature, 


and with value approximately 4, is not in general obeyed by single crystals, and |, 


different workers find varying relations for crystals of the same degree of purity. 
Thus for zinc of 99-99 and 99-999°% purity, flowing between 10 and 60°c, 


Cottrell and Aytekin (1950) found either S-shaped curves or curves obeying the | 
” law, with m=, while Weinberg (1952), working with zinc of the same high |) 
purity, found m to be 0-6 at room temperature, and Thompson (1952), also | 
working with single crystals of zinc of 99-99% purity, found m values from |) 
0-2 to 3-3 depending upon the temperature, m being equal to 0-5 at room |) 


| 
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temperature and to 1-0 at about 60°c. ‘The validity of the 3 law does not appear 
to be affected by the crystal symmetry of the metal in the case of pure poly- 
crystalline metals (Andrade 1910, 1914); definite relationships between the 
crystal symmetry and the transient creep behaviour for single crystals do not, 
however, as yet appear to have been established. 

In view of the lack of systematic experimental work on the transient flow of 
metals, and because of the incomplete understanding of the nature of the 
parameters characteristic of the metal which appear in the expressions for the 
steady flow, the problem of the fundamental nature of the rate determining 
process, or processes, in the flow of metals cannot be regarded as having been 
solved, a fact which has influenced not only the manner of approach in the present 
work, but also the formulation of the main objectives. These were primarily: 

(a) To study the steady flow of pure polycrystalline iron as a function of the 
temperature and the stress under carefully controlled conditions, chosen so as 
to minimize complications arising, on the one hand from prior treatments, i.e. from 
the history of the metal, and on the other hand from chemical reactions or 
pronounced structural changes such as might arise from progressive work- 
hardening during the steady flow. Such complications might seriously invalidate 
the assumption of a mechanical equation of state for the interpretation of the 
results in the case of the steady flow or lead to pronounced variability of the 
exponent of time in any power law which might describe the first-stage, 
transient, flow. 

(b) To extend this study, under equally simple conditions, to plain carbon 
steels, thus using the carbon content as a variable in addition to the stress and 
the temperature. 

(c) To examine, if possible, the nature of the deformation micrographically. 

(d) ‘To attempt a representation of the relationship between the strain rate, 
the stress and the temperature for the steady flow above the A,-point by means 
of an expression of a functional form such as had been found generally suitable 
by other workers in research on the flow of metals at high temperatures, now 
simplified by the added assumption that progressive work-hardening did not occur, 

(e) Having determined the constants in such an equation for the pure iron 
and for the steels, to examine the influence of different carbon contents upon 
their magnitudes. 

(f) To search for any relations between the constants, and to discuss, if 
possible, any theoretical implications of the results. 

(g) To extend these studies to the transient flow. 

(h) To examine the relation of the transient flow to the steady flow. 

The choice of iron and plain carbon steels as materials, as well as the choice 
of the high temperature range, above the A;-points, was determined by the fact 
that in this range the steels exist as single-phase solid solutions of carbon in 
gamma iron (austenite), and the pure iron (gamma) and the steels thus represent 
comparatively simple systems, appropriate in relation to the aims of the work, 
and also of technical importance. ‘The limits of the range of the observed rates 
of strain of the steady flow were determined, at the rapid end of the range, by 
the mechanical and optical limitations of the equipment and the observer, and 
at the slow end by the desire not to extend individual runs over more than a 


few hours. 
3 M-2 


868 P. Feltham 


§ 2. EXPERIMENTAL EQUIPMENT AND PROCEDURE 
2.1. Materials 


The materials used in the experiments were spectrographically pure iron 
(99-99%) in the form of rods 13 cm long, of 0-17 cm diameter, and similarly shaped 
specimens of 0:23%C, 0:-44%C, 0:56%C, 0:79%C basic open-hearth steels, 
1:15°%C silicon de-oxidized acid open-hearth steel and effervescent, basic 0-057 C 
open-hearth steel. All the steels used were close in composition to a series of 
steels for which a number of physical properties, such as the specific heat (up to’ 
1300°c), the thermal expansion (up to 1000°c), and the electrical conductivity 
(up to 1300°c), had been measured at the National Physical Laboratory (1946). 
The steels will subsequently be referred to only by reference to their carbon 
content, as given in the chemical analyses, table 1. 


Table 1 
°% by weight 

Type of steel (S Si Mn ) PR Cr Ni Cu 
Rimming. Basic open-hearth 0:05 0-01 0:16 0:04 0-04 0:02 006 — 
Killed. Basic open-hearth 0:23 0:13 0260 "0-64-__0:04 0-09" 0-17 0207 
Killed. Basic open-hearth 0-44 O15 0-74 0:04 0:03 0:07 0:08 0-13 
Killed. Basic open-hearth 0:56 0:16 0:61 0:04 0-03 0:04 0:03 0:04 
Killed. Basic open-hearth 0-79 0-15. 0:54 0:04 0:04 0:03 0:04 0-03 
Killed. Acid open-hearth 1215. (0-18. 10:35. 0:04 0°04;% (0-05. 0: saa 


2.2. Apparatus 


A diagram of the apparatus is shown in fig. 1. It consists essentially of an 
Andrade—Chalmers (1932) constant-stress balance made of steel, and two con- 
centric, molybdenum-wound electric furnaces, encased in a continuously evacu- 
ated steel chamber. ‘The temperature of the specimen was measured by means of 
two Pt: Pt-Rh thermocouples inserted from below into the central furnace tube, 
the thermocouples having their hot junctions at points near the top and the middle 
of the unstrained specimen respectively. ‘The furnaces, each of length about 
three times that of the specimen, were differentially wound; the difference in 
readings between the two thermocouples at temperatures in the experimental 
range was generally only a few degrees; the mean of the two, which was taken as 
the specimen temperature, was estimated to be generally within + 4° of the true 
actual temperature (°K). ‘The scale was a thin steel ruler, calibrated in divisions 
of 0-01 in., bent into the arc of a circle concentric with the specimen-bearing arm 
of the beam, and firmly attached to it. By observing its movement with a low- 
power microscope provided with a cross-wire, the extension of the specimen was 
measured during flow. A pan, which could be released whenever desired by 
means of a hand-operated bellows mechanism, was used for applying the load: | 
‘The pressure in the vacuum chamber, which was generally of the order of 2uHg_ | 
during runs, was measured by means of a Pirani gauge. 


2.3. Preparation and Mounting of Specimen 


Specimens were prepared from the rods by first covering with sealing wax the 
ends outside a central portion, measuring 9-8 cm at room temperature and expand- 
ing to about 10cm at the temperatures of the experiments, and then reducing the | 
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diameter of the uncovered portions by rapid etching in 40% nitric acid. ‘The wax 
was subsequently removed, sharp angles were smoothed out on a watchmaker’s 
lathe, and the specimens were mechanically polished. The dimensions of the 
specimens and the method of fixing them in pin-vices are shown in fig. 2. The 
inner furnace, within which the specimen was mounted, was lined with a thin steel 
cylinder smeared with carbon, to form carbon monoxide by reaction with the 
oxygen in the residual gas in the vacuum chamber. ‘The function of the carbon 
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Fig. 2. Method of securing specimens. 


monoxide was to reduce the oxygen potential of the specimen material, and thus to 
prevent its oxidation above the A-point. This was achieved, for specimens 
generally appeared bright after removal from the furnace, and chemical analyses 
of samples carried out on specimens of the 0:05 and 0:79 % steels, which had flowed 
at temperatures up to 1100°c, showed no observable loss of carbon in comparison 
with specimens of the same steels which had not been in the furnace. 
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2.4. Flow Tests 


In general, the furnace was allowed to warm up as soon as a vacuum of about 
2 to 54 Hg was reached. This period extended over about 25 minutes, and a 
similar time was required to heat the specimen to approximately 1000°c, with an 
additional 10 to 20 minutes for higher temperatures. 

When the testing temperature was reached, the specimen was maintained at 
that temperature for periods varying from about half-an-hour at 950°c to about 
five minutes at 1400°c. In view of the phase-transformation at the A;-point, 
and the solution of the carbon in the gamma phase of the iron, the mechanical 
state of the specimens below that temperature (730—910°c) was considered to be 
without appreciable influence on their structure after the heat treatment at the 
temperatures in the experimental range. Observations of the austenite grains, 
made possible by the thermal etching of the specimens in the furnace, showed that 
the heat-treatment periods chosen were sufficient from the point of view of the 
formation of well-defined, almost equi-axed grains. 

After the annealing period the stress was applied to the specimen by releasing 
the load, and the scale-readings, observed by means of the microscope, were 
recorded together with the time indicated by a stopwatch which was started on ~ 
releasing the load. 

In order to determine the effect of the temperature and the applied stress on the 
steady, quasi-viscous strain rate, three sets of experiments were carried out with 
each of the steels, and with the iron. Firstly, the temperature dependence of the 
tensile strain rate was investigated by performing flow tests on a number of speci- 
mens flowing under the same constant stress but each at a different temperature. 
Secondly, the effect of the stress on the flow rate was determined by experiments in 
each of which the temperature was the same, but the applied stress varied from 
specimen tospecimen. Finally, to afford a check on the validity of any theoretical 
correlation of the results, several tests were made for each metal at combinations 
of stresses and temperatures not covered by the first two sets. The flow curves of 
the representative 0-44°9C steel are shown in figs. 3 to7. Measured values of the 
natural tensile strain rate of the steady-state flow of the iron and al the steels, 
together with the corresponding values of the stress and the temperature. are given 
in table 2, and the mean measured grain sizes of the steels are shown in fig. 8. 


The grain diameters of the pure irons (not shown) were twice that of the 0:23% C 
steel. 


§ 3. METALLURGICAL STUDIES 
3.1. Austenite Grain Size 


Miller (1951) who investigated the influence of the length of the austenitizing 
time upon the grain size, and Day and Austin (1940) who studied the same problem 
by means of thermal etching, have shown that the austenite grain size of plain: 
carbon steels does not remain constant at a given temperature, but increases 
continuously as the period of heating is prolonged. Experiments carried out 
by Cole (1953) on 0-78 and 0-38%C steels maintained at 850°c in vacuo, showed 
that austenite grain growth was very pronounced in the first 15 minutes, but 
then rapidly decelerated, until about 5 minutes later growth took place at such a 
slow rate that no further appreciable increases in grain size took place during the 
following half hour. Such a behaviour is qualitatively in agreement with the 
results of Miler, Day and Austin, as well as with those obtained by Cleaves and 
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Figs. 3 and 4. Flow under constant stress of 0:44°%C steel at 1000°c. 
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Hiegel (1942) on polycrystalline iron of high purity. It is concluded therefore 
that the grain sizes measured in the present experiments correspond approxi- 
mately to those attained towards the end of the stage of rapid grain growth, which 
follows the nucleation of the gamma-phase, and that the observed temperature 
dependence, shown in fig. 8, refers to the grain size at that period. 


3.2. Recrystallization during Flow 


Evidence characteristic of recrystallization during flow, of the type observed 
by Andrade (1948) in short-time tests on polycrystalline lead flowing under 
constant stress, was obtained in the case of the 0-23 %, 0:44°% and 0-56%C steels, 
particularly at high levels of stress (figs. 4 and 7). The principal features of the 
phenomenon can best be seen in the left-hand curve in fig. 7. After a short 
period of steady flow, covering the range from about 8% to about 11% of strain, 
the flow accelerates until a strain of about 28% is reached, whereupon it tends to 
revert to the original steady, second-stage flow rate. If, in such cases, the load 
is removed shortly after the onset of the recrystallization period characterized 


by an accelerating flow rate, the recrystallization proceeds in the unstressed 
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Fig. 9. Mean natural strain at the instant of fracture as a function of composition. 


specimen, and on re-applying the load after about 10 minutes a strain rate corres- 
ponding closely to the initial, steady strain rate is maintained until fracture takes 
place. Whenever recrystallization effects of this type were observed, the steady 
strain rate de/dt =/-1dl/dt was taken to be that observed prior to the onset of the 
recrystallization (e.g. at a strain of 10° in the lowest curve of fig. 4). 


3.3. Strains at Fracture and * Necking’ 


As a definite influence of stress and temperature on the strains attained up to 
the time of fracture could not be ascertained, average fracture strains were com- 
puted. These appeared to give a measure of the susceptibility of the various 
types of steel to recrystalization during flow. While seemingly independent of 
the carbon content, they increased approximately linearly with the concentration 
of the transition metals (and possibly copper) (fig. 9), which exist in the iron 
predominantly in substitutional solid solution, and have Goldschmidt radii 
within 4°%, of the former. 

In general, specimens deformed fairly uniformly during flow, up to strains 
of about 15%. Subsequently ‘necking’ frequently took place, as was confirmed 
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by measuring the dimensions of the specimens after flow by means of a micrometer. 
Sections of the flow curves (figs. 3-7), which could almost certainly be associated 
with ‘necking’ are shown as broken lines. 


3.4. Micrographic Observations 


The most typical features observed in microscopic examinations of the 
austenite grain structure on the surfaces of specimens, after flow, were relative 
displacements of grains with respect to one another, as disclosed by discontinuities 
in fiducial scratch-marks at grain boundaries; the coarse appearance of boundaries 
oriented approximately at right angles to the tensile axis, both of which effects 
are visible in Plate I, and the occurrence of curvature in intragranular segments 
of scratch-marks which were originally straight (Plate I). 

With the exception of the apparent grain-boundary coarsening, the origin 
of which could not be satisfactorily accounted for, the discontinuities and the 
curving of scratch marks provided definite evidence of both intergranular and 
intragranular deformation. In view of the large strains observed, the occurrence 
of both types of deformation is in fact to be anticipated, for if only boundary 
movements were responsible for the flow, intergranular hole-formation and -_ 
subsequent fracture would occur at strains considerably below those actually 
attained. 


$4. THE STEADY-FLOW EQUATION 
4.1. Functional Form of the Equation 


On the basis of existing correlations of flow data on metal single crystals and 
polycrystals (e.g. Laurent 1945, Cottrell and Aytekin 1950, Johnson and Frost 
1952), it was assumed that, provided progressive work-hardening did not take 
place during flow, the steady, quasi-viscous, flow rate de/dt should be expressible, 
at least approximately, in the form 


dejdt=Aexp(—H/RT).sinh(qo/RT), =... (1) 


where o is the applied tensile stress, 7 the absolute temperature, and A, H and 
q three constants characteristic of the type of steel. With resolutions of about 
one micron, no slip-bands were observed in the surface of the specimens after 
flow, so that the assumption relating to the absence of progressive work-hardening 
appeared to be justified. 

For stresses high enough (over about 100kgcm™?) to render possible the 
replacement of sinh (qo/RT) by } exp (qo/RT), it was in fact found that, at a fixed 
temperature, a linear relation was obtained between log (de/dt) and o for the iron 
and all steels, in conformity with the requirements of eqn. (1). The numerical 
values of g, obtained from the slope of these lines, are given in table 3. Ina 
similar manner, by keeping the stress invariant at a value high enough to allow 
the replacement of sinh(qo/RT) by }exp(qo/RT), —H-+ qo can be determined, 
and thus H found. Alternatively, the value of H can be obtained in a more 
general way, including all experimental points, from the slope of the line relating 
In[(de/dt)/sinh (qo/RT)| to T~1, again using values of gq as determined by the 
method described, in which case it is not necessary to restrict the stress to a 
constant, high, value. ‘The application of the second method is shown in fig. 10, 
and table 3 gives the values of H thus derived, together with the corresponding 
values of A obtained by substituting in eqn. (1) values of H, g, c and corresponding, 


The Plastic Flow of Iron and Plain Carbon Steels above the A,-Point 875 


smoothed, values of de/dt obtained from the linear relationships (not shown) 
between log (de/dt) and o, for T=const. 


Table 3 
(1) (2) (3) (4) (5) (6) (7) (8) 
0-00 50-0 73°6 8:5 x 108 1808 20-0 6°71 6-93 
0-05 49:8 61-2 307 x 102 1800 16:9 5-00 4°57 
0)-23 43-6 73-6 Fs2 <8 1753 20:0 6:99 6:86 
0-44 43-2 84:8 9-6 x 108 1705 23:3 8-96 8:98 
0:56 40-4 94-2 6:2 x 101° 1673 26:3 10-70 10:79 
0:79 41:8 102:6 1:6 x 10! 1620 28-1 12-40 12:20 
1:15 38-2 61-4 1-0 x 108 1533 16°9 6°52 6:00 


(1) Steel (%C); (2) q ([cal/g atom]/kg cm~*);_ (3) Hf (kcal/g atom); (4) A (sec7); 
oy 7,(5); (6) 2=H/L; (7) logis [2°75 x 104 exp (1:16H/kT,)]; (8) logy) A. 
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Fig. 10. Interpretation of the steady flow by means of the relation 
de/dt=A exp (—H/RT) . sinh (qo/RT). 


4.2. Relations between Parameters 


The use of the carbon content as a variable made possible the discovery of 
the relations between H and log A (fig. 11), H and °4C (fig. 12) and g and %C 
fig 3). 
ere a be seen from the figures that the (H, log A) relationship applies to the 
iron and all the steels, only the point corresponding to the 1-15%C steel lying 
somewhat off the line. This relationship must therefore be regarded as more 
fundamental than that between H and %C which, as can be seen from table 3 
and fig. 12, holds only for the basic carbon steels but not for the iron or the» 
1-15°% acid steel. Consequently the carbon content can be regarded as of 
primary significance from the point of view of the magnitudes of H, if the steels, 
carbon content apart, are similar as far as the state and the quantity of other 
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impurities are concerned. The relation between g and °4C (fig. 13) appears to 


conform to the equation 


g=aexp(—B8.%C), Res cuit 5 (2) 


where « and 8 are positive constants, but the scatter of the points is considerable, 
and eqn. (2) can be regarded only as an approximate expression of a general 
tendency. Since the relation between H and log A was indicative of a tempera- 
ture dependent activation energy, the ratio H/T, where T, is the solidus tempera- 
ture (table 3), i.e. the temperature at which the grain boundaries melt, was 
plotted against log A. This relation was again found to be linear to about the 
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Fig. 13. The parameter q plotted against carbon content. 


same degrees of accuracy as the (H, log A) relationship. ‘The equation of the 
line was found to be 


A =A, exp (7H/RT,), = > eae (3) 
with Ay now independent of the type of steel. The actual values were 
A=2'75 x10 *éxp (LIGA Ri \ccce |. eee (4) 
so that eqn. (1) could now be written in the form 
Hoe H T qo 
a ~40e%| ~ gp (1-1167) | sinh (Fr). sfetrexe deite (5) 


The values of logy)[2:75 x 10-4exp(1:16H/RT,)| are shown, side by side with 
the corresponding, experimental, values of log,) A in table 3. If it is considered 
that, apart from other approximations probably implied in the adoption of 
eqn. (1), (a) the assumption that A is independent of the temperature and the 


| 
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grain size is in all probability only a very rough approximat‘on, (5) that the 
values of 7, employed were those of the unstressed, pure binary Fe/C system, and 
(c) that experimental errors affect the numerical values of constants r and Aj, 
it is not unreasonable to assume that if appropriate allowance could be made for 
the sources of error listed above, the activation energy, apart from the stress- 
dependent part exemplified by the sinh-terms, would take the form H(1—7/T,). 


4.3. The Latent Heat of Melting as a Parameter in the Flow Equation 


In dealing with the problem of slip at grain boundaries, Mott (1948) assumed 
that if two crystals are in contact, but owing to differences in orientation cannot 
fit, the surface of contact could be sub-divided into islands where fit is reasonably 
good, separated by lines near which fit is bad. Considering one such island, 
Mott supposed that, say, the top plane could move under the influence of a shear 
stress relatively to the one underneath from one equilibrium position to another, 
and that this was the elementary act responsible for intercrystalline slip. If 
each island is assumed to contain atoms and to cover an area nw then, writing 7 
for the shear stress acting on the boundary, and a for the interatomic spacing in 
the shear direction, he derived for the rate of boundary slip v the expression: 


v=2vaexp[—nL(1—T/T,,)/RT].sinh(tnwa/2kRT),  ...... (6) 


where v~10'sec, 7), is the melting temperature (identical with 7, in pure 
metals), and L the latent heat of melting. ‘The equation is reconcilable with a 
model in which clusters of atoms (estimated by Mott at about 14 in aluminium) 
would re-arrange themselves, 1.e. melt, at grain boundaries. 

Although there exists a similarity in functional form between eqns. (5) and 
(6), the terms 2va in eqn. (6) is several orders of magnitude greater than the 
corresponding term A, in eqn. (5), while the expression tuwa/2kT is about 
fifty times less than the corresponding expression go/RT in eqn. (5), if 7 is taken 
tobe 4c. ‘The equation was modified as follows. If, in view of the evidence of 
intra-crystalline deformation, it is assumed that the rate-controlling mechanism 
in the steady flow is a recovery process in which co-operative phenomena equiva- 
lent to remelting of small clusters of atoms take place, particularly at grain 
boundaries, and that these processes take place in regions where a stress concentra- 
tion exists, such as would arise from the piling up of dislocations in slip-planes 
at grain boundaries, it should take the form 


de/dt = A,exp[—nL(1—T/T,)/RT].sinh(Nnwao/4kT), _...... (7) 


where N is numerically equal to the number of dislocations piled up at a barrier 
and where A, would be expected to have a lower value than 2va._ In the case of 
iron (1 =20, table 3), remembering that 7 has been replaced by $0, the relation 


GENNADY @ Mam oe aSEEE LOM HVAT Te) (8) 
then yields, on writing wa=11-8x 10-** cm? and ¢=3-44 x 10-1 cm3(=50-0 cal cm? 
(gm atom)-1kg—?) in eqn. (8), 3-44 x 10-7! =4 x 20 x 11-8 x 10-*4N, giving 

NES SER a, ee ee ned An (9) 
which is a reasonable value, similar to that estimated by McLean (1952) on the 
basis of his work on aluminium, in which he found ‘fine’ slip, not resolvable 


by ordinary optical means, to be the principal source of deformation. Grain- 
boundary slip also observed by him appears to be dependent on the occurrence of 
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intragranular slip, an observation which is in agreement with the interpretation 
of the rate-controlling mechanism of the steady flow in the present work. The 
highest value of N (eqn. (9)) was found to be 67 (0:05%C steel), and the lowest — 
35 (0-79%C). | 
§5. THe TRANSIENT-FLOW EQUATION 
5.1. Functional Form of the Equation 


In fig. 14 strains of the transient portions of the flow curves of the 0-44%C steel, 
shown in figs. 3 to 7, are plotted against f°. The linear relationship obtained 
confirms the validity of the #1? law. Because of the uncertainties in the measured 
magnitudes of the initial extensions, occurring within the first one or two seconds— 


STRAIN % 


Fig. 14. Relation between the strain and the time for 0:-44°9%C steel. The time is plotted 
on a cube-root scale. For legend see table 4. 


uncertainties derived particularly from the unavoidable slight slackness in the 
molybdenum suspension wire—the curves were drawn (by minor displacements 
parallel to the strain axis) so as to pass through the origin when extrapolated back- 
wards. ‘The errors thereby introduced are small, since only small displacements 
were generally required to effect this adjustment. The intercepts, on the strain 
axis, at unit time, of the extrapolated straight lines give the numerical value of the 
parameter f in the expression «;, = Bt", which is the equation of the lines in fig. 14. 
The stresses, temperatures and 6-values corresponding to the individual lines are 
given in table 4. Strain-time plots on a log—log scale showed that the exponent 
of the time was, in general, 10—20°% higher than 4, and that the exponent was not 
entirely independent of the stress. Thus, for example, it increased from about 
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0-3 to 0-4 in the range 100-450 kg cm? at 1000°c for the 0-44% C steel, and fell 
from about 0:6 at 100 kg cm™ to about 0-4 at 400 kg cm? at 1000°c for the 0:79% C 
steel. Such large variations were not observed however, except for the 0-79°% C 
steel. Nevertheless, for strains after about 10 seconds the curves for the 0-79 % C 
steel could be represented quite well by means of the f? law, and this was used in 
this case as well to determine the B-values. "The exponent also appeared to depend 
somewhat upon the temperature, but this could not be established with certainty. 


Table 4. Transient Flow of 0:-44°%C Steel 


(1) (2) (3) (4) (5) (6) (7) 
1 960 446 4-05 28°5 A3*5 15 
2 1000 448 3-94 PSY" 53i25 ek 
3 1000 405 383)// iOS £01 Se 2s 
4: 1000 364 3-20 ileo2) 26:7 22, 
5 1000 35 2h Us 20-4 2:6 
6 1000 264 232 4:8 11-6 24 
7 1000 208 1-83 3-0 6-1 2:0 
8 1000 188 1-66 DIGS Soy 23 
9 1044 188 1:54 8 8-4 3.7 

10 1105 188 lesz 22) eal 7:8 

11 1150 188 1-48 el MEP 12:0 

12 1200 188 1-43 2-0 BA: 18-7 

13 1303 188 == ae = = 


(1) Specimen; (2) Temperature (°c); (3) o(kg cem~); (4) gyo/RT; (5) sinh (qy0/RT); 
(6) 10°8 (sec—/*); (7) 10°B/sinh (qy0/RT). 


The f-values from the first set of experiments, in which the temperature was 
kept constant and the stress varied, were plotted logarithmically against the stress 
for all the steels (fig. 15), but not for the iron, for which the scatter of the results 
was too large. The linear relationship obtained, together with the observed 
tendency of the line of lowest slope (0-23% C, fig. 15) to curve towards the stress 
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Fig. 15. Stress dependence of f at constant temperature (1000°c). 


axis for low values of o, and the observations made by Andrade (1910, 1914) that 
the (8,0) curve (T’=constant) passes through the point 6 =0, ¢ =0, show that at 
a given temperature f is proportional to sinh(rc), where 7 is a constant. ‘This 
relation in turn suggests a stress dependence of B of the form sinh (4q,0/RT) 
frequently found in stress-dependent rate processes as a result of the influence of 
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the stress on the activation energy. The values of q,, were determined from the 
slopes of the [f, sinh (q,c/RT)] relationship, and are given in table 5. 


Table 5 


Steel ' Ay Itr the At In Bo 
-1/3 sas 
EO ES BM My BES ee @... \CK)c- hie 


0-00 1:6X108.- 38-6) .°73°6) 0°53 “36-0 «2 50-0 = 10:72 1608 10:7 oy 
0:05 1:9x10® 61:0 61:2 100 46:0 496 0:94 1800 16:9 G29 
0-23 $:1¢10" _ (30:8. - 73-6 _ 0-42, 1676, 43-6" - 0-385 Oi /5a 8:8 Oa) 
0-44 74X10? 38:3 848 0-45 22:4 43:2 0-53 1705 Le? 10:9 
0:56 3:1x10® ~37:2 94:2 0-40 25:0 40-4 ~ 0-61 (1673 ili 10-4 
0:79 8:3 <%10° ~ 49:2 =102-6, 0:-48— -122-0' = “41S = 90-53" 11620 15°25 Gat 
Werls, S25 108 "59:0 614-097, 47-6 s = 56? el cia dood 9s 173 


H in kcal/g atom, g in (cal/g atom) kg cm~?. 


Thus, if the assumption of a stress-dependent activation was correct, it was to 
be expected that the relation 


B=6,exp(—A,/RT) sinh'(qgo/RT) ~~ 9 ee (10) 
would hold, 6) now being a constant independent of the stress o and the tempera- 


ture 7, with a characteristic value for each steel. In that case a graph of 
log [8/sinh (q,.0/RT)] against T-! should be linear, and the values of the activation 
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Fig. 16. Validity of the relation B= exp (— H¢,/RT) . sinh (qtpo/RT). 


energies /7,, should be obtainable from the slope. The validity of the hypothesis 
was established, as can be seen by reference to fig. 16. The values of H,, deter- 
mined by means of fig. 16 are given in table 5. It follows therefore that the 
transient strain «,, of iron and of plain carbon steels containing from 0:05 to 
1:15% C, flowing under constant stress in the temperature range 950-1400°c, 
and at stresses leading to steady strain rates 10-° to 10°? per second, can reasonably 
well be represented by the rate process equation: 


ep = 18, exp(—A,/RT).sinh(q,o/RT), ——...... (11) 
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in which, within the range of variables investigated, By, H,, and q,, can be regarded 
as depending only upon the composition of the steels. 


5.2. Relation between Parameters 


A definite relation appeared to exist between the values of H,, and the corre- 
sponding values of the parameters f, for the iron and all the steels investigated. 


It was found to be: Teo) SH Te ke on el ea (12) 


so that the transient strain could be expressed in the form 
€y = 23 By exp | — (1 -- 7) | sini (G0) F0.)) eter e (13) 

with B, now independent of the stress, temperature and the composition of the 
steels. The value of By, was found to be 8-1 x10-*sec-¥8 (i.e. exp(—2:5)). 
In table 5 the values of In 8) + 2-5 and corresponding values of H;,/RT are shown 
side by side for the iron and steels used; experimentally determined values of 
8, and H,, having been substituted. ‘The agreement can be seen to be satisfactory. 
The activation energy of the rate process involved in the transient flow thus appears 
to fall to zero at the solidus, i.e. at the point at which melting begins to take place 
at grain boundaries. 


§ 6. THE RELATION BETWEEN THE TRANSIENT AND STEADY FLows 


A striking similarity can be seen to exist between the equation for the strain 
rate of the steady flow (eqn. (7) or (5)) and eqn. (13), which, as the ratios of the 
corresponding parameters H,, and H, and q, and q (table 5) indicate, appears to 
have a definite significance. Mott (1953) recently developed a fairly general 
theory of the transient flow which leads to the expression 

era COnst (tdeldt Ort t aw Ut se. (14) 
with 4+ as the most likely value for the exponent m, in the case of pure metals. 
The validity of eqn. (14) in the present case would then imply (replacing the 
sinh-term in eqns. (7) and (13) by dexp, for simplicity) that H,,/H =q,/q=m, 
with m about 4 (see table 5). 

With the exception of iron, for which the values of H;, and q, could not be 
determined accurately, and the 0-05°%C (effervescent) and 1-:15°4C (acid) steels, 
of which the latter showed an anomalous, low, H value, eqn. (14) thus appears to 
describe the transient flow above the A;-point quite well, particularly if it is recalled 
that m, the exponent of the time, was generally found to be somewhat in excess of 4. 


§ 7. CONCLUSIONS 


The principal conclusions which can be arrived at from the present study of 
the flow of iron and plain carbon steels under constant stress in the temperature 
range lying between the solidus and the A;-points, at stresses leading to strain rates 
of the steady flow ranging from 10° to 10-? per second, are as follows: 

(a) Within the limits of experimental error, the stress and temperature 
dependence of the steady, second-stage (quasi-viscous) flow-rate de/dt in both 
pure iron and plain carbon steels can be expressed by means of an equation 
containing three parameters, A, H and q, which as a first approximation are taken 
to be constant for a given steel. ‘The equation takes the form 


de/dt = Aexp(— H/kT) sinh (qo/kRT), 
indicative of a rate process. 
PROC. PHYS. SOC. LXVI, IO—B 3N 
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(b) The occurrence of strains of 20% or more, together with micrographic 
evidence confirms that intracrystalline and intercrystalline deformations take 
place, of which the former is ascribed to fine slip such as had been shown to occur 
at elevated temperatures in recent papers on the flow of metals. 

(c) The value of the activation energy H increases with the carbon content, in 
the case of otherwise similar basic carbon steels, from 61-2kcal/gatom for a 
0:05 % C steel to 102-6 kcal/g atom for a 0-79% C steel, and is thus not identifiable 
with the activation energy for self-diffusion which is known to decrease with carbon 
content from about 68 kcal/g atom for ingot iron to 33 kcal/g atom for a 1:06% C 
steel (Gruzin et al. 1951) within the same range of temperatures. 

(d) The value of H is strongly dependent upon the type of steel; the linear 
relation between H and %C described in (c) cannot be extrapolated to pure iron 
or the 1:15°%C steel which was of the acid type. 

(e) While, in view of the high structure sensitivity, H cannot be regarded as a 
fundamental physical constant, the linear relation found to hold between log,,) A 
and H applies to the iron and all the steels investigated, indicating a temperature- 
dependent activation energy which, apart from the stress dependence accounted 
for by the sinh-term, takes the form H(1— 7/T,). 

(f) This result taken in conjunction with the experimentally determined 
values of g is consistent with a rate-determining mechanism in which remelting of 
small groups of atoms, induced by stress concentrations resulting from the piling- 
up of dislocations, takes place at obstacles such as grain boundaries. ‘The magni- 
tude of the stress concentration factor N, and the size of the groups 1, are of the 
order of 35 to 67 times and 17 to 28 iron atoms respectively, the actual values 
depending in a definite manner upon the amount of carbon and also upon the 
nature and distribution of other impurities. 

(g) On introducing the stress concentration N, the number of iron atoms in a 
remelting group 7, the latent heat of melting L, and the parameter A, which is 
common to the iron and all the steels investigated, the steady natural strain rate 
can be expressed by the equation 


de nL (i 
y = Ay exp | - a! — 7) | sinh (Nnawa/4kT) 


where 7, is the solidus temperature and aw the volume per atom. 

(h) In so far as recovery at grain boundaries thus appears to be rate-deter- 
mining it is highly probable that A, will depend somewhat upon the grain size, 
although this was not quantitatively established. 

(7) ‘The transient strain can be expressed with fair accuracy by a power law 
of the Andrade type, «,,=/t”, where the exponent of the time takes values of the 
order 4, most frequently about 10-20% higher. 

(j) ‘The exponent m appears to be somewhat stress dependent, increasing with 
stress in a given range of stress in some steels, and decreasing in others. 

(k) The exponent m appears to be slightly temperature dependent, but this 
could not be definitely established. 

(/) ‘The stress and temperature dependence of the parameter f can be expressed 


in the form H. 7 é 
B=B,exp | - aT (1 - 7) | sinh (4,,0/RT). 


(m) With some exceptions the transient strain «, obeyed the equation 
€,, = const (tde/dt)”, proposed by Mott, quite well. 


a 
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(n) In consequence of the approximate validity of the equation in (m), the 
assumption made in deriving it, namely that the fundamental mechanism oper- 
ative in the transient and steady flows at temperatures above about 0-367) ,.4 (°K) 
are similar in essence, gains plausibility, and 

(0) the decelerating nature of the transient flow must therefore be regarded as 
arising primarily from the diminution with time of the frequency of occurrence 
of the unit recovery process, the frequency falling to a steady value characteristic 
of the steady, quasi-viscous, flow. 
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Abstract. Simultaneous measurements of the birefringence, stress and strain in 
crystalline and amorphous Terylene have been made at different temperatures. 
The results are compared with those obtained for polyethylene and Perspex 
where the birefringence is a single-valued function of strain. It is found that, 
for both the crystalline and amorphous forms, the birefringence is a function of 
both stress and strain and, for small strains, can be represented by an equation 
of the form An=Ac+ Be, where An is the birefringence, o the stress, « the 
strain and A and B are constants. The behaviour of these polymers is discussed 
in terms of this equation. 


that the birefringence produced on stressing polyethylene is a single-valued 

function of strain. The birefringence of Perspex (a plasticized polymethyl 
methacrylate), which is amorphous, has also been observed to be a single-valued 
function of strain (Kolsky 1952). 

Similar experiments have been carried out on Terylene (polyethylene 
terephthalate), which can be obtained in either an amorphous or a crystalline 
form, in order to compare its behaviour with that of these other materials. The 
amorphous form is only stable up to 80°c and is prepared by rapidly cooling 
the melt. If this form is heated above 80°c crystallization sets in (Reddish 1950). 
The crystalline form, melting point 264°c, is very brittle at ordinary temperatures, 
and it was found to be impossible to carry out experiine tits at the same 
temperatures with the two states of the material. 

When the birefringence-strain graphs were plotted, it was found that the 
birefringence was not a single-valued function of the strain for either crystalline 
or amorphous Terylene. In the case of crystalline Terylene several specimens 
were taken through an hysteresis cycle at one temperature, and from the 
stress—birefringence and strain-birefringence graphs values for the birefringence 
and stress at constant strain were obtained. The birefringence was then plotted 
against the stress for each value of the strain and a family of curves was obtained 
from which it appeared that the birefringence was a single-valued function of 
stress and strain. 

Filon and Jessop (1923) found that, for celluloid, a relation between the 
birefringence, stress and strain of the form An = Ac + Be gave fairly good agree- 
ment with their experimental results. An is here the birefringence, o the stress 
and « the strain, A and B being constants. It was decided, therefore, to see if 
such an equation could be fitted to the results obtained with Terylene. 

A value for B at any temperature was found from the residual birefringence 
and strain atter unloading, and a value for A was then found from one point 


L an earlier paper (Crawford and Kolsky 1951) it was shown experimentally 


| 
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on the loading portion of the curve at low strains, using the value of B already 
obtained. At higher strains some difficulty was encountered in measuring the 
strain and birefringence simultaneously, on account of the creep. The value of 
the birefringence over the complete cycle of loading and unloading was then 
calculated from the equation given above, using the values of A and B derived as 
described and the values of the stress and strain from the stress-strain curve. 
The birefringence-strain curves so calculated are shown in figs. 1 and 2 for 
amorphous and crystalline Terylene respectively, at two different temperatures. 
For comparison the experimental points have been inserted, and it is seen that 
good agreement is obtained except at the larger strains where it was difficult to 


obtain reliable experimental results. 
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Table 1. Values of A and B for Terylene at Different Temperatures 


Form Amorphous Crystalline 
Temp (°c) 39-0 SO ADAG, Sil) ONO) Wil 
A (brewsters) 102 1-04 15 Seen S797, iheity) Het il ilies 
B x 1lOn 8-80 8:08 4:35 5:26 5-00 4-45 


Table 1 shows the values of A and B calculated for the two forms of the 
material at different temperatures. B is a dimensionless number since it is the 
ratio between birefringence and strain, whilst A has the dimensions of the 
reciprocal of stress, given in brewsters, where 1 brewster =10~' dyn”? cm. 
It can be seen that the values of A and B are of the same order in the two forms 
of the material except at the transition point where A, for the amorphous form, 
is some 100 times larger. This is probably associated with the fact that, at this 
temperature, Young’s modulus is some 100 times less than at 39°c. With 
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increasing temperature both A and B decrease in crystalline Terylene, but 
A appears to increase in the amorphous material while B decreases. ‘Table 2 shows 


the values of B for polyethylene at different temperatures. It is seen to be of the — | 
same order as for Terylene but decreases more rapidly with increasing temperature 


as the ‘softening point’ at 110°c is approached. 

The birefringence-strain graphs for polyethylene and Perspex will be 
represented by equations of the form An=Be for small strains. ‘The stresses 
required to produce strains in polyethylene of the same order as in ‘Terylene were 
much smaller than those required for Terylene so that any stress contribution to 
the birefringence would be smaller than in Terylene for a similar value of A. 
It could still be detected, however, and the results show that A, for polyethylene, 
must be considerably smaller than for Terylene. In the case of Perspex there 
would be a large stress contribution to the birefringence if A were of the same 
order as in Terylene, and so the fact that the birefringence is a single-valued 
function of strain shows that A, for Perspex, must be very small indeed. 


Table 2. Values of B for Polyethylene at Different Temperatures 


Temp (°c) 19-0 31-0 50:5 7022 80:2 90-7 
B SOE S52 4-96 4-40 3-64 2:07 1:86 


It would seem therefore that, for small strains, the photo-elastic behaviour 
of many amorphous and crystalline polymers can be represented by an equation 
of the form An=Ao+ Be. There appear to be two mechanisms giving rise to the 
birefringence, one associated with stress and the other with strain. ‘Their 
relative importance varies from polymer to polymer and is independent of whether 
the material is crystalline or amorphous. Kuhn and Grtin (1942) have shown 
that the stress-birefringence can arise through the stretching of randomly kinked 
chain molecules with anisotropic links, and the strain-birefringence, obtained 
with crystalline polymers, can be explained qualitatively by considering the 
orientation of rod-like crystallites embedded in an elastic matrix (Crawford and 
Kolsky 1951). It would seem, however, from the results obtained with Perspex 
and amorphous Terylene, that an orientation effect, as distinct from the stressing 
of bonds, may also occur in amorphous materials, whilst the birefringence 
produced in a crystalline material may depend on the stressing of bonds as well 
as orientation of the crystallites. This may well occur in crystalline Terylene 
because it contains more highly polar bonds than polyethylene. 
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Abstract. An improved form of the interferometric dilatometer of Childs and 
Weintroub is described briefly and shown diagrammatically. The -expansion 
and temperature fringes are recorded simultaneously and automatically by 
means of photomultipliers. The interferometer plates are coated with reflecting 
films and the dilatometer is suitable for crystals of approximately 2 cm length. 
The thermal expansions of two tin single crystals of orientations 4=8 and 
65-5° were recorded over the temperature range 30—180°c, and of seven indium 
single crystals, 4=7-82°, over the range 30-120°c. ‘The linear expansion 
coeflicients «, were calculated from the records and the two principal coefficients 
%, and «, corresponding to 4=0 and 90° were then found by extrapolation. 
For indium, «, and «, change steadily from —7-5 and 50-0 x 10-8/degc at 30°c 
to —29-0 and 72:5 x 10-§/degc at 120°c respectively. The errors in «, and «, 
are estimated to be not greater than 5 and 1% respectively. The results are 
exhibited in graphical and tabular form. ‘The single crystals were grown by 
the method of slow solidification from the melt. 


§ 1. INTRODUCTION 


ENERAL information on the anisotropic properties of metals has recently 
C5 been summarized by Boas and Mackenzie (1950) and on the anisotropy 
of the thermal expansion, in particular, by Childs (1949, 1953). ‘These 

publications show the need for additional accurate experimental data on the 
variation with temperature of the principal thermal expansion coefficients of 
metals. Recent developments in the techniques of the production of pure metal 
single crystals and of the determination of their orientations (Goss and Weintroub 
1952) have facilitated this experimental investigation. ‘The application of the 
Fizeau optical interference method to the measurement of the thermal expansion 
of anisotropic metals (Childs and Weintroub 1950) has also assisted. However, 
the apparatus used by Childs and Weintroub had the disadvantage that continuous 
and tedious visual observation of fringe movements was required. Photographic 
recording has been used by several investigators, e.g. Saunders (1945), but 
automatic photoelectric recording is considered by the present authors to be 
better. 

In this paper a brief description is given of an improved form of apparatus, 
in which the essential and best features of previous optical interference dilato- 

* The work described in this paper forms the substance of a thesis for which the degree 
of Ph.D. of the University of London was awarded in March 1953 to E. V. Vernon. 

+ Now at British Callender’s Cables Ltd., London. 
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meters have been retained, but in which the novel* feature of automatic and 
continuous photoelectric recording of both the expansion and temperature has 
been incorporated. With this apparatus the previous measurements of Childs 
and Weintroub on the thermal expansion of tin have been augmented by an 
8° and a 65-5° crystal, and detailed measurements over the temperature range 
30-120°c have been made on seven crystals of indium of orientations 7—82°. 
The results for indium differ considerably from the very few previously published 
values. The two principal linear thermal expansion coefficients, «, and «,, 
corresponding to the directions parallel and perpendicular to the c-axis of indium, 
were determined by extrapolation, and found to change steadily from —7-:5 to 
— 29-0 x 10-8/degc, and from 50-0 to 72:5 x 10~8/degc respectively over the 
range 30-120°c. The negative value of «, has not previously been reported. 
The magnitude however is in agreement with former values. 


§ 2. THE APPARATUS 


The general layout of the photoelectric recording interference dilatometer is 
shown in fig. 1. The instrument was designed and constructed to record 
simultaneously the change of length and temperature of metal single crystals 
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Fig. 1. The recording dilatometer. Fig. 2. The interferometer. 


about 2cm long, when the temperature was varied steadily between room 
temperature and the melting point of the metal. The principle is that of Fizeau 
(1864) and the form of the apparatus is similar to that of Saunders (1945) except 
that photoelectric recording is used in place of photographic recording. The 
photoelectric is, in our opinion, better than the photographic method, both in 
accuracy and in ease of operation. 

The main components of the dilatometer were the vacuum furnace F, 
containing the interferometer (fig. 2) with its three crystal spacers and refraction 
thermometer, the constant deviation prism and mounting P, the collimator 
slit S and light source in the housing Q, and the two RCA 931A photomultipliers C 
and their associated circuits. ‘These components were attached to the rigid steel 
framework HH’. The optical arrangement is shown in fig. 3. 


* During the course of the work described in this paper a report of an apparatus also 
using the photoelectric method was published independently by Work (1951). 
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The Interferometer 


The interferometer consisted of two horizontal optically flat glass discs 
A and B about 2 cm apart, separated by three spacers of very nearly equal length. 
‘These spacers were portions cut from the same metal single crystal rod. They 
were maintained accurately vertical, but without undue constraint, by a specially 
designed crystal holder. The upper flat A, which rested on the tops of the 
spacers, was 15 mm in diameter and 5 mm thick and was slightly prismatic with 
a wedge angle of 15 minutes of arc. The lower flat B was 38 mm in diameter 
and 5 mm thick, and its underneath surface was divided into two portions. 
The one half, over which the crystal holder rested, was ground to stop reflection, 
and the other half was made prismatic with a wedge angle of magnitude such 
that when this portion of B was illuminated from above by normally incident 
green light five fringes were visible. This half constituted the refraction 
thermometer (Luckeish et al. 1922). 

The lower surface of A and the upper surface of the refraction thermometer 
were coated with 30% reflecting films of zinc sulphide. The lower surface and 
the portion of the upper surface of B below A were coated with 60% reflecting 
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films of aluminium. ‘The evaporation method used for the deposition of the zinc 
sulphide has been briefly described by Vernon (1953 a). ‘The reasons for the 
choice of such films and the improvement in the contrast of the fringes produced 
by them are discussed by Vernon (1953 b). 


The Vacuum Furnace 


The furnace was similar to that used by Childs and Weint oub (1950). The 
electrical energy supplied to the furnace was controlled so that the temperature 
increased or decreased approximately linearly with time. ‘The control unit 
was based on that of Adcock (1935). The rate of temperature change could be 
varied within the limits 2—8°c h7!. 


The Source and Record 


A mercury capillary ‘H’ form discharge lamp, operated from a stabilized 
50 c/s supply, was used as the source of illumination, and the prism P and 
optical system were adjusted so that accurately collimated monochromatic light 
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from the blue 4358 line of the source was incident normally on the interferometer 
placed within the furnace. Some five to ten interference fringes were formed 
by the light multiply reflected between the lower surface of A and the upper 
surface of B. The refraction thermometer was calibrated by means of a 
chromel—alumel thermocouple which was located in the crystal holder. 

The images of the two fringe systems were separated by means of the two 
prisms (fig. 3, inset), and brought to a focus one on each of the photomultiplier 
slits, which were about 1 mm long, and which were orientated parallel to the 
fringes. An RCA 931A photomultiplier was located behind each slit and the 
resulting signal corresponding to the intensity of the fringe illuminating the slit 
was fed to two cascaded stages of a stable ‘twin-T’’ selective amplifier (Sturtevant 
1947) tuned to 100 c/s. The variations in output corresponding to the passage 
of the two sets of fringes across the slits were recorded together on an Evershed 
and Vignoles Duplex recorder. 


§ 3. THE SINGLE CRYSTAL SPACERS 


The two tin crystals, of orientations 8° and 654°, and the seven indium 
crystals, of orientations 7, 18,324, 41,524,724 and 82°, were grown by the method 
of slow solidification from the melt introduced by Andrade and Roscoe (1937). 
The crystals were in the form of rods, about 3 mm in diameter and up to 15 cm 
in length. Their crystallographic orientations were determined by the etch-pit 
reflection method. The optical goniometer designed by Goss (1953) was used. 
The tin was obtained from Messrs. Johnson, Matthey & Co. Ltd., and was 
99-9979, pure, with main impurities lead and antimony. Commercial indium 
of 99-9 to 99-95% purity obtained from Messrs. Mining and Chemical Products 
Ltd., was electrolytically purified by the method of Baxter and Alter (1933). 
The purified metal was compared spectrographically with a sample of spectro- 
scopically standardized (99-99%) indium obtained from Messrs. Johnson, 
Matthey & Co. Ltd., and it was estimated that the purified metal was not less 
than 99-98% pure, the main impurity being lead. Details of the growth and of 
the determination of the orientation of the indium single crystals have been 
published elsewhere (Goss and Vernon 1952). 


Conversion into Spacers 


Three spacers, equal in length to about lj, were produced from each 
crystal. ‘The method used was devised to avoid mechanical strain, and it is 
considered to be an improvement in this respect on that previously used by 
Childs (1950). A 3mmx3mm groove was machined down the length of a 
8 in. x 5 in. x in. steel bar, and saw cuts were made at intervals of 22 mm (for 
tin) and 24 mm (for indium) across the groove. The metal single crystal was 
fixed into the groove by distrene cement and cut into the required lengths, 
22 or 24 mm, with a fine saw. The spacers were then detached from the steel 
bar by dissolving the cement away with toluene. ‘Traces of distrene remaining 
on the crystal spacers were removed by immersing the spacers for a short time in 
hydrochloric acid. 

The recrystallization formed at the ends of the spacers where the sawing had 
taken place was removed by electropolishing some 2 mm off the ends of the 
spacers by immersion in suitable solutions as recommended by Jacquet (1939) 
for tin and Carapella and Peretti (1949) for indium. The electropolishing not 
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only removed the recrystallized material but also produced domed ends, which 
were very suitable for the three-point support of the glass disc A. In addition it 
facilitated the accurate adjustment of the spacers to equal lengths without making 
use of mechanical working. The spacers, when finally assembled in the inter- 
ferometer, were annealed at a temperature of approximately 200°c for tin and 
130°c for indium. 


§ 4. ‘THE THERMAL EXPANSION OF TIN AND OF INDIUM 


The thermal expansions of the two tin crystals (#%=8° and 65-5°) were 
measured over the range of temperature 30-180°c. The variations of «,, the 
linear expansion coefficient, with temperature is shown in fig. 4, together with the 
corresponding values, for the crystals of orientations ¢ = 864, 794, 443, 433, 313 
and 30°, obtained by Childs and Weintroub (1950). 


+== Childs’ results 
—- Author's results 


20 60 100 140 180 220 
Temperature (°c) 


Fig. 4. The variation of expansion coefficient with temperature for tin. 


Several runs were made on the seven indium crystals of orientations 
w=7, 18, 324, 41, 524, 723 and 82°. Each run consisted of heating the spacers 
from room temperature to 120°c and then cooling to room temperature again. 
The cycle was carried out at a rate of about 4}°c per hour. In those cases where 
it was found that because of slight plastic flow at the tops of the spacers the 
expansions for heating and cooling were different, the run was repeated until 
the results for heating and cooling agreed to within 2°%. For the crystal of 
orientation %=524° better agreement than to 8% could not be obtained; this is 
attributed to either slip within the crystal or to extreme softness. In fig. 5 the 
crystal expansion fringes for the various crystals are plotted against the refraction 
thermometer fringes, and the expansion coefficients were calculated by taking 
the slopes, at 10°c intervals, of these curves and of the calibration curve of 
refraction thermometer fringes against temperature. The calibration curve was 
approximately linear. Values for «, and «, were deduced by extrapolation, and 
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these are included in the values of «, listed in table 1. The variation of «, and «, 
with temperature is shown in fig. 6. ; 

The negative expansion coefficient for the crystals of low orientation was 
confirmed by growing a long (20 cm) single crystal rod of 7° orientation and 
measuring, by means of a comparator, the changes in the length between two 
fiduciary marks on the rod, when the crystal was heated from room temperature 
to approximately 100°c and then cooled again. The mean expansion coefficient 
obtained was in good agreement with the data previously obtained. 


500}- x Temperature increasing Vi : 
# Temperature decreasing 
= Coincidence, ‘ Wh 


Crystal Expansion Fringes 


Temperature (°C) 
80 100 


Fig. 5. The expansion of the Fig. 6. The principal expansion coefficients 
indium single crystals. of indium as functions of temperature. 


Table 1. The Expansion Coefficients (in units of 10-*/deg c) of the seven 
Indium Crystals at various Temperatures 


Temp 
(Ge) Orientation (degrees) 

0 7, 1 324 41 524 724 82 90 
30) con Se 1125 16:2 2712 44-4 49-7 50-0 
400 —90 —94 — Wap USO 7) 28 -4 47-0 51:8 Sos 


8 

1-4 

ey 
SOT = 1 Oe 10 OF ea Bs9 18 1553 IRS 48:8 D2) D455 

Sel. athe 14-9 30°5 50:6 Se 57:0 

Oe t 0 14°5 Sle 52:4 ays} 59-0 
30 1720. 17 ee 17 04 14-0 S2ul 54:3 5937; 61-0 
D0 19-05 19:6) 02, 0.8 13-6 32:8 ee, 62:2 62:5 
100 DOD) OO OR di 33-4 D2 64:7 65-0 
VO) 24-98 —25'2 129 8-5 12:8 34-0 58-4 68-0 68:0 
1207 = 29:0" 28:5" — 13-4)" 12-4 34-6 — 71:6 125 


The values of 0° (ca) and 90° (« ,) were obtained by extrapolation. 


In table 2 the values of «, and «, obtained in this investigation are compared 
with those determined by other investigators. In neither of the two x-ray 
determinations was the negative sign of «, mentioned, but the magnitudes, as 
can be seen from the table, are of similar order to those of the present work. 

The only other reliable expansion measurement on indium is that of Hidnert 
and Blair (1943) who determined the expansion of polycrystalline indium for the 
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range 20-100°c. Their values are included in table 2, together with values of 
%polyerystal = 3% + 3%, Calculated from the results of Shinoda (1933), Frevel and 
Ott (1935), the present investigation, and, for completeness, Fizeau (1869). 


Table 2. Comparison between Values of « ( x 10~§/deg c) for Indium found 
by various Observers and the Authors 


Observer Lehi Temp. (°c) ay CAE ® polyerystal 

Fizeau (1869) 40 41-7 
0-100 45-9 

Frevel and Ott (1935) 99:9 — 25-141 iyo 56-1 41°8 
Hidnert and Blair (1943) 99:9 20-100 30°5 
Shinoda (1933) 23-87 IEG 45-0 33R9 
Authors 99-98 30 = 7108) 50-0 30°8 
99-98 90 = I|Qe(0) 62:5 35-4 


§ 5. Discussion 


The results obtained for tin and indium indicate that the dilatometer in its 
present form is a convenient and reasonably accurate instrument for the 
measurement of the thermal expansion of metal single crystals. The random 
experimental scatter present in figs. 5 and 6 can be attributed to the combined 
effect of the errors involved in the measurement of the traces and in the calculation 
of the expansion coefficients from the fringe curves, and, also, the errors which 
arise from the uncertainty in the value of % and from imperfections in the crystal 
spacers. Not all these errors can be accurately assessed, but a careful estimate 
has been made (Vernon 1953 b) and it is considered that the errors in «, and «, 
are not greater than +5% and +1% respectively. ‘The temperature measure- 
ment introduces the greatest error, and for improved accuracy experience has 
shown that a refraction thermometer of higher thermal conductivity and in 
better thermal contact with the dilatometer would be necessary. It is suggested 
that an interferometer similar to the expansion interferometer be used in place 
of the refraction thermometer and that the two interferometers be in good 
thermal contact, e.g. parts of the same metal block. 

The ratio c/a=1-076 for indium, and thus its structure, although tetragonal, 
is almost cubic. It is therefore difficult to account for the observed marked 
anisotropy in the thermal expansion. Very little is known about the anisotropy 
of the other physical properties of indium. Verhaeghe, Le Compte and 
Vandermeerssche (1951) found the ratio, x,,/x,, of the diamagnetic susceptibilities 
at room temperature to be 0-44, but some measurements made recently in this 
laboratory (Goss, unpublished) on the electrical resistivity of indium did not 
indicate any marked anisotropy. ‘The elastic constants, as Griineisen and Goens 
(1924) have pointed out, are closely related to the thermal expansions, and it 
would therefore be extremely valuable to know the values of these constants. 
Unfortunately, however, the only data available (Ludwick 1950) are incomplete. 
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RESEARCH NOTES 
The Study of Lightning Streamers with 50 cm Radar 


BYTE VLE TE 


Telecommunications Research Laboratory, South African Council for Scientific and 
Industrial Research, Johannesburg, South Africa 


Communicated by B. F. F. Schonland; MS. received 22nd June 1953 


$1. INTRODUCTION 
Viena workers (Browne 1951, Miles 1952) using wavelengths of 


3 and 10cm have shown that radar reflections can be obtained from 

the channels of lightning discharges; these observations have been 
confirmed by the writer. ‘The presence of echoes from hydrometeors in the 
thundercloud, however, makes such short wavelengths unsuitable for the study 
of the propagation of lightning streamers within the cloud. As longer wave- 
lengths appeared desirable for other reasons, equipment operating on a wavelength 
of 50 cm has been built and provided with a means of photographing the echoes 
from successive individual pulses. It was found that the recording system need 
not be run continuously but could be set in operation by the noise radiation, at 
the operating frequency of the radar, associated with each of the separate strokes 
of a discharge. 


§2. EXPERIMENTAL OBSERVATIONS 


The equipment proved capable of recording echoes from lightning up to a 
range of about 30 km and was not seriously affected by echoes from hydrometeors. 
The majority of the observations were made at ranges of about 8km. ‘This 
enabled the slant ranges measured by the equipment to provide some discrimina- 
tion in height which would otherwise have been lacking, as the beam width of 
the equipment was too large (20°) for measurement of angle of elevation. 

Early on in the work it was observed that when a lightning discharge occurred 
the noise radiated from certain stages of the discharge was clearly detectable on 
the radar set. A trigger system was therefore built to operate on this radiated 
noise. This trigger system made use of the radar aerial and receiver themselves 
so as to obtain approximately the same directional characteristics as the radar, 
and so to reduce undesirable triggering to a minimum. 

The records show that noise radiation always precedes the appearance of 
radar echoes, and it is therefore assumed, as may be expected, that it is associated 
with the start of each stroke. ‘The power flux of this radiation was observed to 
be at least 10-12 wm? in a bandpass of 1 Mc/s centred on 600 Mc/s, at ranges 
of 8 to 16 km from typical lightning strokes. ‘The duration of the radiation at 
this level was observed to lie between 100 psec and 3 msec, and it appears that 
it may take two different forms. he first and most common type results in a 
general increase in receiver noise level, frequently rising to a maximum in under 
10 psec, while the second type appears to consist of a long series of short individual 
spikes at intervals of a few microseconds. 
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The recording system consisted of a drum camera running continuously and 
capable of recording echoes from successive transmitter pulses at intervals of 
one millisecond, for a period of 0:5 sec after the operation of the trigger. 
Range-amplitude presentation was used. 

The echoes from discharges which took place entirely within the cloud were 
complicated, and in general extended over several kilometres in range. Various 
components of these echoes frequently persisted for more than 100 msec, but no 
obvious trend could be seen except in those cases where strokes to ground appeared 
to follow the cloud discharge. 

In the case of discharges to ground a distinctive series of echoes was observed 
to follow each successive stroke. On a number of occasions the echoes could be 
resolved into two main components separated in slant range by about a kilometre. 


Fig. 1. Commencement of stroke. Fig. 2. 12 milliseconds later. 


One of these components, usually the short-range component, appeared at its 
greatest strength immediately after the stroke and faded to a small fraction of 
its initial intensity in about 10 msec. ‘The other component was observed to 
build up over the 10-50 msec and then gradually diminish, to disappear 
immediately before the commencement of the next stroke. 

An example of this effect is shown in figs. 1 and 2, which refer to the same 
stroke at its start and 12 msec later, respectively. 

The duration of each time-base on the record was just over 40 psec and the 
time interval between the start of successive time-bases was 500 psec. Radar 
echoes appear only on evenly numbered time-bases and the small echo G is an 
echo from some prominent ground feature. This echo G appears on all evenly 
numbered time-bases and is not associated with the lightning flash. 
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The calibration marks R appear on odd numbered time-bases only. They 
are at intervals of 10 usec, corresponding to radar range intervals of approximately 
1-5 km, the range increasing from left to right. The ground echo G is at a range 
of just over 6 kilometres. The calibration marks do not appear on the evenly 
numbered time-bases to avoid confusion with possible radar echoes. 

Noise picked up by the receiver aerial may appear on any of the time-bases. 

In fig. 1 a burst of noise radiated by the lightning stroke is seen on time-base 3. 
On time-base 4, 500 usec later, a composite echo, with two main components E 
and F, has appeared. This composite echo is not present on time-base 2 to any 
appreciable extent. 

As time elapses this composite echo changes in type until 13 msec later, on 
time-base 30, the component E has practically disappeared while the component F 
has increased considerably, reaching a maximum value at about this time. The 
component F was then observed to fade gradually until it disappeared about 
50 msec after its first appearance on time-base 4. The next stroke in the flash 
occurred 56 msec after time-base 4. 

It is tentatively suggested that the echo component E referred to above is 
associated with the ionization persisting in the main channel after each stroke 
and that the component F may be associated with the ionization resulting from 
the junction streamer process that takes place between successive strokes as 
described by Malan and Schonland (1951). 

On certain records it was observed that the range of the echo tentatively 
associated with the junction streamer process increased slightly with time in 
steps from one stroke to the next. On the assumption of a vertical discharge 
path the mean vertical velocity of the region concerned ranged between 4 and 
10 kmsec~?. On other records no such increase in range was observed. ‘These 
studies are being continued. 


$3. CONCLUSIONS 


The fact that radar echoes can be observed during the whole of the period 
between successive strokes in a lightning flash, and that some components of 
these echoes appear to be associated with the processes leading up to the next 
stroke, suggests that radar may provide a useful means of studying these 
processes provided sufficient resolution in range and angle of elevation can be 


obtained. 
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LETTERS ‘TO<THE, EDITOR 


Spectroscopic Study of Caesium Discharges in a Magnetic Field 


In a previous paper (Davies 1953, to be referred to as I) the electron density 
and temperature in a caesium discharge with a longitudinal magnetic field were 
investigated by means of the electron-ion recombination radiation. This note 
reports the results of a similar investigation using a positive column of larger 
diameter (1-8. cm). The discharge current and vapour pressure were 2:5 a and 
0-087 mm Hg respectively in all cases. 

As before, the electron velocity distribution was found to be Maxwellian. 
A magnetic field of 1200 gauss produced no change in electron temperature for 
either direct current or radio-frequency excitation (6 Mc/s); a change of 2% 


intensity, Density (arbitrary scale) 


0 05 10 
T/R 


Intensity distribution across the spectral image of the positive column (curves A, B), and 
derived distribution of electron density (curves C, D). Curves A, C are for d.c. and 
radio-frequency discharges with zero magnetic field; curves B, D are for the radio- 
frequency discharge in a longitudinal field of 1200 gauss. 


would have been detectable. This result is contrary to the predictions of 
diffusion theory (‘Tonks 1939) as pointed out in I. For the direct current case 
no change in electron temperature or axial density was observed when the current 
direction was reversed, either with or without a magnetic field. In I a small 
change was observed, which is probably accounted for by the much greater 
current density used in the tube of smaller diameter; this effect may also be 
related to the increase in electron temperature produced by the magnetic field 
which was observed in I in radio-frequency discharges, but was not observed 
here. 

For the case in which the electrons have a Maxwellian distribution and the 
electron temperature is independent of radius, the intensity of the recombination 
continuum is proportional to the square of the electron density. The radial 
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variation of electron density can thus be found by forming an image of the positive 
column on the spectrograph slit and measuring the variation of intensity in the 
spectral image at a wavelength in the continuum. ‘These results were inter- 
preted using an integral equation due to Hérmann (1935), assuming the self- 
absorption to be negligible. The magnetic field (1200 gauss) increased the 
axial electron density by 10% for d.c. and 4% for radio-frequency current; 
the accuracy of measurement was to within about 5%. 

In the absence of a magnetic field both d.c. and radio-frequency discharges 
had the same radial density distribution (curve C). Application of the field to 
the radio-frequency discharge caused a ‘broadening’ of the distribution 
(curve D). A similar broadening was observed when the discharge was run at 
very low current (500 wa d.c.) in a tube 5 mm in diameter; in the absence of the 
field the positive column took the form of a luminous ‘cord’ of 0:85 mm 
diameter, which broadened to 1-35 mm when a field of 1200 gauss was applied, 
without any visual change in intensity. The radial density distribution in a 
d.c. discharge in the presence of a magnetic field was not investigated. 

The electron density distribution is seen to differ from the Schottky (1924) 
diffusion theory of the positive column (zero-order Bessel function). This is 
not surprising, since volume recombination and electron scattering by positive 
ions undoubtedly affect the diffusion relations in this case. 

The experiments described here were carried out at the Clarendon Laboratory 
during the tenure of a Rhodes Scholarship. ‘Thanks are due to Drs. H. G. Kuhn 
and P. C. Thonemann for help with the manuscipt. 


Division of Radiophysics, Commonwealth Scientific L. W. Davies. 
and Industrial Research Organisation, 
University Grounds, Sydney, Australia. 
27ta February 1953, and in final form 5th August 1953. 


Davies, L. W., 1953, Proc. Phys. Soc. B, 66, 33. 
HOrRMANN, H., 1935, Z. Phys., 81, 571. 
Scuottky, W., 1924, Phys. Z., 25, 342, 635. 
Tonks, L., 1939, Phys. Rev., 56, 360. 


Surface Recombination in Germanium 


An investigation has been made of the variation of the surface recombination 
velocity of injected minority carriers in germanium, over a limited temperature 
range. ‘The method used was that of Suhl and Shockley (1949), and is indicated 
in fig. 1 (a). A longitudinal electric field #, is maintained in a long thin 
rectangular block of germanium. Minority carriers are injected into the block 
by an emitter point E, and swept towards a collector point C. A variable 
magnetic field H is applied in a direction perpendicular to the plane on which 
the emitter point is situated. ‘The injected carriers are thereby deflected 
towards or away from the collector point, depending on the sign of H. The 
number of such carriers actually arriving at the collector depends on the 
characteristics of the surface. ‘The surface recombination velocity s, which 
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is a measure of the surface decay rate, can be evaluated in terms of the relative _ 

concentration of minority carriers near the collector point, as shown by Suhl — 
and Shockley. ‘The most convenient way of obtaining the value of this concen- 
tration is to measure the point conductance of C about zero current for an 
applied voltage less than R7/e in each direction. ‘This method (Bardeen 1950) 
eliminates the effect of changes in the potential of C due to magneto-resistance 
and alterations in floating potential. 

Figure 1 (5) shows room-temperature results of such measurements for an 
n-type and a p-type specimen. Gy is the point conductance in the absence of 
injection and magnetic field, G, with injection but no magnetic field and G — 
with both electric and magnetic fields. The curve for the n-type specimen is 
very similar to that reported by Suhl and Shockley and the results confirm that 
the surface recombination properties of p-type material are closely analogous, 
subject to the usual reversal of signs. Tests were made to confirm that the 
measurements were not disturbed by carrier injection at the end contacts of 


o p-type (I3ohm cm) 
x n-type (3 ohm cm) 


200007 x 
H® C aa! 

3 BE 10000 

GG, E a 

* Xx 
Ca Fig. 1@) 5000 x er 
x 
See 
2000 


© p-type Se SY 


Surface Recombination Velocity s (cm sec 


x 
u— 1000 xX n-type X——_- ‘\ 
30 20 10 10 20 30 
HT (kilogauss) 500 ott (Bie i 1 a 
50 100 150 200 +250 © ©300 +~«=—-350 
Fig. 1 (0). Temperature (°k) 
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as a function of magnetic field. 


the germanium filament, nor by heating due to the currents flowing. The 
emitter and collector were also used to determine the sweeping field. This 
was done approximately by switching off the emitter current while maintaining 
the sweeping current at its original value, and then using the emitter and collector 
as voltage probes. 

Figure 2 shows the corresponding values of the surface recombination 
velocity as a function of temperature. (Readings below room temperature 
were taken in a vacuum incorporating a liquid air trap.) These results were 
obtained on moderately well-etched surfaces. It was found that the absolute 
values are very sensitive to changes of etching procedure. The measurements 
by this method become much more difficult for surface recombination velocities 
outside the present range of values. The diminution of s with increasing 
temperature is compatible with the assumption that carriers are first trapped 
in the surface and that the probability of recombination increases with the time | 
spent in the traps (cf. Brattain and Bardeen 1953, Lawrance 1953). The calcu- 
lations require a knowledge of the carrier mobility as a function of temperature 
and the results obtained by Lawrance were used. 
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REVIEWS OF BOOKS 


Superconductivity, 2nd Edn., by D. SHOENBERG. Pp. x+256. Cambridge 
Monograph on Physics. (Cambridge: University Press, 1952.) 30s. 


Although the phenomenon of superconductivity has until now maintained 
its position as an unsolved mystery of science, so much new experimental 
and theoretical evidence has accumulated since the publication in 1938 of the 
first edition of Dr. Shoenberg’s monograph that in its second edition the book 
has had to be greatly enlarged and revised. An introductory chapter deals 
with the discovery of the effect (it was a happy thought to include the 
delightful portrait sketch of the discoverer) and rapidly surveys the outlines 
of the subject. ‘The account which follows of the magnetic and thermal 
properties of macroscopic superconductors reproduces the main topics of the 
first edition, but has been rearranged and expanded to include recent results 
on thermal conductivity and thermoelectric effects. ‘The next chapter gives 
an account of the recent investigations, experimental and theoretical, which 
have elucidated the structure of the intermediate state; of particular interest 
here are the remarkable Russian experiments which have demonstrated directly 
that the metal in the intermediate state is broken up into a complicated mixture 
of superconducting and normal regions. A further chapter describes the 
various methods which have been used to study the depth of penetration of 
a magnetic field into a superconductor and which have provided much important 
information, not only on the absolute value of the penetration depth, but also 
on its variation with temperature, crystal orientation and magnetic field strength. 
The last chapter, which is of great interest, discusses the extent to which the 
phenomenological theories of superconductivity, the thermodynamic theory of 
Gorter and Casimir and the electrodynamic theory of F. and H. London have 
been successful in correlating the experimental facts, and emphasizes that 
recent experiments, particularly the important work of Pippard on the 
behaviour at high frequencies, have revealed phenomena which seem to lie 
beyond the grasp of these theories. A brief sketch follows of the various 
attempts at a fundamental theory of superconductivity which have lately been 
appearing in regular succession; although it seems fairly certain now that 
superconductivity is in some way connected with the interaction between the 


$02 Reviews of Books 


electrons and the lattice vibrations in a metal, no convincing demonstration 
‘has yet been given of the way in which this interaction can lead to the 
characteristic properties of a superconductor. An appendix gives an extensive 
list of numerical data on superconducting transition temperatures and critical 
fields. 

It is a pleasure to read Dr. Shoenberg’s clear and critical account of the 
present state of our knowledge of what is surely among the most remarkable 
of all physical phenomena. The book can be strongly recommended to the 
general reader interested in the subject, and will be indispensable to the 
specialist. It is evident that, between the first and second editions of the book, 
the plot of the story has greatly thickened; will the third edition be able to 


announce that it has at last been unravelled ? 
E. H. SONDHEIMER. 


Vacuum Technique, by ARNoLD L. Retmann. Pp. ix+449. (London: 
Chapman and Hall, 1952.) £2 10s. Od. 


This book may be classified as filling the gap in the range of modern textbooks 


on vacuum practice in English which exists between the smaller monographs on 
the subject and the comprehensive work Scientific Foundations of Vacuum 
Technique by Dushman. As such, it is a very useful addition to the literature, 
is well produced and excellently illustrated, and can be readily understood 
without too great a demand on the reader’s knowledge of mathematics and 
physics. 

In the text are included comprehensive accounts of backing, molecular and 
diffusion pumps, vacuum gauges, speed measurements, pump systems, absorption 
of residual gases, glass and glass-metal seal making. Especially praiseworthy 
features are the detailed drawings of apparatus which should be of great use to 
the glass-blower or technician faced with the task of fabricating the research 
worker’s vacuum apparatus, and also the many useful practical hints given 
concerning such matters as glass working, seal making, pump oils, waxed and 
cement joints, to mention but a few amongst many. 

The only major criticism of the text is that it includes little—apart from 
fundamental considerations—which is of direct interest to the industrial users of 
vacuum apparatus other than those engaged in work on electron tubes. Doubt- 
less this is because the author wished to write chiefly of those vacuum matters 
of which he had had first-hand experience. Probably this was a wise restriction 
of the extent of the text, for the reader is soon convinced that here is an excellent 
account of vacuum technique as practised in the laboratory, and that the advice 
and instructions given are the result of many years of research experience. 

It 1s strongly recommended as an account of vacuum technique which, 
whilst emphasizing practice, yet includes a wisely selected account of underlying 
theory. It should prove valuable to the physicist, the technician, and the 
student beginning research; it will undoubtedly be consulted on many occasions 
by the workers in University and technical college laboratories where vacuum 
apparatus must be frequently designed and built to avoid the expense of 
purchasing manufacturers’ equipment. : jaw 
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Micrometeorology, by O. G. Sutton. Pp. xii+ 333. (London: McGraw-Hill, 
1953.) 61s. 


Micrometeorology deals with the physical processes in the lowest layers of 
the earth’s atmosphere, mainly in the first hundred metres. It has, therefore, 
important applications in the fields of agriculture, biology, hydrology and atmo- 
spheric pollution. ‘The appearance of Professor Sutton’s book marks an 
important event in that it presents the first complete textbook treatment of the 
subject. Geiger’s Das Klima in der bodennahen Luftschicht has, of course, been 
a standard work for 25 years, but it is mainly descriptive and does not attempt to 
develop the subject in a formal, quantitative manner. In view of his own 
important contributions it is fitting that Professor Sutton should fill this gap in 
the meteorological literature, which he has done with the elegance and style we 
associate with his writings. 

The first five chapters of the book deal with the basic physics and mathematics 
required for the study of the processes occurring in the earth’s boundary layer, 
under the following headings: ‘The atmosphere at rest, Laminar flow in the 
atmosphere, Turbulent flow, Heat transfer and problems of diffusion, and 
Radiation. The last three chapters deal with the temperature field, the 
wind field and the processes of diffusion and evaporation in the lowest layers. 

The presentation is everywhere concise, clear and polished, and the author 
has done his best to bring out the physical interpretation of the mathematical 
arguments—not an easy task in this subject. But it is in the very authoritativeness 
and neatness of the treatment that the reviewer senses a certain danger; the 
student or the newcomer to the subject may feel that it is much better understood 
and based on firmer theoretical foundations than is really the case. He may be 
lulled into a sense of false security at the outset by the author’s remark in the 
preface, that micrometeorology presents a less forbidding aspect to the newcomer 
than the more familiar branches of meteorology. ‘True, the prospective experi- 
menter will have the advantage of working in the most accessible region of the 
atmosphere where he can more easily amass instrumental records, but, in the 
absence of anything like a satisfactory theory of atmospheric turbulence and 
radiative transfer, he will have a hard time in interpreting them without recourse 
to the usual semi-empirical approach. ‘This state of affairs becomes obvious, of 
course, to the experienced meteorologist in reading Professor Sutton’s book, but 
it might be kinder to warn the uninitiated at the outset. However, a book must 
be largely judged in the light of the author’s aims and there can be little argument 
that Professor Sutton has produced a most valuable and readable work of 
reference on a difficult subject. ‘The research worker will be grateful for this 
summary of the widely-dispersed literature and will find the bibliographies given 
at the end of each chapter most useful. 

There appear to be very few errors, misprints etc., but macrometeorologists 
will not take kindly to the author’s assertion at the bottom of p. 18 that, in the 
free atmosphere, the motion of the air may, to a high degree of approximation, 
be considered free from vorticity, nor to his subsequent remarks about the 
generation of vorticity. 

The book is excellently produced but the price of 61s. (only 44s. in the 
U.S.A. !) may act as a deterrent to many who otherwise would and should 
have it on their bookshelves. B. J. MASON, 
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Puate I. 
Flow of 0-05°%C steel at 1106°c. 
Thermally etched surface showing 


(a) discontinuities in scratch marks at austenite grain boundary, indicative of grain 
boundary slip, and 
(6) coarseness of grain boundaries running perpendicularly to the specimen axis. 
(o=198 ke'cm>* ;Sde/di=7-5x10-* sec) 
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Prate II. 
Flow of 0:23°%C steel at 1000°c. 
Thermally etched surface showing 


(a) curvature in originally straight longitudinal scratch marks, indicative of intragranular 
deformation, and 
(b) coarseness of boundaries running perpendicularly to specimen axis. 
The dark spot on the right of the central grain is part of a ferrite grain. 
(o=294 kg cm-*; de/dt=1-8 x 10-4 sec) 
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The Origin of Stress in Metal Layers Condensed from the Vapour 
in High Vacuum 


By H. P. MURBACH anp H. WILMAN 
Applied Physical Chemistry Laboratory, Imperial College, London 


MS. received 9th Fuly 1953 


Abstract. Measurements are made of the stress in deposits of Ni, Fe, Pd, Au, 
Cu, Ag, Sb, Al, Bi, Mg and Zn condensed from the vapour in high vacuum 
on copper strips used as substrates. The stress is found to be characteristically 
of a tensile nature and the amount of stress is different for different metals. 
The occurrence, nature and order of magnitude of the stress are explained 
as arising from the contraction of the upper regions of the growing deposit as 
they cool after their deposition, which takes place at a temperature generally 
several hundred degrees higher than the initial substrate temperature. 
According to this interpretation, this contraction will begin to set up a 
tensile stress in any stratum of the deposit as soon as the temperature of 
the region concerned falls below the recrystallization temperature of the deposit 
metal. An estimation of the stress to be expected from this cause falls in the 
region of the experimentally determined values. 
In Al a compressive stress is observed if the metal is evaporated in an 
' imperfect vacuum, the air pressure being about 10-* mm Hg or higher. 
_ Evidently appreciable oxidation of the aluminium occurs and the compressive 
stress is associated with the formation of the oxide between the metal crystals or 
included to some extent within the crystals. Results for electrodeposits are 
analogous. 


§ 1. INTRODUCTION 


HE origin of stresses in electrodeposits has been much investigated, but 

with little success in accounting for the nature of the stress (tensile or 

compressive) or the amount of stress. Recent work in this laboratory 
(Finch, Wilman and Yang 1947, Finch and Layton 1951), has shown how the 
main factors influence the crystalline structure of electrodeposits, and it was 
thought that it might also be possible to correlate these factors and the deposit 
structure with the stress in the deposits. Experiments made to test this 
possibility indicated the desirability of first investigating whether, in the 
-simpler case of deposits condensed from the vapour 7m vacuo, similar stresses 
occur and can be explained. Although some experiments of this kind have 
been made recently (Crittenden and Hoffman 1950, Hoffman, Anders and 
Crittenden 1953), these were only with one metal (nickel), and thus allowed 
no general conclusions to be drawn as to the origin of the stress in condensed 
metal deposits. 

Measurements made on deposits of many metals condensed im vacuo are 
now described below, and show that characteristically tensile stresses are 
indeed observed, of magnitudes differing widely from one metal to another. 
The values observed lead to the conclusion that the stress is due to contraction 
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of the upper regions of the growing deposit as they cool after their formation, 
which takes place at a temperature generally several hundred centigrade degrees 
above the substrate temperature. 


§ 2. EXPERIMENTAL PROCEDURE 


Metal deposits were condensed in vacuo on one side of a copper strip 
which was clamped at one end, so that the magnitude of the stress in the deposit 
could be calculated from the observed deflection of the free end of the strip. 
This method has been much used in the study of stresses in electrodeposits 
and was first used by Stoney (1909). Brenner and Senderoff (1949) have 
recently discussed the derivation of the formula used to calculate the stress 
S (kg em~*) from the deflection 5 (cm) and confirmed Stoney’s equation 

S= Et /3dl? 
where ¢ is the thickness in cm of the substrate strip, FE is its Young’s modulus, 
and / is the length in cm of the strip carrying the deposit of thickness d cm. 
This assumes that the deposit thickness is negligible compared with the substrate 
thickness. 


Evaporating 
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Fig. 1. Diagram of apparatus used for determining stress in condensed metal layers. 


The copper strips used as substrates were 3-4 cm long, 0-97 cm wide and 
0-0155 cm thick. ‘To smooth the surface and avoid possible influence of the 
crystal orientation by the substrate, the strips were polished on a polishing 
wheel and then, immediately before use, with ‘ Bluebell’ metal polish applied 
on cotton wool. ‘The strips were washed in water, acetone, and finally benzene, 
to ensure freedom from surface contamination, especially grease. The Young’s 
modulus FE of such strips was determined by observing the deflection of the 
free end when the strip was clamped at one end with the strip face horizontal, 
and a 0:5 g weight was hung on the free end. In this way E was found to be 
6:5 x 10° ke ems". 

The copper strip was next clamped at one end with its length horizontal, 
and its face vertical, in a high-vacuum unit, and an electrically heated tungsten 


coil 5 cm away was used to evaporate any desired metal to form a deposit on | 
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the strip. The position of the free end of the strip was observed through the 


_glass wall of the vacuum chamber, by means of a travelling microscope, to an 


accuracy of 0-001 cm. Figure 1 shows the arrangement diagrammatically, and 


‘also the disposition of an auxiliary tungsten coil behind the copper strip, when 


tests were made to find what stresses were developed in deposits formed on 
substrates at elevated temperature. Estimates of the mean substrate 
temperature during and after a deposition were made by use of a thermocouple 
in close contact with the back face of the strip. 

Deposits about 1000-3000A thick were prepared of Ni, Fe, Pd, Au, Cu, 
Ag, Sb, Al, Bi, Mg and Zn, the time of deposition being of the order of 
0-5 minute. ‘The deflections observed were mostly between 0-01 and 0-05 cm. 
Blank experiments, in which the front face of the substrate was heated by 
radiation from the evaporator spiral alone without evaporating any metal from 
it, showed negligible deflection of the copper strip. 

The structure of the deposits was investigated by electron diffraction in a 
Finch-type camera (Finch and Wilman 1937), using 50-60 kv electrons and a 
camera length of 49 cm. 

$3. RESULTS 


The stresses observed for the metals investigated are listed in table 1, where the 
metals are arranged in order of decreasing stress. For comparison the melting 
points and the temperatures of recrystallization or ‘recovery’ (of mechanical 
properties after cold working) are also given in table 1, and it will be seen that 
these properties also are in roughly the same sequence of decreasing values. 


Table 1. Observed Stresses in the Metal Deposits Condensed from the Vapour 
in vacuo, and some Associated Properties 


(1) (2) (3) (4) (5) (O)q 7) (8) (9) 
Fe 2 3100- 1539 350-450%2" 12 . 21 = ~“200-300 ~~ -~3000* 
Ni as4 3500 1455 530-6601 14 21 380-500 ~3000* 
Pd 3 1400 = 1555 450% 1 bs ol 300 ~1500* 
Cu 4 S00. = 1083+) 4200-23048) 17), 1.12 80-110 ~1000* 
Au as 4 850 1063 20012 14 8 80 900 
Ag as 4 750 960 2001 19 8 80 1200 
Sb — 250 630 — 11 8 — _ 
Al 5, 6 100 659 150! 24 7 30 500 
Mg 7 0 651 C508 2007 = 27 4 30 300 
Bi 8 0 271 — 13 9 0? 0? 
Zn 9 0 419 220" 26 9 0 0 


(1) metal; (2) figure no.; (3) approximate mean observed stress (kg cm~*); (4) melting 
point (°c); (5) recrystallization temperature (°c); (6) 10°w | coefficient of linear expansion] ; 


(7) 10-".E (dyncm~*); (8) approximate temperature range AT (°c) in which stress is 


developed; (9) estimated theoretical stress (kg cm~*). 
* Above the elastic limit. 


1 Chalmers 1951. 2 Masing 1950. 3'Tamman and Dreyer 1933. 


This suggests that the stress is in some way related to the degree of mobility of 
the atoms in the deposit at the substrate temperature or the temperature of 
the upper regions of the growing deposit. 

The electron diffraction patterns from the deposits (figs. 2-9 (Plate)) showed 
that for Ni, Fe, Pd, Cu, Au,*Ag and Al the crystals were small (~100-150A 
diameter) and randomly disposed or weakly orientated with a common axis inclined 
away from the substrate normal towards, but not as far as, the direction of the 
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vapour stream. On the other hand for Sb, Mg, Bi and Zn the crystals were 
much larger (>400 A diameter) and were orientated, in the mean, with a net plane 


parallel to the substrate or practically so. In this last case the one-degree | 


orientation tended to be limited further in azimuth, as a result of pronounced 
plate-like crystal habit, which caused preferential growth of those crystals 
having their main surface more or less facing the source of metal vapour. 

It has recently been shown (Evans and Wilman 1952) that these two types 
of orientation are associated respectively with low and high atomic mobility of 
the deposited atoms on the substrate and the growing deposit. ‘The melting 
point of the metal was shown to be a rough inverse measure of the degree 
of mobility of the atoms on the substrate and the deposit surface at the 
temperature reached during the deposition, with the substrate initially at room 
temperature. The above electron diffraction data in the present experiments 
thus also confirm that the stress developed in a metal deposit tends to be larger 
when atoms in the deposit have low mobility during the formation of the deposit. 

From these general conclusions it would be expected that deposits formed 
on substrates which were initially at raised temperature would have less stress 
than similar deposits formed on substrates initially at room temperature. To 
test this, several pairs of deposits of nickel were prepared simultaneously on 
two copper strips, one of which was initially at room temperature and the other 
at about 125°c (heated by radiation from a tungsten coil behind the strip, as 
in fig. 1). ‘Table 2 shows typical results from two experiments where the same 


Table 2. Stresses Observed in Nickel Condensed from the Vapour im vacuo 
on Polished Copper Substrates at Room Temperature and at 125°c 
respectively (assuming same E as at Room Temperature) 


Deposit thickness (A) 1250 630 
Stress (strip initially at room temp.): S, (kg cm?) 3720 4590 
Stress (strip initially at 125°c): S, (kg cm~?) 2840 3410 
S2/S, (as %) 76°5 74-4 


two copper substrate strips were used, but interchanged in the two experiments. 
It will be seen that the stress in the deposit on the heated substrate was reduced 
in both cases by about 25%, thus confirming further the relationship between 
the stress and the temperature of formation of the deposit, and hence the atomic 
mobility in the deposit. 

Although the above results for the metals investigated are consistently in 
agreement with this conclusion, wide variations in the stress occurred in the 
case of aluminium when deposits were prepared in residual air in the vacuum 
chamber at a pressure higher than about 10-4 mm Hg. In this case compressive 
stresses up to several hundred kg cm were observed, the stress being higher 
the higher the residual air pressure above this value, up to about 10-3 mm Hg, 
when it was difficult to evaporate the aluminium owing to oxidation of its 
surface. ‘The electron diffraction patterns from the aluminium deposits 
correspondingly became less and less clearly arced until at the highest observed 
compressive stresses (highest residual air pressure) the patterns consisted of 
rings due to randomly orientated crystals. These profound changes in the 
deposit structure and stress must be attributed to appreciable oxidation of the 
aluminium during deposition. No noticeable rings or haloes due to aluminium 


| 
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oxide occurred in the diffraction pattern, however, though it would be difficult 
to detect clearly the presence of even a considerable proportion of amorphous 
oxide in presence of the crystalline aluminium. 


§4. DiscussIoN AND CONCLUSIONS 


The above results on deposits of eleven metals show clearly that there is 
a systematic relationship between the stress in the deposits and the degree of 
mobility of the atoms in the upper regions of the growing deposit. We therefore 
conclude that the observed tensile stress is due to the cooling of the deposit 
after its formation at a surface temperature which must be several hundred 
centigrade degrees (cf. Evans and Wilman 1952), owing to receipt of radiation 
from the hot evaporator filament, and energy carried by the deposited atoms. 
Thus, when the metal crystals are growing at the deposit surface by addition 
of the arriving atoms they are thermally expanded. As these layers become 
covered by further growth of the deposit, their temperature must decrease 
progressively in accordance with the temperature gradient in the deposit, 
and the crystals must contract. As they do so, appreciable atomic migration 
persists and must cause readjustments at and near the grain boundaries, 
i.e. recrystallization, until the temperature falls below the recrystallization 
temperature, and thereafter the further cooling must cause a tensile stress to 
be developed throughout the deposit, as is indeed observed. ‘The amount of 
stress developed must therefore depend on the difference between the final 
deposit temperature and the recrystallization temperature, or the highest 
temperature reached if this is less than the recrystallization temperature. 

Table 1 shows the linear coefficient of thermal expansion « (for approximately 
the range of temperature concerned) and the Young’s modulus F of the metals 
investigated. It is seen that the metals which developed the highest stress have 
a high recrystallization temperature and also often a high Young’s modulus, in 
agreement with expectations. 

The approximate mean stress to be expected according to the above 
conclusions can be estimated as follows. For a temperature drop AT from the 
recrystallization temperature to the final substrate temperature, the relative 
contraction of the deposit would be Al/l=«aAT. The stress caused, if the 
layer is not allowed to contract, owing to the forces exerted on it by the 


substrate, is thus SS E(AUD = BoA! «2 inca (2) 


From the values for FE, and the roughly estimated temperature drop AT, the 
theoretical order of stress expected was estimated and is given in table 1. For 
Fe, Ni, Pd and Cu the contractions impose stresses which fall outside the 
range in which the strain is proportional to the stress, hence the stress was 
roughly estimated from the available data. 

It is seen that the stresses estimated theoretically in the above way agree 
well in order of magnitude with the observed values. Thus, although much 
previous work on stress in electrodeposits has hitherto not led to any ciear 
understanding of the origin and amount of the stress, the present experiments, 
and our interpretation of them, show that at least the stresses developed in 
metal deposits condensed from the vapour can be explained satisfactorily both 
with respect to their tensile nature and the amount of the stress and also the 
correlation with the atomic mobility occurring during the crystal growth. It 
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seems likely that the stress in electrodeposits may be explained by a somewhat 
similar process, involving (in the absence of disturbing effects) formation of 


the crystals in the deposit surface in an initially expanded state, followed by their 


contraction. 
Furthermore, in the case of aluminium the observations in relation to the 


pressure of the residual air in which the evaporation was carried out indicate 
that the compressive stresses are associated with appreciable oxidation of the 
metal during growth of the deposit. This strongly suggests that in electro- 


deposits the compressive stresses sometimes observed may arise by chemical | 


reactions or co-deposition processes leading to occlusion or inter-crystalline 
adsorption of foreign materials in the metal deposit. Experiments made by the 
authors have in fact already shown, in copper and nickel electrodeposits on 
copper substrate strips, that when a compressive stress was developed the 
electron diffraction patterns usually showed, in addition to metal diffraction 
rings or arcs, other diffractions indicating presence of co-deposited material. 
It is hoped to carry out further experiments on stress in electrodeposits with 
a view to extending in more detail these general conclusions. 

A further point clarified by the present results is the question of the 
relation between stress and orientation. Bozorth (1925) and Wyllie (1948) 
considered that the preferred orientation often found in electrodeposits can be 
explained as arising as a ‘ drawing texture ’, from plastic deformation occurring 
in the deposit when the stress exceeds the elastic limit of the metal. The 
factors promoting orientated crystal growth in electrodeposits have been 
elucidated by Finch, Wilman and Yang (1947), and Yang (1948) in this 
laboratory has also shown by combined electron diffraction and_ stress 
investigations, that this theory does not account for the orientations observed. 
‘The present results show the analogous conclusion for deposits condensed from 
the vapour 7m vacuo, i.e., that the observed orientations, where present, are not 
those expected from Bozorth’s theory and are often very weak or absent (for 
example, some iron deposits investigated were randomly orientated) even when 
stresses are present much exceeding the elastic limit. It seems that when the 
stresses in the deposits exceed the elastic limit the plastic deformation which 
occurs is more likely to have a disorientating effect, in the case of deposits which 
initially grow in a preferred one-degree orientation relative to the substrate. 
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The Variable-Radius Semicircular Magnetic Focusing B-Ray 
Spectrometer 


BY C]GaCAMPBELL AND, Ja. KY.LES 
Department of Natural Philosophy, University of Edinburgh 


Communicated by N. Feather; MS. received 26th May 1953 


Abstract. Li’s method for determining the line shape in a variable-radius 
spectrometer is discussed, and a rapid approximate method is given. Methods 
of normalization for the continuous f-particle spectrum and for conversion 
electron lines are presented. The advantages and disadvantages of this type of 
spectrometer are discussed. 


§ 1. INTRODUCTION 


HE semicircular focusing f-ray spectrometer was designed primarily for 

the photographic determination of the Hp-values of internal conversion 
electron lines. More recently f-particle counters have been used as 
detectors instead of the photographic plate, and the double spectrometer, first 
proposed and constructed by Feather (1940) and now equipped with scintillation 
counters and short resolving time coincidence circuits, has proved a useful 
instrument for the determination of certain features of the energy level scheme 
of the daughter body in £-decay (Kyles, Campbell and Henderson 1953). Each 
half of this instrument constitutes a fixed-field variable-radius spectrometer, and 


it is felt that an examination of its performance would be useful in the light of 


our experience with it. 

An inherent disadvantage of this type of spectrometer lies in the small angle 
for collection of the electrons in the plane of focusing, when a resolution * 
approaching 1% is required. On the other hand, changes in the width of the 
slit selecting the sheaf of £-particles to be focused may be very simply made, and 
the width of the entrance slit of a scintillation counter, which requires no window, 
may be varied at will. ‘The instrument is therefore extremely versatile, and 
permits the adoption of geometrical conditions to suit the particular experiment 
to be performed. 

To ascertain these conditions theoretically a study of the. structure of a 


f-ray line shape is necessary. 


§2. Li’s METHOD 


The basis of the method adopted was given by Li (1937). In this method 
three sets of coordinates, illustrated in fig. 1, are used. ‘The coordinates €, 7, ¢ 
describe the source-space, x, y, x the source-slit space, and x’, y’, x’ the image 
space for the particular line under consideration. Let AB=2s, OS=d, and for 
the line in question let PO=a, PS=2p. 

It is then shown by Li that the intensity at the point (x’, 0) of the image plane 
is given by dividing the source plane into three domains and integrating, in turn, 
over those portions of these domains occupied by the source, a function K 


* We define resolution as Ap/p where Ap is the width at half height of a monoenergetic 
line of momentum p. Resolving power is the reciprocal of this quantity. 
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which is weighted with the values 0, 1 or 2 according to the particular domain — | 


chosen. This function K is given by 
n 1 
eee eee 1 
i= 47° 9(2a)"? Ge —&-p)?2 ( ) 
in which n represents the number of electrons leaving unit area of the source 


per second and p=2n?/7?a. 
The boundaries of the domains in the source plane are shown to be given by 


(i) The parabola SEHD A ea Oo ee eee (2) 
This is the locus of points in the source from which electrons reach the image 


point, having passed through the line x=x' of the source slit. (x’, 0) is the 
apex of this parabola in the source ates 


(ii) The ellipse ‘B’ -¢=" zal al 27 (s+ 6) «Ee (3) 


which is determined by those trajectories which graze the edge B of the source 
slit nearer to the image point (x’, oe 


(iii) The ellipse ‘A’ -g- 4 ae ae ae) eee (4) 


which is determined by those oe trajectories which graze the edge A of the - 


source slit remote from the image point. 


Zs 


bigeals 


The coordinates of the centre of symmetry of the ellipse ‘A’, which remains 
collapsed in its centre until x’ >s—ad?/8p?, are (—(ad?—4sp*)/4p?, 0, 0) in the 
source frame. For small radii of curvature this centre lies to the left of the 
source (in the sense of fig. 1), and, so long as a>d, which is the case in most 
spectrometers, as p increases moves steadily to the right, passing through the 
origin of the source plane coordinates when p*=ad?/4s._ The centre of symmetry 
of the ellipse ‘B’, which lies 2s to the left of that of ‘A’, remains to the left of 
S throughout. 

Three distinct cases have to be examined, corresponding to p?<, =, >ad?/4s, 
respectively. 


Case 1. p*<ad*/As. 

The diagrams of fig. 2 show the general character of the source domains as 
the image point x’ traverses the X’ axis of the image space. The apex of the 
parabola moves with the same speed as x’. The axes of the ellipses increase 
with x’, but their centres of symmetry remain at rest and their eccentricities 
constant. 
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Source domains of zero, single and double weight are indicated on the 
diagrams. 


Case 2. p*=ad?/4s. 
Figure 3 illustrates the types of source domain encountered here. The 
ellipse ‘A’ does not open until x’ =s/2 in this case. 


Case 3. p*>ad?/4s. 
Figure 4 illustrates the types of source domain encountered with these radii 
of curvature. 


B, ye 
Pp 
8B (5) A 
(5) (6) 8B B 


Fig. 2. p?< ad?/4s. Fig. 3. p?=ad?/4s. Fig. 4. p? >ad?/4s. 
Typical source domains for various image points (see text). Not drawn to scale. 
A, ellipse ‘A’; B, ellipse‘ B’; P, parabola. 

[ji//| source domain of weight 2; [::| weight 1; [_| weight 0. 


In all cases source domains lying between the following limits contribute 
(with single weight) to the intensity of the image point. ‘The overlapping of two 
domains (it is clear, physically, that not more than two domains can overlap) 
automatically gives those regions double weight. 

(i) From the left-hand side of ellipse ‘A’ to the left-hand side of ellipse ‘B’. 

(ii) From the right-hand side of ellipse ‘B’ to the parabola.* 

(iii) From the right-hand side of ellipse ‘ A’ to the parabola.* 

So far our constructions are relevant only to calculations of intensity at image 
points along the X’ axis. ‘To extend the discussion to include points along the 
image lines y’= +c, where c is a constant, it is convenient to regard the source 
as being displaced a distance +c along the 7-axis, and then to consider boundaries 
of the source domains appropriate to points along the X’ axis of the image. 


§ 3. ANALYTIC EXPRESSION FOR THE INTENSITY AT AN IMAGE POINT 
The intensity at an image point may now be written as 
b=2 || Kdédy+ || Kdédy 


where the first term is integrated over the source domain of double weight and 
the second term over the domain of single weight. 


* If x’ >s then the right-hand side of ellipse ‘A’ replaces the parabola in (ii), and 
(iii) does not contribute. 
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Only when n is constant (as is assumed throughout our discussion) and a 
domain extends from a straight line (say €=€') to a parabola may the integration 
be performed analytically. Such a hypothetical domain is illustrated in fig. 5. 

Integration in this case gives 


f=F(@, 93) — Fh) OE eee (5) 
Gv? ie Le Pen \i2 
in which F(v, 9) = = {are sin— A — (1 — alt. 9 (6) 


yi=x'—€', P?=2/n2a and G=n/419(2a)"?. 
Here 7, and 7 represent the 7-coordinates of the edges of the source. 


If the line €=€’ cuts the parabola within the source (as shown in fig. 6) the | 
integrand will not remain real at the limit y2. In such a case 7, is replaced by | 


o/P and [=F 0/P)—F@,m) — ~ | ~ eee (7) 
where F(v, v/P) reduces to 47Gv?/P. 


re 


OE” S 
Fig. 5 (see text). Fig. 6 (see text). Fig. 7 (see text). 


The domain of integration does not usually extend from a straight line to a | 
parabola. In all cases, however, the integral over the correct domain may be — 
obtained by appropriate sums or differences of integrals extending from suitably 
chosen straight lines, or from one or both ellipses, to the parabola, an appropriate 
choice for the limits for 7 being made for the various integrals. An example is 
given below. 

It remains therefore to show how K may be integrated over a region of the 
source extending from an ellipse to a parabola. The integration with respect to & 
may be performed analytically, but an approximate method is required for the 
integration with respect to 7. Simpson’s rule is suitable for this numerical 
integration, since it is accurate for functions with constant third differences, and 
this integrand possesses almost constant second differences. An evaluation 
with three ordinates only gives accuracy to four significant figures. 

For integration from ellipse ‘A’ to the parabola the integral takes the form 

2 


“he Ie 1/2 
1=26 | 1 + 55 —8— P&P F (0.42 — on} iy ee (8) 
1 


in which Q=d/7p and «, =(d/4p?)[a{ad? — 8p?(s—x’)}]1?, which is the minor 
axis of the ellipse in question. 

The negative and positive signs give integrations from the right-hand edge 
and the left-hand edge of the ellipse respectively. 


The Variable-Radius B-Spectrometer 915 


The corresponding integrals will, for brevity, be written as 


ey Ae dand ead Aen Cache (9) 
"1 " 
For integration from ellipse ‘B’ to the parabola s is replaced by —s, and B is 
used in place of A. 
To illustrate the manner in which the intensity at a selected image point may 
be obtained in a practical case, let the source extend from e~ to e* in the €-direction; 
then for the domains illustrated by fig. 7, ® is given by 


NBe- i= 
®=2F(2, 1)— Fl, me) FO ma)+ |” Badnt | Andy 
where v?=x'—e-. : 

Other cases may be evaluated in a similar fashion when the shape of the 
domains over which the integration is to be performed has been established. 
Thus, eventually, the variation in intensity ® with y’ at each value of x’ used 
may be plotted, giving a distribution symmetrical about the line y’ =0, when the 
source is also symmetrical about 7=0. 

If one of these curves is integrated with respect to y’ between the limits 
+l and —I/ (where 2/ is the length of the counter window) the intensity over a 
narrow strip of width dx’ and length 2/ for a fixed value of x’ is obtained. ‘This is, 
in effect, the solid angle (dQ/dx’) dx’, expressed as a fraction of 47, subtended 
by the strip 2/dx’ at the source, for electrons of momentum p where p=pc/He 
(p being the radius of the trajectory in a plane at right angles to the magnetic 
field H). 

The integration may be carried out by a suitable adaptation of Hardy’s ‘37’ 
numerical integration formula. 

The line profile S(x’) may now be found by numerical integration. If 2w is 
the width of the counter window we have 


av +w 
S(e')= | ¥ (=) dx. 


§4. AN APPROXIMATE METHOD FOR FINDING THE LINE PROFILE 


The arithmetical work involved in the calculation of the line profile by the 
method outlined is lengthy, and for many purposes a less exact but more rapid 
method is desirable. ‘The variation in intensity along lines parallel to the 
X’ axis of the image coordinates follows the same general shape for all values 
of y’ used in practical cases. ‘Thus the change in shape of a single member of 
this set of curves is sufficient to indicate the effect on solid angle and on resolution 
produced by a change in the geometry of the spectrometer. Attention will 
therefore be paid to the approximate determination of the intensity distribution 
along the X’ axis only. 

The following simplifications will then be made: (1) it will be assumed that 
the function K remains sensibly constant for all points of the source, (11) the 
curvature of the ellipses and of the parabola over the area of the source will be 
neglected. 

The first assumption implies that the intensity at an image point (x’, 0) is 
now determined simply by the areas of the domains in the source, suitably 
weighted. The second assumption implies that, since the source is assumed to 
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be rectangular in shape, the areas of the domains are proportional to the distances 
between the straight lines in the source plane which now replace the parabola 
and the ellipses. Clearly this second assumption will not apply to those cases 
in which p2~ad?/4s, for then the centre of ellipse ‘A’ will lie in, or near, the 
source. The centre of symmetry of this ellipse is at €=s(r—1)/r and the ellipse 
is real for «’>s(2r—1)/2r, where r=4sp?/ad?. 

A diagram is constructed with axes é and x’, as illustrated in fig. 8 (a). The 
lines = +e indicate the extent of the source in the €-direction. The movement | 
of the apex of the parabola through the source, corresponding to motion of the 
point x’ along the X’ axis of the image, is obtained by setting 7 =0 in eqn. (2), 
giving the line x’=€. This line is marked PP’. 


‘\. Approxi 
\ Ie shape 


. 
More exact D> 
\ 


‘ 
‘ 
’ 
' 
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' 
' 
' 
' 
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1 
i} 
line shape~ i 
| 
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(b) x’ cm 


Fig. 8. (a) see text. (b) comparison of line shape given by the rapid approximate method 
with that obtained by the more exact method of §§ 2 and 3. 


The movement of the extremity of the minor axis of the ellipse ‘A’ is given 
by putting 7=0 into eqn. (4), which becomes 


2p* : 
% =e caya eh. ete (10) 


On the (x’, €) diagram this is a parabola. 

The ellipse ‘B’ gives a second parabola (with s replaced by —s), inter- 
secting the first on the x’ axis at x’ =2ps?/ad® (denoted by C). | 

These parabolae are marked ACA’ and BCB’ respectively. Their curvature 
is small, and they may usually be replaced by pairs of straight lines, AC and CA’ 
and BC and CB’, the «’-coordinates of A and A’ being obtained by solving eqn. (10), 
with €= +e; similarly for B and B’. 

From this diagram the desired variation with x’ in the width of the source 
domains may be obtained immediately, since the effective areas of the source 


j 
: 
: 
| 
. 
| 
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are proportional to the separations of the lines in the é-direction. The shading 
indicates regions of double and single weight. Hence the intensity corresponding 
to the point D, say, is proportional to €, + 2é, as shown in the figure. 

The approximate variation in intensity with x’ obtained in this way is shown 
in fig. 8(b), along with the curve obtained by the method of §§2 and 3 for 
comparison. ‘lhe more exact curve has been normalized to the height of the 
approximate curve. 

The approximate method will be seen to give directly a close approximation 
to the spread of intensity along the X’ axis, but the intensity itself is not given 
absolutely. 

For sources which lie in the (€, 7) plane, relative intensities, at various radii, 
may be obtained by the approximate method by multiplying the ordinates by 1/p, 
since the solid angle is, to a first approximation, proportional to 1/p. 

Sources set at an emission angle @ to the (€, 7) plane may be similarly treated 
by projecting the source on to this plane at the angle made with the plane by 
that electron trajectory which leaves the centre of the source and, passing 
through the origin of the source slit plane coordinates, arrives at the origin of 
the image plane coordinates. Then when 2e is the projected width of such a 
source, the normalizing factor is replaced by 1/ep. 

The absolute intensity may always be obtained by calculating the value of 
the intensity at a single image point by the method of §§2 and 3. 


§ 5. GENERAL REMARKS ON THE SPECTROMETER DESIGN 


It is well known that the solid angle for collection of electrons in this type of 
spectrometer diminishes as the radius of curvature employed increases. On the 
other hand, the resolving power, defined for a constant field spectrometer as 
p/Ap, increases with p, but the rate of increase with p is less than linear. 

In the example given it is clear that the whole source is not occupied by a 
domain of double weight for any image point. This condition is characterized 
by the flat top to the intensity distribution along the X’ axis of the image, caused 
by the movement, through a relatively broad source, of a narrow domain of double 
weight. An immediate increase in solid angle may therefore be effected by 
increasing the width of the source slit to make the «’ coordinate of B (fig. 8 (a)) 
coincide with that of P’.. The whole source then will contribute with double 
weight to the intensity of the image point in question at the radius of curvature 
chosen. The appropriate width of the source slit, given by solving eqn. (3) 
for s, with 7 =0, x’ =e and = —e, is then 


= < (ae) ate (11) 


At radii larger than that for which this condition applies it is found that the 
intensity distribution along the X’ axis of the image will again possess a flat top. 
The domain of double weight is now broader than the source. Resolving power 
is reduced, with no compensating improvement in solid angle. It is therefore 
advantageous to apply condition (11) to the case in which p is large; then at 
smaller radii the solid angle is rather less than the optimum value, but a 
compensating increase in resolving power 1s effected. 

The approximate method outlined may be used to illustrate the variation 
in resolving power and in the solid angle with the position of the source. When 
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the source is displaced towards the image by half its width (so that one edge 
now lies along the 7 axis of the source-space) the optimum source-slit width 
becomes 


Se uP hea: we (12) 
p 
whereas displacement of the source away from the image by an equal amount 
leads to ] 
Si (ACE tie ee ee (13) 
p 


for the optimum source-slit width. 

A detailed examination of these cases shows that the former source position 
gives increased solid angle, but smaller resolving power, whereas the latter gives 
a higher degree of resolution with a smaller solid angle; moreover this source 
position leads to an undesirable ‘tail’ on the low-energy side of the line profile. 

The choice of the width of the counter slit is a matter of compromise, since the 
spread of the line profile increases considerably with p, the increase being more 
rapid as the source is displaced towards the image. ‘The criterion adopted by us is 
that the width of the slit should be equal to the width of the distribution in intensity 
along the X’ axis at half the maximum height. ‘The tendency then will be to 
obtain a detector slit rather narrower than the optimum width, since the spread in 
the line profile is rather greater than that in the distribution along the X’ axis, but 
this additional spread is small when compared with the changes in the half-width 
of the X’ axis distribution with p._ For all source positions the point on the line 
profile which is representative of the radius p is given when x’ =0. 


§6. Tur B-Ray ContTINvous SPECTRUM 


Experimental observations of a 8-ray continuous spectrum yield data in which 
the counting rate is given as a function of a, the distance of the centre line of the 
counter slit from that of the source slit. Corresponding to each value of a, the 
value of p may be calculated, and from the field H the Hp-value correspon to 
each detector setting may be deduced. 

Only f-particles of a limited range of Hp-values are focused by one field setting, 
and a complete mapping of the continuous spectrum usually involves several plots 
taken at different values of H so chosen that the Hp-values of adjacent plots overlap. 

For a given setting of the counter a very close approximation to the transmission 
factor, defined as the variation with momentum # of the probability of an electron 
entering the counter, is given by the line shape now plotted against p instead of a. 
This was shown to be the case by Lawson and Tyler (1940) for a spectrometer 
in which the source and the counter slit were coplanar, and remains true for 
this type of spectrometer since a is very nearly proportional to p over the small 
momentum range involved. 

The counting rate at a given counter setting is the product of the area enclosed 
by the transmission factor curve and the rate at which electrons leave the source. 

To obtain a true representation of that portion of amomentum spectrum which 
can be examined by movement of the counter at a fixed setting of the magnetic 
field, it is clear that the area enclosed by the transmission factor curves at various 
radii must be made constant by multiplication by an approximate factor dependent 
on p. ‘This factor, by which the counting rate must be multiplied for normaliz- 
ation, will be referred to as the p-factor. 'To extend the normalization to different 


EE 
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settings of the field, the observed counting rate, adjusted for variation of the trans - 
mission factor with p, must be divided by the magnetic field strength H as shown by 
Gurney (1925). 

It has been shown by Lawson and ‘Tyler (1940) that the ‘representative’ 
momentum of the distribution which enters the counter window at any particular 
setting is given by the abscissa of the centroid of the momentum distribution. It 
will be noted that this representative point differs from that of a conversion line. 


§7, DETERMINATION OF THE p-FACTOR 


The arithmetical labour involved in the calculation of the p-factor by the more 
accurate method of §§2 and 3 is prohibitive. Moreover, appropriate allowance 
cannot be made theoretically for such factors as the finite thickness (and fixed bevel) 
of the counter slit, which introduces scattering and absorption effects which are 
increasingly important for narrow slits. An experimental determination is there- 
fore desirable and the following methods are available. 

(i) The method outlined by Feather, Kyles and Pringle (1948) in which the 
counting rates are observed at a specific Hp-value, chosen on a portion of a 
momentum spectrum of minimum slope, focused at different radii in different 
fields. 

(ii) By observing the area enclosed by a given conversion electron line, again 
focused at different radii, and determining the factor necessary to make the areas 
constant. 

(iii) By comparison of the spectrum observed for a given field setting with the 
same spectrum observed by other methods. Either a spectrum which has been 
well established using other types of spectrometer is required or a spectrum taken 
by using this spectrometer as a fixed radius instrument. 


§ 8. THE CoRRECT REPRESENTATION OF CONVERSION LINES 


It can be shown that the method for normalizing the continuous spectrum 
is equally applicable to conversion lines provided that the conversion lines are 
plotted on the same momentum scale as that adopted for the continuous spectrum. 
The ratio of the area of a conversion line to that under the continuous spectrum 
gives the absolute intensity of the line. A detailed discussion of this, and allied 
topics, has been given by one of us (Campbell 1952). 


§9. THE ADVANTAGES AND DISADVANTAGES OF THE VARIABLE-RADIUS 
SPECTROMETER 


The following appear to be the only disadvantages of this type of spectrometer: 


1. The solid angle, for a given resolution, compares unfavourably with that 
of a magnetic lens spectrometer. 

2. Difficulty is experienced in screening the detector from unwanted 
y-radiations, but in some cases this can be offset by the use of the proportional 
properties of scintillation counters. 

3. An elaborate baffle-system to avoid counting scattered electrons cannot 
be incorporated. 

4. The determination of the p-factors involves considerable experimental 
work. 

5. Asmall uniformly activated rectangular source is required, the construction 
of which presents difficulties in some cases. 
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The advantages are: 

1. A permanent magnet can be employed to provide a steady magnetic field 
over long periods. This field can be measured very accurately at leisure, and its 
use enables different sources to be studied under identical field conditions. ‘This 
is convenient when direct comparison with standard sources is in question. 

2. The resolution can be changed very rapidly by adjusting the widths of the 
source slit and the counter slit. 

3. Comparison of the p-factors obtained by use of methods (1) and (11) of §7 
gives an indication of the scattering from the vacuum box walls and baffles 
present, since scattered electrons will distort the continuous spectrum while 
leaving the line shape practically unchanged. (‘This is not strictly an advantage 
but, if the comparison is satisfactory, disadvantage 3 above is proved to be trivial.) 
The close agreement, shown in fig. 9, indicates that scattering is unimportant 
with our arrangement. 

A further check on this point is obtained if, after normalization, a good fit 
results for the overlapping portions of a spectrum obtained at different field 
settings. (The ratio of the scattered to the continuous spectrum electrons will 
not be independent of p.) 


© Method (i) $7, for Hp of 2373 gauss cm 

} Met hod(ii), for line at Ha of 2474 gauss cm in ‘Slr 
—— —S ——_—___L 

3 4 S 6 

picm) 


Fig. 9. p-factor employed for a given geometry. 


4. Line shapes can be studied in detail due to the very small increments in p 
which can be obtained with great accuracy. Again, if agreement is found between 
the theoretical and experimental line shapes, it can be concluded that the 
assumed geometrical width of the counter slit is the effective width, and scattering 
is unimportant. 

5. The change over to a photographic method for determining the line 
positions is very simple. 
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The Design and Construction-of a 1000kw Water Cooled Solenoid 
intended for Experiments on Nuclear Alignment and Adiabatic 
Nuclear Demagnetization 


By J. M. DANIELS * 
Clarendon Laboratory, Oxford 


MS. received 22nd Fune 1953 


Abstract. Details are given of the design, construction and performance of 
a water-cooled solenoid which develops 500000e over a volume some 
3 in. diameter x 2 in. long, for a continuous input of 1000 kw. ‘The solenoid 
contains no iron or other ferromagnetic material, and has a disposition of 
windings to produce the special field distribution required for two-stage 
adiabetic demagnetization. 


$1. INTRODUCTION 


s part of a long-term programme of research into nuclear paramagnetism 
at the Clarendon Laboratory, it was decided to attempt experiments 
on the alignment of nuclei in a large external field, and on adiabatic 

nuclear demagnetization. Both these projects require that a nuclear para- 
magnetic should be magnetized to, say, 20% or so of its saturation magnetization 
at least. Because nuclear magnetic moments are of the order of 10-3 times that 
of the electron, values of H/T are required which are some 10* times as 
large as those needed to magnetize appreciably an electron paramagnetic. 
Further, the field must be applied continuously, so that the heat of magnetization 
can be removed. This problem has been discussed at length by various authors, 
e.g. Simon (1939). 

A simple calculation shows that, for a typical case, a field of 70000 Oe at a 
temperature of 0-01°K is barely sufficient; and both this field and _ this 
temperature are near the limit of present achievement. ‘The heat sink at 
10-* deg kK to which the heat of nuclear magnetization flows can be produced 
only by adiabatic demagnetization, and must therefore be situated in a region 
of small or zero field. ‘The heat of magnetization must therefore be transferred 
to it by conduction, hence the distance between the nuclear paramagnetic and 
the heat sink should not be inconveniently large. 

It was decided, for reasons not entirely connected with the experiment 
itself, to produce this field with an air-cored water-cooled solenoid containing 
no ferromagnetic material. ‘The first problem is, therefore, to find a disposition 
of windings which will produce a large field in one place; and, in another region 
some 6 cm long situated some 20 cm or so from the point of maximum field, 
the field is to be uniformly zero (i.e. H and dH/dz both zero). 


§2. FORMULAE FOR THE FIELD PRODUCED BY SOLENOIDS OF VARIOUS SHAPES 


Although the calculation of the field and its derivatives at any point on the 
axis of a solenoid is straightforward, it is nevertheless tedious, and the author 
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knows no publication where these formulae are derived and collected together. 
Since they are required in the design of the solenoid, they are derived and quoted 
here. 

Firstly we shall ignore the fact that a solenoid is wound with discrete wires, 
and consider that there is a uniform current density flowing in the winding 
space in the direction of the individual conductors. ‘Take cylindrical polar 
coordinates (7, 0, z), the z axis being the axis of symmetry of the solenoid, and 
plane z=0 being the plane of symmetry of the solenoid. 

Referring to fig. 1, which shows a section through a thick solenoid with 
rectangular section winding space, we shall often use the following reduced 
system of measurements: 


Be r ds b 
at —— (9 Ae =. 
ay 5) p a, ? ay ? ay 
a and a, are respectively the inner and outer radius of the winding space, and 
2b is its length. 


~— b+. — 5 —_» 


Bigel: 
The field at a point P (0, 0, z) on the axis of a loop of wire, radius 7, carrying 
a current 7 e.m.u. is, by Ampére’s rule, 
2nrt 2nt 
H= (P+ 22 — a,(1+ 232 at |) OR gern Rea ae (1) 
By symmetry, the direction of H is along the axis. 
Integrating this formula with respect to 7, we then obtain the following: 
For an annular coil (i.e. 8B =0, « 40) (a ‘ pancake’) 


see Bilt, ptixt | od 1 
H=2n0 | sinh pre sy ai (a2 4 Cet =r ase | Si ake (2) 


Eo E oy ¢ 2 3) #s oc) | vi Shree ence (2a) 


where o is the surface current density in e.m.u. cm~ flowing in the plane annulus. 
From this it follows that 


OH _ Es a8/l 
ra =2n0 la + @RR = ai BR | Rjieieke iis (3) 
pile Pie hime Wi . 

a0 age eo | A cra TE) oe | 


For an ordinary single layer solenoid («=1, B40) integration with respect to z | 


gives rarities: B+ 
nee l axeapaet sor See ‘a (5) 
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whence, for a thick solenoid, by a again with respect to r, we get 


é 1 1 
(Baebes | (6) 
+(B+4) sinh a —sinh-1 att | 


where 7 is the current density (supposed uniform) in e.m.u. cm? flowing in 
the winding space. ‘The expression for H has branch points at €= +f and 
different branches of the function are relevant in the different regions. In what 
follows, we will impose the restriction ¢>0 for simplicity. 

For €=8 (i.e. at the branch point), 


H=4nrra,B sink 2p — sinh 5 | see kee (6a) 
Differentiating we have 
0H ee ee a Gi pa shy Fy gO ere iat hay hk 
a 27a, | sinh [B—" sinh [BI + sinh [P+El sinh [B+el 
«/(|B—¢]) 1/(|B—6]) 
Y (T+ o(B-OPPe + /(B—OF 
eS a/(B +6) 1/(B + $) ] (7) 
(T+o/G+Orre TOGO 
Numerical evaluation of this formula is facilitated if use is made of the fact that 
pea (pt ee i eRe RSC Y) 
Treo a8 (sah gr) 
and similarly for the other three pairs of terms. Differentiating again, 
ieee me cieals | ees 
oc? +| * [i+ (1/(B— OPP * 1+ /(B-OP 
nO epee alee am 
PPAR) IPA ie seo Bo) Bee Se ae 


taking the upper signs if ¢<f and the lower signs if >. In particular, if €=0, 
oH & ries 0.3/4 
(=) he =4rra, Presi. = asaHaTm | oy eM Pee eer. (9) 


$3. CALCULATION OF THE DISPOSITION OF WINDINGS FOR THE SOLENOID 


Referring to fig. 2 it seemed possible that if an annular coil B were connected 
in opposition to the main field producing coil A, the field at P could be arranged 
to have both zero slope and zero curvature. A gapped solenoid C of the type 
described in a previous publication (Daniels 1950) could be connected to a 
separate generator and fed with current to neutralize the field at P. The field 
near P would then have zero slope and zero curvature and hence be reasonably 
uniform. (Its expansion about P would be as 2°.) 
~ The field H is the sum of the field H, produced by coil A and the field H;, 
produced by coil B. If we arrange that 


0H,\ fellg Glig\ oe) 
(52),- (Ge Si 4 (Fe melas =f 


3Q-2 
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reversing the current in B will then give a resultant field at P of the type desired. 
Coil A is first designed to produce the field required at O, and to be reasonably 
efficient as described by Daniels (1950), Cockcroft (1928). If 8 is made rather 
less than 2, there is not much loss of efficiency, but a considerable reduction of 
the stray field at P. If it is not necessary to have a very homogeneous field at O, 
B can be made as small as 1 with advantage. Next calculate the first and second 
derivatives of H, at P, using eqns. (7) and (8), and write K=(0H,/0z)p, 
L=(H,/02?)p. Then, for coil B, substituting in eqns. (3) and (4), we have 


(2) _ 2n0 a,/% a a,/z ait aa |- Kk 
Oz (i+ 22/02)? («2 +22/a,2)7? de 
(ete) Some esate eae ee 

O22 Jp a La? (ite /2a2)? (14+ 22/a,2)5? 


‘These equations must be solved simultaneously, and the variables are o the surface 
current density in the annular coil B, a, the inside radius of B, z the distance of P 
from the centre of B, and «. 


Any two of these can be chosen arbitrarily. In general ¢ depends on the 
sizes of conductor available, and hence is not continuously variable. It is also 
limited by the amount of power which it is permissible to dissipate in B, and, 
in general, should be as small as possible. 2, a, and « are limited by geometrical 
considerations. 

In order to solve eqns. (10) with a minimum of effort, a certain amount of 
intelligent guesswork is desirable, and one method is as follows. Put 
z=, sinh 0=«a, sinh ¢. ‘Then «=sinh @/sinh ¢, 6=sinh1s/a,, ¢=sinh-13/aa,. 
Equations (10) can then be written: 


pela [ 1 1 ae o 

sinh@ | cosh? @ — cosh? d ] a 2no0 

4sinh? +1 4sinh2@4+1] aL regs ap 
ne 6 | cosh'd | cosh 6 | ~ Ono" | 


Eliminate o; then Z 


cosh >¢—cosh*6 | (aL , 
cosh-*6—cosh-°6 =4 (Sesion +4) Spey 


or cosh’ ¢— P cosh"? 6+(P cosh-3 §—cosh-> 6)=0. ...... (12) 


A 1000 kw Water Cooled Solenoid 925 


This equation, which is of degree 5 in 1/cosh 4, can be solved by one of the 
many numerical methods available. ‘The procedure is, then, as follows: 

Fix = and choose some value of a, which inspection of eqns. (10) suggests 
might be reasonable. ‘This gives a value of @ and enables eqn. (12) to be written 
down with numerical coefficients. Solve eqn. (12) to get the appropriate 
value of ¢, from which the corresponding values of « and o are calculated. The 
process is repeated for a few different values of a, and graphs are drawn of « and 
against a,. From these graphs a suitable set of values of a,, « and o is chosen. 
If no suitable set of values is obtainable the procedure may be repeated with a 
different value of z. The field distribution is finally checked by direct calculation 
using eqns. (2) and (6). 


§4. CONSTRUCTION 


The solenoid was designed according to the method described in the previous 
section. ‘The mode of construction is very similar to that for the 100 kw 
water-cooled solenoid described by Daniels (1950), but modifications were 
necessary to make it more robust. 

Coil A consists of six pancake coils wound with 3 in. x 16 s.w.g. copper strip, 
insulated by wrapping a nylon filament of diameter 0-2 mm round it with a pitch of 
about 2mm. ‘The inside radius of the windings is 4:5 cm, the outside radius 
11-25 cm, and the length 10-5 cm. ‘The centre of coil B is 14cm distant from the 
centre of coilA. For coil B, two copper strips 1 in. x 21 s.w.g., one insulated with 
nylon of diameter 0-2 mm and the other with nylon of diameter 0-3 mm, are wound 
in parallel. This is to obtain the correct value of the current density in coil B while 
it carries all the current from coil A. The inner radius of coil B is 6 cm, and 
the outer radius 11-44cm; the total number of turns of each strip is 20}. 
Coil C consists of four pancake coils of 3 in. x 21 s.w.g. copper strip insulated 
with nylon of diameter 0-3 mm. The inner radius is 4-5 cm, and the outer 
radius 11-25cm. ‘There is a ‘uniformizing’ gap of 3-08 cm in the centre, and 
the total length of the windings is 10-8 cm. ‘The centre of coil C is 21 cm from 
the centre of coil A. The direction of winding of the coils is such that, when all 
the coils are energized for use, the outside of coil B, and the outside of the pancake 
of coil C nearest to coil B, are both at earth potential. Coil B is connected 
permanently in series opposition with coil A. The windings as originally 
constructed are shown in the photograph, fig. 3. 

The pancake coils are wound round central brass rings, as for the 100 kw coil 
(Daniels 1950), but in this case the rings are 4 in. thick. No trouble has been 
experienced with these rings. ‘The central brass tube, which runs through the 
windings and forms part of the water jacket, has 3 in. inside diameter and % in. 
wall thickness. It was coated with polythene by being first warmed, and then 
wrapped with polythene sheet which melted and adhered. Three or four layers 
were put on in this way; and after the polythene had cooled it was turned down 
to the desired diameter. 

The external bands which secure the outside of the pancake coils and which 
form the electrical connections between pairs of pancakes were originally a 
more robust version of the type used on the 100 kw solenoid, and can be seen in 
fig. 3. Those on coil C burned out at the screw clip twice on the first two 
occasions when this coil was tested at high power; we have not yet succeeded in 
explaining this, but we have replaced them with a new type of outer securing 
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band. ‘This consists of a copper cylinder of about 4 in. wall thickness turned 
to the correct size; the pancakes are pressed into it from either end. The inside 
of the ring is recessed to take the ends of the spokes of the Tufnol spacer. ‘This 
type of connector has been found to be quite reliable. 

The thick spacers filling up large gaps between the various pancakes were 
fabricated out of Tufnol sheet, as shown in fig. 3. Although these have been 
quite satisfactory on the whole, those in the central gap of coil C collapsed under 
the influence of electromagnetic forces while this coil was run at high power. 
The central portions of the spokes were found to have twisted and sheared off 
from the ends. These have been replaced by spokes of ‘frequentite’ (a ceramic), 
deeply recessed in the outer copper ring, and are now found to be quite 
satisfactory. 

The outer case was cast in ‘Hidumidium’—a light alloy of high tensile 
strength—3 in. thick, and the water manifolds were cast integral with the casing. 
A thick casing like this is desirable, because the force on the ends due to water 


Fig. 3. Windings of the solenoid. Fig. 4. Exterior view of the solenoid. 


pressure at 120 lb in can be as much as 8 tons, and the force of repulsion of 
coils B and C by coil A when carrying the full working current (5000) is 
estimated to be of the order of 5 tons. Adequate water manifolds are needed 
to cut down unnecessary resistance to the flow of cooling water, and these are 
most conveniently cast integral with the casing. ‘The casing is cast in four 
parts—two lids and two cylindrical portions—and each part serves as a terminal. 
The joints in the casing are insulated with } in. rubber gaskets, and the bolts 
holding the various parts together are insulated with Tufnol bushes. We have 
found that it is desirable that the rubber gaskets should project about } in. beyond 
the outside of the casing, and that the bolt heads should similarly be insulated 
with large polythene ‘skirts’, or be totally enclosed. This is a precaution 
against arcing. 

The coil was mounted on a wheeled carriage, and moves vertically guided by 
three pillars and counterbalanced with lead weights. Figure 4 is a view of the 
completed coil on its carriage. 
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$5, PERFORMANCE 
5.1. Tests at Low Power 


The field at various points on the axis of the solenoid, and its homogeneity, 
have been measured using search coils and a ballistic galvanometer. In order to 
measure small differences in field, two identical search coils mounted with 
adjustable separation on the same holder were connected in opposition in series 
with a ballistic galvanometer. ‘The field of coil C was found to be quite uniform, 
as was calculated. The combined field of coils A and B near the centre of coil C, 
although of the correct magnitude, is not as uniform as was hoped. A graph of 
field as a function of distance is given in fig. 5. Despite its slope, there is still a 
region some 5 cm long where the field can be reduced to less than 100 Oe while 
the solenoid is fully energized, and this is good enough for the experiments 
envisaged. 


o Experimental values 
—— Calculated values 


Field of Coils AandB (arbitrary units) 
3 


° 
a 


+5 
Distance from Centre of Coil C (cm) 


' 
uw 
o 


Fig.5. Observed and calculated values of the field near the centre of coil C due to current 
flowing in coils A and B. 


5.2. Tests at High Power 


Measurements of field have been made at various places for various currents. 


The field at the centre of coil C is found to be 14.000 Oe per 1000 a in C; and the 


_ field at the centre of coil A is found to be 14900 Oe per 1000 4 in A. Both these 


are very close to the calculated values, and would give 56000 Oe and 74000 Oe 
for the maximum currents of 4000 a and 5000 a which it is intended shall be 
supplied to each coil. 

The coil is cooled by a forced circulation of water at 200 gallons per minute. 
The water was specially purified by the Permutit Deminrolit process in order 
to avoid electrolytic corrosion; its conductivity is about 2 reciprocal megohms per 
centimetre cube. Although the coil is intended eventually to dissipate 2000 kw 
continuously, it has been used only for powers up to 1000 kw. ‘This is because 
the cooling water installation is not yet complete. By simultaneous measurements 
of current and voltage in the coil during running, one can calculate both the power 
input and the resistance of the coil. From the resistance of the windings, it is 
possible to find their average temperature, and hence to obtain information about 
the heat transfer from the windings to the cooling water. It is found that the 
greatest temperature drop occurs in the boundary layer between the copper and 
the water, and that this is of the order of 40°c with an input power of 1000 kw. 
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Abstract. In this paper a discussion is presented of the determination of the mass 
of wear fragments using autoradiographic techniques. ‘The size distribution of 
copper wear fragments transferred during sliding on mild steel is measured experi- 
mentally, and using these data the size distribution of the metallic junctions is 
calculated. An estimate is presented of the effect on the junctions of an increase of 
load, and it is shown that the size of the largest junctions, and hence the mass of the 
largest wear particles, varies much less than does the appliedload. In experiments 
of mild steel sliding on copper carried out to confirm these calculations, the mass of 
the largest fragments was found to vary approximately as the 0-3 power of the load. 


§ 1. INTRODUCTION 


ANY experiments have shown that, when metal surfaces are slid over 
M each other, fragments of one are transferred to the other (Bowden and 
Tabor 1950). A most convenient way of studying the phenomenon in 
detail consists of making one of the sliding surfaces radioactive and, after sliding, 
studying the transfer of radioactivity to the other by means of a photographic film 
placed on the surface (Rabinowicz and Tabor 1951). Each fragment then gives 
rise to a circular blackened region on the photographic film (fig. 1, Plate). 
This article will describe in detail the measurement of the size of the fragments 
and discuss the data obtained in some typical sliding experiments in the light of 
recent theories of the wear process. 


§2. MEASUREMENT OF MAss OF FRAGMENTS 


Toa first approximation the radioactive fragment situated near the photographic 
film may be regarded as a point source touching the film which is assumed to have 
zero thickness. In this case the radioactive intensity / at any point on the film will 
be proportional to the mass m of the fragment and inversely proportional to the 
square of its distance x from the fragment. 


Thus mse vce Sy Wie wt fa, he bee (1) 
where k is a constant. 

In practice a number of factors are present which produce complications, 
namely finite size of fragment, finite distance of fragment from the film, and finite 
thickness of the film. ‘These will produce a geometric effect and also scattering and 
shielding of the radiation. Using the f- and y-rays of this investigation the latter 
effects are small and have been neglected. ‘The geometrical correction can be 
stated with sufficient accuracy in terms of a parameter t which is essentially the 
distance from the centre of gravity of the fragment to the centre of the film. 
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In our experiments, t was a distance of the order of several times 10? cm. 

Figure 2 represents an autoradiograph of three fragments of different size. 
Since the response curve of a photographic film is essentially logarithmic, the 
intensities have also been plotted logarithmically. | It will be seen that the centre 
of each of the larger circles is black, there is an intermediate grey region in which the 
intensity gradually falls off, and eventually a white region in which the radioactive 
blackening is little greater than the background fogging. In the case of the smaller 
fragments the centre black region is absent. 

In taking quantitative measurements, it is convenient to produce the images of 
high contrast so as to make the grey intermediate region as small as possible. When 
this is done, it becomes possible to measure the diameter d of each region, namely 
the circle inside which the blackening exceeds some definite arbitrarily chosen 
shade of grey, with fair precision. Figure 2 shows that in the case of the larger 
images, the diameters d, and d, so measured are very nearly as great as would be 
given by the ideal formula of eqn. (1) (shown as the broken curve), but in the case 
of the smaller image the measured diameter d, is far too small. 


Then 


Fig. 2. Autoradiographic appearance of three fragments of different size together with the 
actual (full line) and idealized (broken line) intensity of blackening. 


Since the intensities at the outside of the black image are equal, we have for the 
larger fragments 


I=4km,/d,?, I=4km,/d,*, ‘therefore: mn,/m,=a7/do"0 eceee (3) 

In our experiments an enlarged negative was taken of the original autoradio- 
graph, and, further enlarged, highly contrasty positives were obtained. By varying 
the exposure times during printing the size of the various circles could readily be 
varied, and all fragments were measured under conditions in which deviations 
from the inverse square law were not serious. The limit to the measurement of 
still smaller fragments was placed by the stray background and by the presence of 
radiation from nearby large fragments. 

Since only the ratio of the masses of the fragments is obtained by this pro- 
cedure, the measurements of radioactive intensity are only relative. "Two separate 
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methods were used to obtain the actual masses of the larger fragments. In the first 
the blackening produced by the fragment was compared with that produced by 
a thin foil of known thickness of the same metal. By simple geometry it can easily 
be shown that if the intensity at a radius x, from the centre of the fragment is equal 
to the (uniform) intensity produced by the foil under the same conditions, then 

MPO ks Fee oe eae es (4) 
where / is the thickness of the foil and p the density of the metal. 

Alternatively the length and width of the fragment were measured under the 
microscope, the height of the fragment was taken to be equal to half the width, and 
the volume calculated assuming the fragment to be half an ellipsoid of revolution. 
In the present case these two methods gave values differing by 30% and an 
average was adopted. Previous measurements (Rabinowicz 1951) had shown that 
over a wide range of size the mass of the fragments was proportional to the 3/2 power 
of their projected area, and this result, suggesting that the wear mechanism is the 
same for all fragments irrespective of size, has determined the choice of the wear 
model to be considered later. 
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Fig. 3. The size distribution of copper Fig. 4. Plot of the relative importance of the 


fragments. The full line shows the size-groups of wear particles shown in fig. 3 
measured number of fragments, the as a percentage of the total mass of wear. 
broken line takes into account the 

number hidden by the presence of 

nearby fragments. 


§ 3. Size DIsTRIBUTION OF FRAGMENTS 


Sliding experiments were carried out using clean, radioactive copper 
containing some of the isotope “Cu on mild steel at a load of 2000 g and a speed 
of 0:01 cemsec~4, and the size of the fragments was measured along 1cm of the 
track. The data obtained from the black circles of fig. 1 and similar photographs 
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are shown in fig. 3 in which the number of fragments is plotted as a function 
of their mass. Each column covers a mass range of a factor of 107. In the 
case of the lighter fragments, complications were caused by the fact that only 
those fragments that were a considerable distance from the nearest large fragment 
could be observed. However, a correction was applied by assuming a random 
distribution of the fragments and estimating the number shielded by the larger 
fragments. 

It will be seen that the smaller fragments are by far the most numerous. 
However, most of the mass of transferred material is actually contained in the 
larger fragments. Figure 4, obtained by multiplying each column in fig. 3 by 
its average mass, shows the percentage of the total transfer contained in each 
column, it being assumed that the end of the curve corresponding to those 
fragments too small to be observed ‘tails off’ smoothly. That these very small 
fragments do in fact contribute little to the total wear is seen by examination of 
the original autoradiograph. If the track consisted of a dense continuous 
background with here and there circular regions of greater blackness, we would 
assume that the fragments too small to be resolved contained most of the mass 
of transferred material and that the bigger fragments were less important. In fact 
the track is quite clear in the regions between the larger fragments, and this 
suggests that the very small fragments contain less than 20% of the total 
transferred material and perhaps as little as 10%. 


§4. S1zE DISTRIBUTION OF JUNCTIONS 


Using the reasoning of Archard (1953), it is possible to calculate, from the 
size distribution of the fragments, the size distribution of the metallic junctions 
whose shearing gave rise to these fragments. It will be assumed that circular 
metallic junctions of diameter a are formed, and that they are in effective contact 
for a distance a. At the instant that a junction is broken, it is assumed that a 
junction of the same size has just been created elsewhere on the area in sliding 
contact. ‘There is a constant probability K (independent of a) that a fragment 
will be produced from any junction, and if it is produced it is assumed to be a 
hemisphere of diameter a. 

Consider the series of junctions of size a,. Let there be m of them present 
at any instant. Then n/a, junctions will be made and broken when moving 
through lcm, and Kn/a, fragments will be produced. Each fragment has a 
mass 7pa,*/12, and thus the total mass AZ is given by 
Kn mpa,>—- mpa,?Kn 
a3 io (5) 

Now at any instant the total area AA due to this series of junctions will be 
mna,"/4, and this will support a load AL where 


AL=piNA=qnap/4-u 9 ois, LE aac (6) 


p being the flow pressure of the softer metal as used in the well-known plastic 
flow condition L=pA. 


AZ = 


SWART HG 
Hence AL = 3p Ai i Ot Pes oio6 (7) 
and summing for all sizes of junctions we get 
Ze ple 


Te ——— 3p ° eee cee (8) 
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To derive from the size distribution of fragments a size distribution of 
junctions, we use the formula 


No. of junctions at any instant =” — a 
No. of fragments on sliding lem nK/a  K’ 


K can readily be calculated from eqn. (8). One modification should be made 
to the reasoning of Archard, who took p as the bulk hardness of the metal. 
There is evidence (Moore 1948, Rabinowicz 1953) that even for surfaces in 
localized contact there is a considerable difference between the real and the 
apparent areas of contact, the latter being greater by a factor of about 3, due to 
localized work-hardening at the asperities and to the increased strength of small 
regions of a metal. Hence we shall take the real value of p for the copper specimen 
as being three times the value given by the Vickers hardness test, namely 285 


1 rather than 95 x 10° gem”. 


; 
: 
| 
| 
; 


Wsing therdata D=2x10°2, Z=10 *gcm 4, p=9, we get K=5-x 10-3. 
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O!IAMETER OF JUNCTIONS 


Fig. 5. Size distribution of metallic junctions calculated from the data of fig. 3. 


Figure 5 shows the size distribution of the junctions as calculated. We see 
that the smaller junctions are more numerous than the larger ones; there may 


be a maximum at about 4 x 10-4 cm. 
The graph of percentage of total area in each column as a function of the 


- area of the junctions, obtained by multiplying each column in fig. 5 by a’, has 


the same shape as fig. 4 (both consisting essentially of fig. 3 multiplied by a?) 
and is, therefore, not shown separately. 


§5. EFFECT OF AN INCREASE IN LOAD 
5.1. Theoretical 


It is of interest to consider the effect of an increase of load on the size 
distribution shown in fig. 5. We shall take a simple model in which the harder 
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metal surface is perfectly plane, and the softer surface has asperities that are 
circular cones of constant angle but different height (fig. 6). When the load is 
increased the surfaces are pressed closer together, plastic flow of the softer metal _ 
takes place, and the diameter of each junction is increased by the same amount. | 
This will increase the relative importance of the smaller junctions, since their 
relative increase in area will be greater. At the same time, owing to their increase 
in size many junctions will fall into new size-brackets. ‘The effect of these changes 
on the size distribution of the junctions has been calculated for an increase in 


SOFT METAL $ 


HARD METAL 


Fig. 6. Idealized model of conical asperities leading to circular 
metallic junctions of varying size. 


STEEL ‘(ON COPPER 


METAL TRANSFER ‘N G/CM 
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LOAD IN G 


eee. Os Mass of steel fragments transferred on to a clean copper surface plotted on a 
logarithmic scale as a function of the applied load. The line has a slope of 1. 


load sufficient to increase the diameter of the largest junctions by 10%. 
Although the area of these largest junctions is increased by only 21°, the total | 
area in contact, and hence the load that can be carried, is increased by as much 
as 90%. Apart from this the shape of the curve is nearly the same as at the | 


lower load. 
5.2. Experimental | 


The increase in fragment size with load was studied in a separate experiment. 
In this case the sliding arrangement was rather different, being of a radioactive | 
mild steel hemisphere containing *Fe on a copper surface, at a speed of | 


OO a 
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0-02cmsec?. The transfer of steel to the copper was measured. Figure 7 
shows a plot of mass of metal transferred as a function of load on a logarithmic scale, 
and it will be seen that a line of slope 1 fits the points well, suggesting that in this 
case Z was proportional to L. Experiments such as this, carried out over large 
ranges of load, lend real support to the concept of a constant coefficient of wear K. 
For this experiment K had a value of 1-0 x 10-3. 

Attempts were made to measure the sizes of the fragments at the various loads. 
Figures 8 and 9 (Plate) show the tracks at 50 and at 5000g. Owing to the very 
different density of fragments in the two cases the simplest and perhaps most 
satisfactory procedure is to compare the largest fragments on the two tracks. 
Making allowances for the presence of nearby fragments at the 5000 g load which 
raises the background and consequently makes each fragment appear bigger, we 
may estimate that the largest fragments in fig. 9 are some 5 times larger than those 
infig. 8, although owing tothe great difference in appearance of the two photographs 
it is not easy to make a precise estimate. ‘The sizes of the largest fragments at 
other loads are shown in fig. 10, and it will be seen that the data can be represented 
by the equation 

Mass of largest fragments =c L°”9, 


These results are in satisfactory agreement with those deduced from the conical- 
asperity model, in which a 33% increase in the mass of the largest fragment 
corresponds to a 90% increase in the load, whence 


Mass of largest fragments =c L°™, 
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Fig. 10. Plot of mass of largest steel fragments on a copper surface as a function of load. 
The straight line has a slope of 0:29. 


§6, DiscussIoN AND SUMMARY 


- These experiments supply further detailed information about the nature of the 
sliding process. For one representative friction run, measurements were made of 
the size distribution of fragments, and it was found that the smaller fragments are 
more numerous while the larger fragments account for most of the mass of wear. 

Making plausible assumptions as to the mechanism of wear, the frequency 
distribution of the metallic junctions was then calculated. Again it was found that 
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the smaller junctions are more numerous (although the disparity is less than in the 
case of the fragments); however, the larger junctions account for most of the 
contact area. 

Using a simple model, the effect of an increase in load on the frequency 
distribution of the junctions was then calculated. A 21% increase in the area of 
the larger junctions leads to a 90% increase in the total contact area; otherwise, the 
final frequency distribution is very similar to the initial one. In an experimental 
test a hundredfold increase in load produced a fivefold increase in the mass of the 
largest transferred fragments (and hence a 2-9-fold increase in the area of the 
largest junctions), and both the theoretical and experimental data confirm previous 
deductions (Rabinowicz and Tabor 1951, Rabinowicz 1953, Burwell 1953) that an 
increase in load acts mainly in increasing the number of junctions and fragments 
and only to a secondary extent in increasing their size. 

These observations of the effect of load on the friction and wear process do not, 
however, apply universally. In many casesan increase in load radically changes the 
sliding conditions; to give one example, if the transferred wear fragments are able 
to interact with each other, then a small increase of load may lead to a very large 
increase in the average mass of the fragments and in the total mass of transfer 
(Rabinowicz 1953). Other mechanisms leading to other than proportionate 
change of wear with load have been suggested (Burwell and Strang 1952). 
However, the simple wear relationship characterized by aconstant, non-dimensional 
wear coefficient K (analogous to the friction coefficient 4.) appears to correspond to 
the basic wear mechanism, i.e. removal of individual fragments during the 
encounter of individual metal asperities as a result of strength at the metallic 
junction and weakness inside one of the metals near the junction. 
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Abstract. In the course of an attempt to find reversible relations between the 
parameters describing the trajectory of an electron in a short magnetic lens 
spectrometer, it was found that the magnetic lens can be surprisingly well 
represented by a thick converging type optical lens which satisfies Newton’s 
laws for the conjugate planes and the tangent relation far outside the paraxial 
range where the lens power calculated by the paraxial method can be in error 
by as much as 50%. Expressions have been obtained for the focal length as a 
function of the object angle and momentum of the electron. Various other 
properties of the lens spectrometer have been investigated. In particular, the 
use of a continuous baffle system to improve the resolution and line-shape for 
an extended source has been studied by an easy and accurate method. 


$1. INTRODUCTION 


the matter is complicated by the fact that the equation of the trajectory 

could not be solved analytically. Therefore there were approximate methods 
(paraxial approximation of Deutsch et al. 1944), yielding a line-shape, which 
however could not be expected to correspond to the actual line-shape. Further- 
more, the method by its very nature hid many features of the spectrometer. 
Later, attempts were made by Verster (1949) and Perkins and Solbrig (1951), 
the essence of which was a search for relations between parameters describing 
the electron trajectory. ‘The relations obtained by them revealed the very 
important property of ring-focusing of the lens, but their method of obtaining 
the line-shape for a point-source was very complicated and could not be 
extended to a circular disc-shaped source. Moreover, we tried to test their 
parametric relations, with the data calculated for a lens we are designing, and 
found that the agreement was not at all good. ‘There has been an attempt by 
Keller et al. (1950), who determined the line-shape by a method which appears 
to us to be rather approximate. In this paper we have used the method of 
parametric relations to obtain information about the lens. ‘The relations that 
we have obtained between the different parameters are remarkable in the sense 
that they have a close resemblance to the relations for a thick optical lens. 
Moreover, the determination of the line-shape for a point-source becomes very 
simple and its extension to a disc-source line-shape could be carried out at once, 
because our parametric relations were at every stage completely reversible. ‘The 
parametric relations showed clearly how the resolutions could be considerably 
improved by the use of a continuous bafHe system. ‘This point was implied in 
the work of Perkins and Solbrig, but they apparently overlooked it. 


if N determining the line shape obtained with a short magnetic lens spectrometer, 
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§2. DESCRIPTION OF THE INSTRUMENT 


The constructional design of the instrument is almost similar to that of 
Deutsch et al. (1944). The principal features of the instruments, as far as they _ 
concern us here, are shown in fig. 1. The magnetic field is produced by an | 
air-core coil. Besides axial symmetry, there is a plane of symmetry normal to 
the axis of symmetry at the centre of the length of the coil. This plane will be 
referred to as the ‘central plane’. 

The expressions for the field and the magnetic vector potential are given by 
Deutsch et al. (1944). H(z), the field along the axis at a point on the axis, 
and its first two derivatives are shown in fig. 2. 


COWL 


CENTRAL PLANE 
| OF THE COIL 


56 48 40 32 # 16 


” 
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§3. CALCULATION OF TRAJECTORIES 


Keller et al. (1950) have given a very convenient form for the equation of the 
trajectory for rays of zero angular momentum which is 


pia Ae 0A F 0A | 
TL OF oe eee Poe? \ (1) 1 


where A is the magnetic vector potential, r’=dr/dz, r" =d?r/dz?, and K is the |, 
momentum in units of 300 ev/e=mvc/e. | 


Investigations on a Short Magnetic Lens Spectrometer 939 


In the paraxial case, i.e. when the rays are close to the axis, the orbit equation 
reduces to @ 
CCS - aR 
It is easier to handle this equation rather than eqn. (1) by numerical methods. 
For the special case H,=H)/(1+2?/a?), numerical integration of (1a) is not 
necessary and Glaser has obtained expressions for focal length measured from 
the mid-plane and principal plane in analytic forms. Paraxial approximation is 
very useful in dealing with the electron optical problem of electron microscopes. 
There the angular aperture is of the order of 10-? radian. The small defects 
in image due to various aberrations can also be quantitatively determined by a 
method due to Glaser. But paraxial approximation cannot be recommended 
for treating problems of the lens spectrometer even with subsequent corrections 
for aberration, because the minimum object angle in this case is over 5°. To 
illustrate the error involved in paraxial approximation we have calculated two 
trajectories for K=0-4n7 using (1a) and have compared the values of V and 


2a aiec iors tb tal ao eon (1a) 


V tan fp 
tan « paraxial rigorous paraxial rigorous 
0-120 00 79-86 cm 67-68 cm 0-076 33 0:089 52 
0-190 00 79°81 cm 52-51 cm 0-120 97 0-181 25 


tan x =0-19 

tan =0:168 
tana =0-/44 
tan « =0-/20 


K=04ni 


Z in cms ——> 
FIGS 


tan f (see fig. 4) thus obtained with those obtained with the help of eqn. (1). The 
error can be as high as 50° and therefore the paraxial method is considered to 
be entirely useless for such large angles. ‘This is precisely the reason why no 
worker in the field of lens spectrometry has made use of Glaser’s results. Keller 
et al. have also indicated a method of numerical integration of this equation. 
From eqn. (1), we find that we need four parameters to describe completely an 
electron trajectory. ‘These are: 
ni Ampere turns of the coil 
ae ~ K ~~ Momentum in units of 300 ev/e* 


( 

(b) «=angle of emission of the electron from the source. 

(c) s=perpendicular distance of the source point from the axis of symmetry. 
( 


d) Coordinate of the source point measured along the z axis from a suitable 
origin. ‘The source is a plane surface mounted normal to the z axis at 
a distance of 50 cm from the central plane. ‘This coordinate is therefore 
not a variable and is denoted by U) (=50 cm). 
3 R-2 
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Combining four different values of D and tana, sixteen trajectories have been 
calculated for s=0. For s=0-2 cm six trajectories have been calculated using a 
combination of two different values of D and three different values of tan «. 

Trajectories for D=2:5 and s=0 are shown in fig. 3. It is to be noted that 
beyond a distance of about 30 cm from the central plane the trajectories are 
practically straight. The data of the calculation are given in the table. 


s (K/xi)? tan a tan B U V 

0 0:14 0-12 0-114 13 50-000 00 52-798 73 
0) 0-14 0-144 0-144 67 50-000 00 49-812 67 
0) 0-14 0-168 0-181 95 50-000 00 46-048 25 
O 0:14 0-19 0-224 20 50-000 00 42-034 79 
0 OS 0:12 0-100 82 50-000 00 59-962 30 
0) 0-15 0-144 0-128 63 50-000 00 56-205 55 
0 0-15 0-168 0-162 70 50-000 00 51-710 87 
10) 0-15 0-19 0-201 55 50-000 00 46-929 59 
0) 0-16 OraAZ 0-089 52 50-000 00 67-685 43 
0 0-16 0-144 0-115 37 50-000 00 62-930 74 
0 0:16 0-168 0-146 53 ~ 50-000 00 57-644 16 
0 0-16 0-19 0-181 25 50-000 00 52-512 00 
10) 0-17 0-12 0-079 30 50-000 00 76:679 44 
10) 0:17 0-144 0-102 69 50-000 00 70-898 43 
0 0-17 0-168 0-131 07 50-000 00 64-630 50 
10) 0:17 0:19 0-163 05 50-000 00 58-563 63 
0:2 0-14 0-12 O21 77 51-666 67 50-837 70 
0-2 0-14 0-168 0-193 11 51-190 47 44-224 31 
0-2 0-14 0-19 0-234 87 51-052 63 40-812 93 
0-2 0:17 0-12 0-086 68 51-666 67 72-283 34 
0-2 0-17 0-168 0-140 03 51-190 47 61-798 47 
0:2 0-17 0:19 (Deis) 25 51-052 63 56-175 41 


s, U and V are given in centimetres. 


§4. PARAMETRIC RELATIONS 


Following the practice of geometrical optics we have used U (object distance), 
V (image distance), « (object angle) and f£ (image angle) to describe a trajectory 
(fig. 4). Uand V are the distances along the central axis where the object and the 
image rays respectively meet the axis. The distances are measured from the 
central plane. The convention of signs is the same as in geometrical optics. 

It is easy to see that 

U=U)+scota. 

So-fors=0,U=U,=50 cm; 

As a first step towards finding parametric relations, the ratios tana/tan B for 


the sixteen trajectories with s=0 were plotted against V and a linear relation 


was found of the form 
tan « 


Ene ce aioe eke (3 a) 


5 was found to be independent of « and D. Moreover, it was found that the | 
quantity @ is numerically equal to 1—bU). Proceeding on this clue, we write 
tan % 
tanp a 
but even in this form the relation was not reversible. Then it was argued that > 
instead of assuming that the principal planes of the lens coincide with the central | 


LP SU ee eee (3b) 
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plane, attempts should be made to locate them. Anticipating an analogy with 
the converging type thick optical lens, the principal planes were taken to be 
crossed. Symmetry about the central plane ensures that the two principal 
planes will be equidistant from the central plane (fig. 4). 

Let the distances measured from the principal planes be denoted by small 
letters. If is the distance between the central plane and a principal plane, we 
have 


u=U+65=U,)+8+scota=ujt+scota —...... (4a) 
ONE ee ee Lake ae We oti Merce a: (4 5) 
6 can be determined from the property of the principal planes, viz. 
TUNES ee | Vi Oa V—U, 
ne use | ea, het (5) 


(3 6) and (5) are of the same form if 5 is taken to be independent of Dandz. This 
surprising conclusion will be discussed again at the end of this section. 


| cen7rac 
PLANE 


PRINCIPAL PLANE PRINCIPAL PLANE 


AL 
(MAGE ) | (OBJECT) 


Making that assumption we find that the action of a short magnetic lens is 
similar to that of a symmetrical thick converging type optical lens, the locations 
of the principal planes of which are unafiected by geometrical or chromatic 
aberrations. The optical lens analogy and the existence of principal planes were 
quite well known for the paraxial case, as can be found in any standard book 
on electron optics (e.g. Zworykin et al. 1945). But from the discussion given 
in the beginning of §3, it is clear that one cannot assume, a priori, the validity 
of results obtained in the paraxial case in the case under consideration where the 
object angles are so large. A fortunate result of this investigation has been the 
restoration of optical analogy for the non-paraxial case with the aforementioned 
modification. We have, in our case, 6=1/b— U,=1-98 cm. 

As a next step, we assume the validity of the formula 


1 rf Lane! 

TINTS fol 
f was calculated for the sixteen trajectories with s=0 and u =u, as a consequence. 
It showed a marked dependence on D and «. But instead of employing « as a 
variable we introduce a quantity 

ik =U tattooed tangs Vy a recite po edie (7) 

to express the geometrical aberration. Being a quantity common to the object 
and the image spaces, its use keeps the equation in a reversible form. 
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It was found that f could be expressed as 


F(R) RIDE OL eee a (8) 
ECR) = py t+ py R2 + peR*; v(R)=vo+ 14h? + Vghta eee (9) 


where 
fo = 0'016 63 cm-*; iy = 154603 x 1074 cms efi 1:050 13 x 10-® cms 
¥9 = 0-004 85047 cm; vy = — 1-977 31 x 10> em-*%: y= 2117 33 x10 cme 


Equations (5), (6), (8) and (9) were obtained from a set of data where uw was — 
constant. In order to test the relations, in particular the correctness of | 
introduction of u as a variable in the form (5) and (6), for different values of u, 
six trajectories were calculated having s=0-2 cm. For these, we have 


U=U,g-+s cote =|51:984-0-2/tan.«|em. 5 ae (10) 


The data obtained from these calculated trajectories were compared with those 
from (5), (6), (8) and (9). The agreement was never worse than 0-4%. This 
error can be considered reasonable, since in the trajectory calculation we have 
assumed the curvature to be zero at distances below 16 cm and over 86 cm. 
Actually the slope will show a change of about 0-15—0-2% on either side. Besides 
some error has been introduced in field calculation and numerical integration. 
Considering these points, the agreemerit may be considered to be excellent. 

There have been previous attempts at establishing parametric relations by 
Perkins and Solbrig (1951). ‘The calculated values of v and f did not fit their 
relations. —The departure was as great as 15%. 

The happiest feature of the relations obtained above is the complete 
analogy with optical lens formulae, in which form they are perfectly reversible. 
Reversibility is a necessary physical condition which any general parametric 
relation will have to satisfy for a system, whose Hamiltonian is unaltered on 
reflection of z coordinate. 

Equation (9) shows that spherical aberration of fifth order is also present in 
a lens spectrometer. In the electron microscope where the lens aperture is 
extremely small, consideration of cubic aberration is enough. But here « is as © 
large as 10-5°, so the higher order aberration must be considered. The first | 
term in (8) expresses the pure geometrical aberration, while the second expresses _ 
the combined chromatic and spherical aberrations. 

It will be difficult to define a spherical aberration constant for a lens as has 
been done by Verster (1949) or Butt (1949). But as the spherical aberration 
constant is neither very useful nor so fundamental, the use of the proposed 
relations is not handicapped by the aforesaid defect. 

The reason why 6 appears to be constant is not very clear. The order of 
accuracy of our calculation, which is within 0-4°% for v etc., is only 10% for 3, 
so a small variation in 6, if any, will not be apparent at all in our formulation. 
It will be an impossible task to obtain any knowledge about 8 by adopting the | 
method of combination of lenses. A magnetic lens is composed of a continuity | 


of infinitesimally thin lenses, each of which is bounded by two close members |, 


of a family of surfaces given by the equation 


AG e 
Kinetic Energy + = (A.v) =constant. 
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Besides having a continuously changing refractive index, the surfaces of the 
elementary lenses are not spherical. ‘These facts make the consideration 
extremely complicated. 


§5. RinG FocusING FoR A PoINT SOURCE ON THE AXIS 


In fig. 3 it can be seen that due to high spherical aberration, the image of a 
point source on the axis is not another point on the axis. In fact, there is no 
point-focusing at all. The nearest approach to it is an annular zone of least 
confusion, which is commonly described as ‘ring focusing’. It can be easily 
seen that the ring occurs where the extreme rays intersect. 

The coordinates (zo, 7,) of the intersection of the extreme rays give the 
location of the ring plane and its inner radius. Rays emitted with intermediate 
angles will have 7(z)) greater than 7,. The maximum of these values, 75, gives 
the outer radius of the ring. 
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As long as the ring is located in the weak field region 3, and 7, can be calculated 
be describing the linear portion of the trajectory by the equation: 
ees 
sae ee Lee ea. | eee Rr es 
Ree (11) 
Choosing the extreme values of R=utan« and the value of D for which the 
ring is to be found, ray intersection can be calculated from the equations : 


7 =(V_—0}) / G 2 R) ache (12a) 
y=(Re- Ry) | (= :: =) berate (125) 


where v, and v, are the values of image distance for R=R, and Rg, the two 
extreme values of R. A method of calculating 7, is described in $7. 
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&p) 7, and rz depend on the limits on angle of emission and D. The dependence 
has been shown in figs. 5(a) and 5(b). The comparatively sharp focal property 
of the ring has been utilized to obtain improved resolution. A baffle with an 
annular opening, which allows the extreme rays, forming the ring, to pass through, 
is placed at the location of the ring. Such a baflle system is shown in fig. 6. 
These will be referred to as ‘ring baffles’. 

The value of D for which the ring has been calculated is denoted by Dy and 
the corresponding momentum is sometimes called the focusing momentum. 
The ring baffles transmit all the electrons that are allowed by the initial baffle 
system (fig. 6) limiting R, and Ry. For a slightly different momentum, the ring 
is displaced and the baffle system will transmit only a part of the focused electrons. 
This is how we get a line-shape whose peak occurs at D= Dy. 


§6. CALCULATION OF LINE-SHAPE 

Let us consider a point (7, 3) in a region in the image space where the field 
is small. A ray through the point is given by eqn. (11). 
Eliminating v and f between (6), (8) and (11) we get 


p= | =(1- 5] + 7-H) |. locas (13) 


This gives the relation between D and R of electrons which originating from a 
point on the axis at uw pass through the point (7, z) in the image space. Since 
we are considering a point source on the axis we put u=u%)=51:98 cm. In fig. 7 


2:44 a SS 
O3A04 05 086 0-7 0.8 0-9 


oO ——- 


FIG. 7 


eqn. (13) has been represented in a curve whose abscissa is not R but 
w =50(1 —cos%). w is the solid angle subtended by a cone, whose semi-vertical 
angle is ~=tan '(R/u)), expressed as a percentage of 47 steradians. We shall 
call this curve D=f(w, 7, x) as the transmission curve for the point (7, z). The 


transmission curves for two points having the same value of z cannot intersect _ 


as that would imply that an electron of a given value of D and angle of 
emission is passing through two points at the same value of g. The two 
curves in fig. (7) correspond to the extreme points of the ring. Through a 
point within these two curves will pass a transmission curve corresponding to 


a point (7, 29) where 7 lies between 7, and 7,. So such a point will represent 


an electron which is transmitted by the ring opening. The ordinate of the 
point gives the value of D of the electron and its abscissa will give the angle of 


ES a 
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emission. ‘The points above or below the region between the two curves represent 
electrons which are stopped by the ring baffle. The action of the baffles 
limiting the angle of emission is indicated by the lines w=50(1—cos«,) and 
w =50(1—cos«,) (lines AB and CD). The region within the two curves and the 
two lines contains representative points of transmitted electrons. Ifaline D=D, 
is drawn, the points-on it in the region of transmission give the allowed values of 
angle of emission. ‘The choice of abscissa has been such that the length of the 
line intercepted within the region of transmission gives directly the transmission 
Q as a percentage of 47 steradians. We get the full line-shape by plotting Q 
against D. 

The line-shape is shown in fig. 8(a). The peak transmission is 0-52°% for 
D=2:-50 and the resolution is 1:44%. 

Although there is no focusing at the axis, the earlier practice (Deutsch et al. 
1944) was to place a cylindrical Geiger—Miiller counter coaxially in the image 
space. The counter window served as a discriminating baffle system. The best 
arrangement is to have the counter window of such dimensions and so placed 
that it just allows the extreme rays to enter it. The proper place is where the 
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ray corresponding to highest angle of emission is as much below the axis as the 
other extreme ray is above the axis. This is obtained by solution of the equations 


sie Tt sei eer Angee eof 

Rie ets Ie 0) 
The solutions z and r give the position and radius of the counter window. ‘This 
may be called the ‘natural counter window’. The line-shape due to a natural 
counter is shown in fig. 8(4). It is seen that, for the same transmission, ring 
focusing gives a resolution better than that due to the natural counter by a factor 
of four. 

The result of placing the natural counter behind the ring opening is to cut 

down the tail on the low D side of the line-shape due to ring alone. ‘The dotted 
line in fig. 8(a) shows the cut-down low-energy side of the line-shape. 


§7. ELIMINATION OF THE TAIL 


Perkins and Solbrig (1951) showed that the low-energy tail of the line-shape 
is greatly reduced if we replace a single outer bafHe at z) by two outer baffles 
on two sides of 29, such that each just transmits the uppermost ray at the respective 
value of x. We have carried the argument further to show how the tail is 
completely eliminated by using a continuous system of baffles. 


946 M. K. Banerjee and A. K. Saha 


The upper envelope of the rays may be called the caustic curve. Revolution 
of the curve about the axis of symmetry gives the caustic surface. There will 
be a family of caustic curves for different values of the parameter D. The 
coordinate r of a trajectory is given by 


r=R(1-3) =R| 1-2 (ned? =) |. wee (14) 


The caustic envelope 7,(z) is obtained by elimination of R between the equation 
(OF[OR), py =O™ O07 ETO e eee eee (15) 


and the equation (14). The solutions are: 
1 
+ =(n + Rp')- A 4 (y Re De eee (15a) 


7 Ria(WeD) >) Ip 2 ee (15) 


If the angles of emission are limited between «, and a, the caustic curve is 
described by (15) between the limits z, and z, only where 2, and 2, are solutions 
of (15 a), obtained on putting R= R, and Ry respectively. If R,>R,, then 21 >2. 
From z=30 cm to z=2, the uppermost ray (corresponding to «,) and beyond 
z, the lowest ray (corresponding to «,) replace (15) for representation of the 
caustic curve. The whole discussion is valid only after 30 cm from the central 
plane of the lens coils. 

Now let us select any point on the caustic curve, for electron Do, whose 
distance from the image principal plane of the lens is z and let the transmission 
curve for this point be 


D= D(Re2, 1). — 2 ba a ee (16) 
We have the relation 


Ce eC ae 


Since (dD/ér), 2 is always finite and different from zero, (d7/0R), )=0 implies 
(OD/OR),,,=0. For the transmission curve in question (@r/0R), »>=0 when 
D=D,, so that the transmission curve has a maximum at D=D, and R given 
by (14) or (15). 

If the upper baffle of the ring is replaced by a continuous system of baffles 
with circular opening, whose radius at z is given by (15a) and (155), the single 
lower transmission curve is replaced by a continuum of curves, everyone of which 
has a maximum at D=D,. ‘Therefore, the resultant lower transmission curve 
is just the line D= Dy which is the common tangent to the continuum of curves. 
The line-shape is shown in fig. 8(a). The tail is replaced by a perpendicular 
fall. Resolution is improved by a factor of 1-33 and the total spread in D is 
reduced by a factor of 2-25. 


It may be pointed out that the upper point of the natural counter window 
falls on the caustic curve. 


The continuous bafHe system has been used by Hey and Latyshev (1946) | 
in the case of the 180° magnetic spectrometer. They obtained line-shape similar | 


to that obtained by us. 


For designing the bafHe system, a table of 7, against z, has been prepared 


with the help of (15a) and (155), The baffle equation has been plotted in 
fig. 9. . 
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$8. EXTENDED SOURCE 


The source is taken in the form of a circular disc with its centre on the axis. 
Keller et al. (1950) have drawn trajectories for meridional as well as skew rays. 
They have concluded that the r(z) plots of the trajectories of skew rays originating 
from points on a chord on the source disc are nearly coincident if they are 
parallel to the meridional plane normal to the chord. In fact, the meridional 
ray, originating from the point of intersection of a chord and a meridional plane 
normal to it, may be taken as equivalent to aset of skew rays, parallel to the 
meridional ray, originating from points along the chord. The consequence of 
this equivalence is that the total line-shape can be expressed as 
= EDs at eda Beato (18) 
where 7(D) is the transmission for an electron having value D from a circular 
source of radius d. TJ(D, s) is the transmission for an electron having value D 
from a point at a distance s from the centre, by meridional rays alone, and 
2(d?— s*)1? is the length of a chord of the source plate at a distance s from the 
centre. ZJ(D,s) can be calculated with the help of (13) using the relation (4a). 
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The calculation of 7(D,s) requires parametric relations which are capable 
of giving information about the variation of u. The relations of other workers 
are deficient in this respect. In the trajectories calculated by us, w has been 
varied over a small range only. But this does not weaken our argument. The 
formulae in the reversible forms are found to be valid over a wide range of values 
of v. So, by simple interchange of u and v, we can claim that the formulae will 
be valid for wide ranges of values of wu as well. 

In fig. 8(a) the line-shapes for s=0 and +0-2 cm have been plotted for the 
continuous baffle system. The sharp fall on the low D side of the line for s=0 
disappears for non-zero values of s. ‘This departure is very small for small values 
of s and increases withs. Remembering that the weight factor (d? — s”)"? decreases 
as s increases, we may neglect the departure and assume that the sharp edge is 
retained. The low D side of the line-shape is replaced by a line through the 
appropriate value of D without altering the half width, in the s40 cases. With 
this modification, it is seen that the line-shape for non-zero s can be obtained by 
simply shifting the line fors=0. ‘The fact is expressed as 


T(D,s)=T(D—)s, 0) (19) 
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with X=0-10 cm—!. The total line-shape has been obtained with the help of (18) 
and (19) and the known line-shape for s=0. A situation like this also occurs 
for the 180° uniform field spectrometer (Saha 1945). By 

The optimum condition for source dimension is given by the condition that 
the line-shape due to s= —d should start where that for s= +d ends. If there 
is a gap between the two extreme line-shapes, the width of the total line-shape | 
is increased without gain in peak transmission. On the other hand if the two 
line-shapes overlap, the peak transmission is greatly reduced without comparable 
improvement of the resolution. 

The integrated line shape is presented in fig. 10. The transmission is 
036% at D=2:516. The resolution is 1:5%. The comparatively high 
resolving power is achieved by the use of the continuous baffle system. For 
simple ring baffles the resolution is expected to be 2%. 

The investigation is not by any means complete. The following problems 
are yet to be investigated : 

(a) Dependence of resolution on transmission. ‘The transmission can be 
altered either by changing the limits on angles of emission or by changing the 
inner ring bafHe. In other words we are required to test whether Frenkel’s 
relation of the long lens spectrometer holds for a short lens. 

(b) Relation between resolution, transmission and D. It will be interesting 
to investigate whether there is any optimum value of the focusing momentum. 

(c) Change of parametric relations with the dimensions of the lens coils. 


Note added in proof. After the manuscript was sent to press, we Came across 
a paper by P. Hubert (Physica, 1952, 18, 1129). He has investigated the 
properties of the caustics for the long magnetic lens spectrometer in a manner 
almost similar to ours and has reached similar conclusions about the line shape. 


ACKNOWLEDGMENTS 


Our thanks are due to Professor M. N. Saha for his constant interest in our 
work and to the Atomic Energy Commission of India for providing the necessary 
funds. 


REFERENCES 


Butt, D. K., 1949, Proc. Phys. Soc. B, 62, 551. 

Devtscu, M., ELiiot, L. G., and Evans, R. D., 1944, Rev. Sci. Instrum., 15, 178. 

Hey, V., and Latysuev, G., 1946, ¥. Phys. Acad. Sci., U.S.S.R., 10, 446. 

Keer, J. M., KorEnicsBerc, E., and Paskin, A., 1950, Rev. Sci. Instrum., 21, 713. 

PERKINS, J. F., and Sorsric, A. W., Jr., 1951, Rev. Sci. Instrum., 22, 173. 

Sawa, A. K., 1945, Indian F. Phys., 19, 97. 

VersTER, N. F., 1949, Appl. Sci. Res. B, 1, 363. 

ZworYKIN, V. K., Morton, G. A., RamBerG, E. J., HILuiEr, J., and Vance, A. W., 1945, 
Electron Optics and the Electron Microscope (New York : Wiley). 


949 


The Diffraction of 150 kv Electrons 


DY Gest ENC it 
H.C. LEWIS T AND Dr PD WEBB 


Applied Physical Chemistry Laboratories, Imperial College, London 


MS. received 30th March 1953, and in final forin 8th Fuly 1953 


Abstract. An electron diffraction camera operating at voltages up to 150 kv 
is described. ‘The advantages of the use of high accelerating potentials are 
illustrated by results obtained with this camera. 


§ 1. INTRODUCTION 


HE relative advantages in electron diffraction of electron beams accelerated 
| throughout the range between 800 v and 75 kv were examined experi- 
mentally in this laboratory between 1933 and 1936. It was found that, 
for a given transmission specimen, the ratio of elastically to inelastically scattered 
electrons increased with increasing voltage, with a consequent increase in the 
transmission pattern clarity and freedom from background. Further, in 
reflection from a poorly conducting surface the disturbance due to charging-up 
of the specimen was found to decrease with increasing accelerating potential, 
with a corresponding decrease in the minimum grazing angle between the beam 
and specimen surface which could be used without provoking excessive electro- 
static charging. Asa result, and also because the cold-cathode type of discharge 
used by us tends to become unstable at voltages much above 65 kv, it became 
the general practice in this laboratory to use beam-accelerating voltages between 
50 and 65 kv. 

This general experience, confirmed by Mollenstedt (1946) for the trans- 
mission case, suggested that for some purposes it might be useful to use still 
faster electrons. In the case of electron diffraction by transmission through 
thin films it seemed probable that a greater range of specimen thicknesses 
could be tolerated, while in reflection work the depth of penetration below 
the specimen surface could be increased or diminished beyond that possible 
at 60 kv, provided that the charging-up difficulties continued to decrease with 
increasing electron speeds. While Mollenstedt’s results suggested, in the 
case of transmission, a steady improvement with increasing accelerating potential 
up to and probably beyond 620 kv, practical considerations imposed in our 
case an upper limit of 200 kv. Even so, relying on Mollenstedt’s results, a 
great improvement could be expected in transmission work. Furthermore, 
in the case of reflection from poorly conducting surfaces, extrapolation of the 
results obtained in the range of accelerating potentials already explored by us 
suggested that on approaching electron velocities corresponding to 200 kv 
acceleration the depth of penetration of the electron beam below the surface 
might be considerably reduced, and even confined to the first one or two atom 
layers. 

* Now Director of the National Chemical Laboratory, Poona, India. 
+ Now at St. Benedict’s School, Ealing, London. 
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These views have now been put to the test of experiment, with satisfactory 
results. It has been found that, in transmission through a specimen of such | 
thickness that the pattern obtained at 60 kv is largely obscured by background 
scattering, clear patterns are obtained at 150 kv. Also, in reflection from an 
atomically smooth non-conducting surface such as quartz the least possible 
angle of incidence can be reduced from about 1° at 60 kv to a few minutes at 
150 kv, with the result that the mean depth of penetration of the electron beam 
below the surface can be reduced from about five or six atom layers at 60 kv to 
one or two at 150 kv. 


§ 2. EXPERIMENTAL 
The Electron Diffraction Camera 


For purposes of high resolution a two-lens focusing system was adopted. 
The image of the hot-filament source is brought to a focus a short distance 
below the upper lens, the reduction in the image size of the emitting source 


‘ut controlling filament to 
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Screws for centring the 
filament inthe ———~ 


cathode aperture Z. 


ZL sain’ 


La 


Position of beam 
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Fig. 1. The electron gun. 


being about tenfold. ‘The second lens, roughly midway between the first lens |) 
and the fluorescent screen, focuses the beam on to this screen without further + 
reduction. ‘The electron-optical axes of the lenses are coincident with the } 
electron beam. Both lenses are iron shrouded and are outside the vacuum. | 
Because of the small bore of the tube between the lenses, curvature. of the } 
electron beam due to the earth’s field is suppressed by mumetal shielding. | 
Two electromagnetic coils with their fields perpendicular to the electron beam }} 
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and to each other are situated between the specimen and the second lens; they 
serve to deflect the beam for exploring the specimen without disturbing the 
coaxial path of the electron beam through the lower lens. The lower part of 
the camera, including the specimen holder, is of the standard ‘ Finch’ type 
(Finch and Wilman 1937 a). 


The Electron Gun (fig. 1) 


Owing to the instability of the cold-cathode type of discharge above 70 kv, 
a three-electrode hot-filament source was used. The relative positions of the 
filament and Wehnelt cylinder, and the bias on the latter are adjustable. The 
gun was designed to operate at up to 200 kv. The Pyrex glass insulator, 
however, does not withstand more than about 160 kv continuous working, but 
could be replaced by a more robust porcelain cylinder. 


The High Tension Source 


The high-tension source consists of a 110 kv mains frequency transformer 
working into a Cockcroft voltage doubler circuit designed and constructed by 
Messrs. Ferranti Ltd. ‘The output of the doubler is fed to the diffraction 
camera cathode through a 200 kv rectifying valve with an under-run filament 
which provides against overloading. 


§ 3. EXPERIMENTAL RESULTS 
3.1. Transmission 


A mica single crystal, about 5000 A thick, was examined at 60, 100 and 
140 kv with the beam roughly parallel to the c axis direction of the crystal. 
A pinhole diaphragm placed close above the specimen restricted the electron 
beam to the same uniformly thick part of the crystal flake. The resulting 
patterns are shown in figs. 2, 3 and 4 (Plate I), camera length L=48 cm. The 
gain in clarity and detail and hence significance of the pattern with increasing 
electron speed is striking. 


3.2. Reflection from a Single Crystal Surface 


(a) A rock salt single-crystal cleavage surface gave, with a 60 kv beam, 
the pattern shown in fig. 5 (Plate I), L=48cm. Although a decharger was used, 
the blurring effects of charging-up in the beam are prominent even though 
the angle of incidence was as much as about 1°. With a 120 kv beam, however, 
at the same angle of incidence, the pattern was clear in all its details, fig. 6 
(Plate 1), L=48 cm. 

(b) Owing to the existence of steps, a rock salt cleavage face is not suitable 
for examining the effective depth of penetration of the electron beam below the 
surface at low grazing angles. For this purpose we have found that mechanically 
polished single-crystal surfaces of quartz, corundum, spinel and rutile are 
satisfactory. With care, atomically smooth surfaces of sufficient extent can 
be developed by polishing with alumina and water on Selvyt cloth. Results 
obtained at 60 and 140 kv with a polished quartz crystal are shown in figs. 7, 
8 and 9 (Plate II), L=48cm. At 60 kv and with a decharger the smallest 
useful angle of incidence was about 1°. A veiling of the pattern near the 
shadow edge was evident and is suggestive of a non-crystalline surface film (fig. 7). 
Retaining the same angle of incidence but increasing the beam voltage to 140 kv 
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greatly reduced this veiling (fig. 8). At this voltage, because of the reduced 
effect of charging-up, the angle of incidence could be reduced to about 10’. — 
When this was done, the veiling returned, and then clearly consisted of very — 
diffuse haloes (fig. 9). eee 

It is extremely unlikely that these haloes are due to contamination. The | 
only likely source of extraneous matter is that due to deposits from hydrocarbon 
or other vapours on the specimen during examination in the electron beam. 
This can be very troublesome in electron microscopy where the electron beam _ 
is concentrated on the specimen, but in electron diffraction the energy flux — 
at the specimen is very much less and such deposits are not normally observed. 
A fresh cleavage of muscovite mica, which has an almost perfect atomically — 
smooth surface, was examined at very low grazing angles of incidence and no | 
haloes were observed. Furthermore, no difference was observed between | 
patterns taken as soon as possible after evacuating the camera and patterns | 
taken after the specimen had been irradiated by the decharger and electron | 
beam for three minutes. In addition, the halo pattern obtained from the 
polished quartz agrees with that to be expected theoretically from amorphous 
SiO,. This confirms that the polish layer is amorphous SiO,, although 
extremely thin. 


Amorphous 
Silica 


Y 


Ld | did ye 


Fig. 10. 


Because the pattern due to the underlying quartz single crystal is visible + 
with the halo pattern, it is possible to set an upper limit to the thickness of this i 
layer. If ¢ (fig. 10) is the thickness of this layer, @ and ¢ the angles of incidence » 
and emergence respectively of the electron beam, and fp is the greatest path |) 
length of electrons which contribute to the quartz single-crystal pattern, then |, 
t=p sin #@ sin ¢/(sin@+sin ¢). According to Thomson (1934), the mean free } 
path for ionization in a solid is 400 A at 30 kv and is roughly proportional to the | 
voltage. ‘lhere will also be inelastic collisions which only result in excitation i) 
of the atoms without ionization, and the effect of these will be to reduce the: 
effective mean free path. Using 6=10' and 4=1° 50’ (obtained from fig. 9), , 
we obtain the value of five angstroms for the thickness of the amorphous layer. | 
Results obtained by Finch and Wilman (1937 b) and Lucas (1951) show that 
satisfactory estimates can be made of the thickness of such thin layers. 1 

Results similar to those obtained with polished quartz have been obtained I 
with a polished corundum crystal, the amorphous polish layer proving to be} 
again only about one or two atom layers thick. In the case of the rutile single 4 
crystal examined the amorphous polish layer was, however, much thicker. |) 
Thus while an unpolished rutile single-crystal surface gave the pattern shown} 


| 
| 
; 
) 
| 
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in fig. 11 (Plate II), it yielded after polishing only a halo pattern, no trace of 
Kikuchi lines being visible even when the angle of incidence was increased to 
beyond 4°. Evidently the amorphous polish layer formed on rutile is com- 
paratively thick and has a minimum thickness of about 70 A. 

This high-voltage electron diffraction camera has now been in constant 
use since early 1951. Our general experience may be summed up by saying 
that, in transmission, a far wider range of specimen thicknesses can be tolerated 
than in the case of the more normal 60 kv technique. Furthermore, many 
pseudo-reflection specimens which yield no recognizable pattern at the lower 
voltage (due to their surface asperities being too thick for the electron beam 
to pass through without much loss of energy), give clear and significant patterns 
at 140-150 kv. Finally, in reflection from atomically smooth non-conducting 
surfaces, the depth of beam penetration below the surface can be reduced to 
little more than the top atom layer, or increased far beyond that achievable 
with 60 kv electrons. 
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Abstract. ‘The relaxation of birefringence produced in two organic glasses after / 
they have been sheared in a modified coaxial cylinder viscometer has been followed | 
at different temperatures by the use of a photocell. For the low rates of loading ; 
used it has been found that the relaxation of both the glasses can be represented | 
by a single exponential function, which shows that there is one predominant: 
relaxation mechanism. The relaxation times were measured at differentt 
temperatures and cover a range from about 20 seconds to $ millisecond. ‘The: 
viscosity has also been measured over the same temperature range and, from the > 
values of the viscosity and relaxation time at a given temperature, the rigidity; 
modulus of elasticity has been determined. Of the two materials used, one, | 
glycerol sextol phthalate, was more chemically associated than the other, - 
2'-hydroxy-2:4:4:6:5'-pentamethylflavan. This difference was reflected in: 
the temperature variation of the quantities measured. 


§ 1. INTRODUCTION 


HEN many materials are stressed and held at constant strain, the) 


stress is observed to relax with time. In the simplest case, this relaxation i 
is represented by an equation of the form o=o,e"”, where ay is the} 
value of the stress at zero time and o its value after time ¢. The constant rt is} 
known as the relaxation time and gives the time for the stress to relax to 1/e of} 
its initial value. 


Investigation of the visco-elastic properties of high polymers has shown that) 


any relaxation phenomenon is the sum of a large number of superimposed relaxa 
tion mechanisms (Alfrey 1948). Attempts have been made to explain the) 
different times of relaxation in terms of the molecular structure of these materials4 
but the problem is complicated by the fact that the constitution of such polymers 
and the nature of the intermolecular forces is not rigidly defined. 

There are some amorphous materials, however, which have a well-definee} 
molecular constitution with no entanglement of molecules, such as occurs in higlif} 
polymers. ‘These may be expected to have a simpler relaxation time spectru 
and therefore, by working first with such materials and then with materials interif 
mediate between these and high polymers, it might be hoped to gain some insighif} 
into relaxation mechanisms. | 

The purpose of this work, therefore, was to follow directly the stress relaxation) 
of materials with comparatively simple molecules after they had been staticall) 
loaded at different temperatures. A single exponential function would fit ii 
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relaxation curve if the material had only one relaxation time, while it would allow 
of analysis into several exponential functions if there were several relaxation 
mechanisms. 

Amorphous organic materials of known composition were used whose 
viscosity increased continuously from the liquid to the solid state. For conveni- 
ence, these will be referred to as organic glasses and in these experiments the 
glasses used were 2’-hydroxy-2:4:4:6:5’-pentamethylflavan (Baker, Curtis 
and McOmie 1952) and glycerol sextol phthalate (a mixed glycerol-cyclohexanol 
ester of phthalic acid). They soften at temperatures not far removed from 
room temperature and so are convenient to handle, and the fact that they are 
transparent and become birefringent on stressing makes it possible to follow the 
relaxation of the birefringence rather than that of the stress; preliminary experi- 
ments having shown that the birefringence is proportional to the stress in the 
region employed. Where the material has a single relaxation time at any one 
temperature and the viscosity is known over a temperature range, the variation 
of the rigidity modulus with temperature can also be investigated, since the 
relaxation time 7 is given by t=7/n where 7 is the viscosity and x is the rigidity 
modulus of elasticity. 


§ 2. EXPERIMENTAL 


The original intention was to shear the material in a coaxial cylinder visco- 
meter by rotating the inner cylinder, and to bring this cylinder to rest by letting 
it strike a rigid stop. The stress in the glass would thus relax and be taken up 
by the stop. It was found, however, that the deformation of the stop under the 
applied load was of the same order as the shear produced in the material. The 
relaxation time observed, therefore, was the deformation time of the steel under 
the action of an increasing load, whose rate of increase to the steady value of the 
applied load was governed by the viscosity of the material. 

In order to obviate this difficulty, it was decided to use an arrangement in 
which the effect of the deformation of the steel could be eliminated. The method 
involves shearing the material and a steel member in parallel with it. Initially, 
both the material and the steel are under stress, but, as the stress relaxes in the 
material, it is taken up by the steel. ‘The relaxation process observed is that of 
the steel-glass combination, but by repeating the measurements with different 
amounts of material the effect of the steel can be allowed for and the relaxation 
time of the material determined. ‘This method has the additional advantage 
that any flow birefringence which occurs will be negligible. ‘The birefringence 
will, thus, be entirely due to the stress in the material. 

The apparatus is shown diagrammatically in fig. 1. ‘The material was sheared 
between two coaxial cylinders with a thin steel bar connecting the inner and 
outer cylinders. ‘The torque was applied to the inner cylinder by pulleys and 
weights and end effects were reduced by trapping an air bubble beneath the 
inner cylinder. ‘The whole apparatus was placed in an enclosure the temperature 
of which could be varied and controlled by a thermostat. Cooling was obtained 
by means of a refrigerating unit. ‘The temperature was measured with a thermo- 
couple whose hot junction was embedded in the outer cylinder. ‘This cylinder 
had a glass bottom so that a beam of light could be passed up through the annular 
space between the cylinders. ‘The beam was plane polarized before entering 
the material and allowed to fall on a second polaroid, crossed with the first, after 
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leaving the material. A photocell was used to detect the light transmitted by 
the analyser when the material was birefringent, and, in order that it should. 
respond to small differences in refractive index, a ciné projector lamp was used _ 
as a high intensity source of light. ‘The fraction of the incident light transmitted — 
in these experiments was very small so that the phase differences produced were 

such that the output from the photocell could be taken as linearly proportional | 

to the birefringence. 


(2) (6) 

Fig. 1 (a). Experimental arrangement. V, viscometer; Sp, specimen of material; 
S, light source; G, glass plate to split light beam; M, plane mirror; P,, Pa, crossed 
polaroids; Ph,, Phz, photocells; Pu, pulleys; C, bearing for inner cylinder, 

(6). Plan of top of container: I, inner cylinder; R, rim of containing vessel; 
XX, double steel sector in parallel with specimen of material. 


Although the projection lamp was run from a constant voltage mains trans- 
former, it was found that the variations due to fluctuations in light intensity still 
appeared in the output from the photocell. It was arranged, therefore, to expose 
a second photocell to the light source and balance its output against that of the 
first. The circuit is shown in fig. 2 and is a modification of that described by 


75V 


Fig. 2. Photocell circuit. P, photocell, VA 26'T; V, electrometer triode, Ey Dai 
R,=10 000 MQ; R,=10 000 Q; Rg=15 Q; Ry=1000 Q; R,—200 Q. 


Brown and Hickson (1950). ‘The output from the photocell was fed to a 
electrometer triode for amplification and the galvanometer, placed across the 
balanced bridge, recorded any change in intensity of light due to birefringence 
effects. 

A vibration galvanometer with a period of 33 msec was used so that short 
relaxation times could be measured. ‘The upper time limit of the method was 
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fixed by the stability of the apparatus and, in practice, relaxation times of the 
order of 1 minute were the longest to be measured. The galvanometer spot was 
focused on to a variable speed recording camera with a continuous paper feed. 
The time scale was obtained by focusing a second spot on to the camera and inter- 
rupting the beam at regular intervals. The synchronous motor of an electric 
clock was used for this purpose. 

The bridge was first balanced with no light, and then, with the projector 
lamp on, the polaroids controlling the light to the compensating photocell were 
adjusted to give zero deflection of the galvanometer. The camera was switched 
on and a torque suddenly applied to the specimen. Since the relaxation time 
was found to be the same whether the system was loaded or unloaded, it was 
convenient to unload the specimen by fusing a wire supporting the weights. 
In this way rapid application of the stress was obtained without vibration. 

For relaxation times of the same order as, and less than, the natural period 
of the galvanometer, a slightly different technique was adopted. A single photo- 
multiplier was used to detect the birefringence and its output was fed to the d.c. 
amplifier of a double-beam cathode-ray tube. If the appropriate time base was 
used, the relaxation phenomenon could be displayed on the tube and photographed. 
A timing trace was also obtained either from the a.c. mains or, at faster sweep 
times, by a crystal oscillator. A relay was arranged to unload the system as the 
camera button was pushed and, as the wire supporting the weights become hot 
and the resistance in the loading circuit increased, a second relay triggered the 
beam on the tube. ‘The lower time limit of the method is set by the inertia of 
the system, and relaxation times much shorter than 1 msec could not be measured, 
since with this apparatus, 1 msec appears to be the order of time required for the 
birefringence to reach its maximum value when the system is unloaded. 

Experiments were carried out at different temperatures with a known length 
of material in the annular gap and were then repeated over the same temperature 
range with a different amount of material. 

In order to measure the viscosity, a simple coaxial cylinder viscometer was 
used where the inner cylinder rotated under the action of a couple. ‘The gap 
width was rather larger than would be normally employed, in order to transmit 
the light for the birefringence experiments, and was about 5 mm, the outer cylinder 
having a radius of 25cm. ‘The length of the inner cylinder was approximately 
8cm. A couple was applied to the inner cylinder by means of a pulley of radius 
6:5 cm, and the velocity of rotation was observed for different loads at each tempera- 
ture. The viscosity was then determined from these results and the dimensions 
of the apparatus. 


§ 3. ‘THEORY OF THE METHOD 


The system under stress can be conveniently considered in terms of a mechani- 
cal model consisting of a spring in parallel with a Maxwell element, which itself 
consists of a spring and dashpot connected in series (fig. 3). ‘The Maxwell 
element represents the glass and the spring represents the steel rod connecting the 
inner and outer cylinders. 

When astress is first applied to this system, it is divided between the two arms 
in. the ratio of the stiffness of the two springs S, and S, the stiffness being the 
ratio between the stress and the extension it produces. As the viscous element, 
with constant 7,*, equal to the ratio between the stress and the velocity it produces, 
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comes into play, the stress in this arm relaxes until eventually all the stress is _ 
taken up by the spring of stiffness S. This apparent time of relaxation 7, depends 
on the values of S, S, and ,* and is given by: 


level 
nont(gtg). es (1) 


The values of y,* and S, depend on the geometry of the specimen as well as 
its physical properties. Thus, if a couple G, is applied to the inside of a hollow 
cylinder of material of rigidity modulus 2, so that it is twisted equally throughout 
its length /,, then the angle of twist 6, is given by 
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where a and bd are the internal and external radii respectively. Therefore 
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where 7 is the viscosity of the material and Q, the angular velocity produced by 
the couple G,. - ‘Therefore, in (1), 
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But the relaxation time of the material is given by 
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Fig. 3. Mechanical model of Fig. 4. Trace obtained with 2’-hydroxy-2 :4:4:6:5’- 
system. pentamethylflavan at 14:3°c. 


If the stiffness of the steel is very large compared with that of the organic 
glass, then the last term in eqn. (7) can be neglected, but in practice this could 
not be realized because the amount of birefringence resulting from the small | 
stress in the glass was found to be too small for the relaxation to be followed. 

In order to eliminate S, therefore, the experiment is repeated with a different | 
amount of material at the same temperature. The relaxation time 7, is then | 
given by | 

ay | 
T2=7 + 40 pea eG eieteie ora (8) 
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Thus, from eqns. (7) and (8), 
a hry —hte = 7 —(h/b)r2 (9) 
‘i we b i ee ise Ce SS OOM, Fe 8G al 8 0 (6 
‘The final result is thus independent of the dimensions of the apparatus and 


depends only on the ratio of the lengths of material employed and, in practice, 


this ratio was approximately /,/l,=4. 
When the stress is removed, it can be shown that, for such a system, similar 
effects will occur and the birefringence will show the same relaxation time as 


when the stress is applied. 
§ 4. RESULTS 


Figure 4 shows a typical trace obtained with hydroxy-pentamethylflavan and 
fig. 5 gives the corresponding graph of the logarithms of the deflections against 
time. Similar graphs have been obtained for both substances throughout the 
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Fig. 5. Plot of log, (deflection) against Fig.6. Plot of log,) 7, against temperature for 
time, from trace in fig. 4. 2’-hydroxy-2 : 4:4: 6: 5’-pentamethylflavan. 


temperature ranges covered and the fact that these plots are linear shows that 
for these low rates of loading the materials have a single relaxation time or, at 
least, one relaxation mechanism which is predominant. 

The relaxation times of the steel-glass combination, 7, or Tz, were determined 
at each temperature from the graphs obtained, as in fig. 5. Figure 6 shows 
the graph of logr, against temperature for hydroxy-pentamethylflavan and it is 
seen that the results for the two slightly different techniques agree with one 
another. A similar graph was obtained forz, and, from these, the variation with 
temperature of the relaxation time of the material t was determined by means of 


eqn. (9). 


960 S. M. Crawford 


When log7 was plotted against temperature, the plot was found to be linear 
for the flavancompound. Figure 7 shows the graphs of log 7 against the reciprocal 
of the absolute temperature for the two materials, and it is seen that the plot is 
still approximately linear for the flavan compound over the narrow temperature 
range covered. ‘he relaxation time therefore obeys an equation of the form, 
7=7,e4/", where 7, is the value of t when T is infinite and A is a constant. Any 
process which obeys such an equation has an energy of activation in appropriate 
units of A/R per mole, where R is the molar gas constant. The gradient of 
the logz against 1/7’ graph gives A, from which, in the case of hydroxy-penta- 
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Fig. 7. Plot of log, (relaxation time) against Fig. 8. Plot of log, (viscosity) against the 


the reciprocal of absolute temperature : reciprocal of absolute temperature: 1, 
1, for 2’-hydroxy-2 :4: 4:6: 5’-penta- for 2’-hydroxy-2 : 4: 4:6 ; 5’-penta- 
methylflavan ; 2, for glycerol sextol methylflavan; 2, for glycerol sextol 
phthalate. phthalate. 


methylflavan, an activation energy of 76kcal per mole is obtained. The graph 
for glycerol sextol phthalate is not linear so that the activation energy varies with 
temperature. It is of the order of 66kcal per mole at the lowest temperatures 
and 44 kcal at the higher temperatures. 

The value of the viscosity was found to be independent of the load used and 
the curves showing log (viscosity) against reciprocal of the absolute temperature 
are shown for the two materials in fig. 8. Here again, that for the flavan compound 
is linear and gives an activation energy of some 86 kcal per mole. The curve for 


Stress Relaxation in Transparent Solids 961 


glycerol sextol phthalate gives activation energies ranging from 76 to 56kcal 
per mole. 

Since the materials have a single relaxation time, a rigidity modulus m can 
be determined at each temperature from the values of 7 and 7 determined as 
described, since t= »/n, but the values are only significant so long as 7 is indepen- 
dent of frequency. Measurements of the apparent viscosity over a wide range 
of frequencies (J. J. Benbow 1953, to be published) have shown that the viscosity 
is almost independent of frequency for hydroxy-pentamethylflavan over the 
range of relaxation times covered, but it varies considerably in the case of glycerol 
sextol phthalate. Figure 9 shows the graphs, plotted against temperature, of 
the logarithms of the rigidity modulus, calculated using the viscosity measure- 
ments obtained from the results shown in fig. 8, and it is seen that the plot is 
linear for hydroxy-pentamethylflavan and shows decreasing elasticity with 


Log, 72 (dynes cm-?) 


Temperature (°C) 


Fig.9. Plot of log,, (rigidity modulus) against temperature : 1, for 2’-hydroxy-2 :4:4:6:5’- 
pentamethylflavan; 2, for glycerol sextol phthalate. 


increasing temperature. ‘The temperature coefficient of the logarithm of 
elasticity in the case of glycerol sextol phthalate appears to decrease with increasing 
temperature. 

§ 5. DIscussION 


‘The most important result which emerges from these experiments is that, for 
these materials, there appears to be only one mechanism responsible for the 
relaxation phenomena observed at low rates of loading. Any others which occur, 
must occur very rapidly in comparison with those observed. Measurements of 
the dynamic shear modulus and viscosity of these materials carried out over a 
wide range of frequencies and at different temperatures have confirmed this result 
(J. J. Benbow 1953, to be published). 

The chemical nature of glycerol sextol phthalate is such that it might be 
expected to be associated since there are several free hydroxyl groups, and the 
fact that the rates of fall with temperature of the logarithms of the viscosity and 
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relaxation time become less at higher temperatures tends to confirm this. ‘The 
comparatively rapid reduction in the logarithm of elasticity with temperature 
at first, followed by a smaller rate of reduction, may also be attributed to decreasing 
association. Hydroxy-pentamethylflavan has only one hydroxyl group and it is 
in such a position that association is less likely to occur than in glycerol sextol 
phthalate (Baker, Curtis and McOmie 1952). The high activation energy 
compared with that of glycerol sextol phthalate may possibly be attributed to 
the greater rigidity of the molecule. 

It would seem, then, that for these substances the relaxation processes observed 
under these conditions are the relaxations of the stresses between the molecules 
or groups of molecules. It will be of interest to carry the work further using 
materials of a more complex structure. 
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Abstract. ‘The coefficients of transmission and reflection of thin aluminium 
films deposited on silica by vacuum evaporation were measured for wavelengths 
between 4200 and 2600A. The results were applied to the calculation of the 
width and intensity of Fabry—Perot fringes obtainable with aluminium coated 
plates. Measurements of widths of heterochromatic fringes gave upper limits 
of the reflectivity at wavelengths of 2400A and below, and showed that 1/18 of 
one order can be resolved in this range without excessive loss of intensity if the 
thickness of the films is properly chosen. 


$1. INTRODUCTION 


HE performance of the Fabry—Perot etalon depends critically on the 
optical properties of the partially reflecting coatings; it is the better the 
more closely the sum of the transmission and reflection coefficients, 7+ R, 
approaches unity. For visible light, silver and multiple dielectric films approach 
this ideal value so closely that the performance of the etalon is usually limited 
by the flatness of the plates rather than by the properties of the coatings. 
Conditions are much less favourable for ultra-violet light, for which aluminium 
films deposited by evaporation im vacuo are the best reflectors available; but 
their performance is not nearly as good as that of silver films in the visible and is 
far less well known. Of the large number of publications on the properties of 
aluminium films, only very few are concerned with the optical properties of the 
type of film which is of interest for interferometric spectroscopy, namely films 
transmitting about 2 to 20% of the light. 
The present work has been undertaken with the aim of providing some of this 
missing information. It forms an extension to the ultra-violet of the work by 
Kuhn and Wilson (1950) on optical properties of silver films. 


§ 2. "THE PRODUCTION OF THE FILMS 


Previous experience had shown that the vacuum conditions during 
evaporation affect the optical properties of aluminium films much more 
critically than those of silver films. A more powerful mercury diffusion pump 
was therefore fitted to the evaporation chamber described before (Kuhn and 
Wilson 1950); its estimated speed, with liquid air trap, was 100 l.sec?. The 
aluminium, which was evaporated from a tungsten filament, was usually of 
99-99% purity. In most other respects the procedure of cleaning of the targets, 
of discharge treatment and of evaporation was the same as for silver. Three 
or four optically flat silica plates, at distances of 22 to 28 cm from the filament, 
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were coated simultaneously in each evaporation. The pressure was measured 
by means of a Penning gauge whose calibration was approximately known. 

Before evaporation the filament was heated in order to outgas the system. 
When the aluminium bead started evaporating, the pressure rose to about 
5 x 10-5 mm Hg. The shutter between bead and target was opened a little later 
when the pressure had decreased again, so that the films were generally deposited 
at pressures between 1 and 3x 10->mm, depending largely on the previous 
outgassing. ‘The release of gas during the evaporation is typical of aluminium 
and was not observed for silver. A beam of light passing through the tank and 
focused on a selenium cell allowed the density of the film to be measured during 
evaporation so that films of any specified transmission could be produced. This 
measurement was not as accurate as the measurements described below, which 
were carried out after the target had been removed from the tank. 


§ 3. 'THE OpticaL MEASUREMENTS 


For wavelengths from 4200 to 26004 the values of T and R were measured 
directly by means of the simple apparatus described by Kuhn and Wilson. 
An ultra-violet sensitive photomultiplier type RCAI.P.28 was used and the 
incandescent source was replaced by a hydrogen discharge tube. Four bands 
of wavelengths of widths about 300A were isolated by means of the combinations 
of filters shown in the table. Iz view of the very gradual change of T and R with 
wavelength these bands were found to be narrow enough for the present purpose : 


4200A: Wratten filters 36 and 43. 

3600A: Wood’s glass. 

3200A: dense film of silver on silica. 

2600A: chlorine, bromine and Chance’s glass OX 7. 


‘The errors of measurement, which were mainly due to the instability of the 
hydrogen discharge tube, were about 0-01 in R and 0-005 in T. The linearity 
of the galvanometer deflection was checked by means of the inverse square law, 
with the use of a point source of visible light. 


$4. RESULTS OF THE DrrEcT MEASUREMENTS 


One of the most striking properties of aluminium films is the marked increase 
of light transmission with decrease of wavelength. This fact, which has of course 
been qualitatively found by other observers, is shown in fig. 1, where is plotted 
the ratio of T for a given wavelength to its value for 3600A. Each point is the 
average of measurements of 20 films whose values of T at 3600A varied from 
0-01 to 0-20. No significant variation T/T sg9) with T was found in this range; 
the curve can therefore be used in most practical cases for deriving values of T 
of an aluminium film from the value of T measured at one wavelength. 

‘The main results of the direct measurements are contained in figs. 2 to 5, 
showing R+ 7 as function of JT. Each point refers to a different film and is the 
average of several measurements. The scatter of the points about a smooth 
curve is distinctly greater than the errors of measurement and shows a genuine 
scatter in the properties of the films. Films deposited simultaneously generally 
differed less from one another than from other films. This indicates that 
conditions of evaporation and discharge treatment are more important than 
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conditions of cleaning. The points plotted are, of course, complete sets of 
experiments and not films selected according to their properties. 

The measurements in figs. 2 to 5 were taken within a few days of the 
evaporation. For a number of films the change of the optical properties with 
time was studied by repeated measurements from a few hours to three months 
after evaporation while the films were stored in moderately clean air, protected 
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from dust. The changes were always small, certainly after the first day or two, 
and especially small for dense films. There was a tendency for T to increase by 
amounts under 1%, while R decreased by slightly more. ‘These results are 
perfectly compatible with those of Cabrera (1944), who observed considerable 
increases of T and decreases of R only for thinner films and only during the 
first few hours after evaporation. The changes are probably due to the formation 
of a transparent oxide film (Sennett and Scott 1950). 


966 J. C. Burridge, H. Kuhn and Anne Pery 


Various observers have reported that slow deposition of aluminium films 
produces low reflectivity. Sennett and Scott attribute this fact to differences 
in the size of the crystals. Though this difference no doubt exists, it appears 
more likely to us that the variation of the reflectivity with speed of evaporation 
is due largely, or even entirely, to the influence of the residual gases during the 
deposition of the film. While a metal film is being formed the percentage of 
foreign gas atoms occluded in the metal can be expected to depend on the relative 
rates of bombardment of the surface by foreign gas atoms and metal atoms. 
If this view is correct the product of time t of deposition and foreign gas pressure p 
should be the factor determining the properties of the films. The points plotted 
in figs. 2 to 5 have therefore been divided into several classes according to the 
value of pt, where ¢ was measured in minutes and p in units of 10-° mm Hg. 
The influence of the value of pt on the reflectivity is clearly marked at 42004, 
less so for the other wavelengths, for which the data are, however, less complete. 
It appears that a limiting value of pt exists below which the reflectivity does not 
increase. . 

Whenever the evaporation was interrupted for a few minutes without any 
admission of air, the resulting value of R+ 7 was well below its normal value. 


0 0:04 0-08 012 


The curves drawn in the figures represent an estimate of the values of R+ T 
which can be obtained under good standard conditions and which may well be 
near the limiting values for low pt. ‘The performance of an etalon coated with 
such films is shown by the curves in fig. 6, in the same way as was done for silver 
(Kuhn and Wilson 1950). For any given value of the abscissa 7, the curves 
rising towards the left give, on the left coordinate scale, the effective number of 
beams, 1.e. the resolving power divided by the order; the curves rising towards 
the right give, on the right coordinate scale, the value of the intensity relative 
to the intensity in the absence of an etalon, in the maxima of the fringes obtained 
with perfectly monochromatic light. While for denser films (7<0-06) the | 
performance for ultra-violet light is slightly worse than that for visible light, | 
thinner films show the reverse behaviour. his is presumably due to interference | 
effects within the film. . | 

In comparing these results with those reported by Crawford, Gray, | 
Schawlow and Kelly (1949) and by Sennett and Scott (1950) it has to be | 
considered that these authors investigated only a few films and probably did | 
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not use very low values of the factor pt. Our values of R+T7 are noticeably 
higher than those reported by these and earlier authors. 

Sennett and Scott found that, for silver also, slow evaporation produces low 
values of reflectivity and, as in aluminium, they ascribed this effect to differences 
in crystal size. It seems likely to us that in silver too the influence of the residual 
gas is partly or wholly responsible for the time effect, but the limiting value of pt 
for silver appears to be so high that, in ordinary evaporation practice, it is easy 
to get the highest possible reflectivity at a pressure of about 5 x 10-> mm Hg 
unless the time of evaporation of the silver is unduly prolonged. 


§5. MEASUREMENTS AT SHORTER WAVELENGTHS BY AN INDIRECT METHOD 


The good performance of aluminium films for wavelengths of 2600A made it 
highly desirable to extend the measurements to shorter wavelengths. The 
decreasing sensitivity of the photomultiplier and the lack of suitable filters would 
have made this difficult by means of the direct method. An indirect method was 
therefore used, based on measurement of the width of heterochromatic 
interference fringes (Edser—Butler fringes). Aluminium-coated etalon plates 
were set up with three loops of 104 copper wire as spacers. The etalon was 
placed in front of the slit of a quartz spectrograph illuminated by means of a 
hydrogen discharge tube which emitted strongly the continuous molecular 
spectrum. 

For sufficiently small aperture, the phase difference between two successive 
beams, 6=(27 x 2D cos ¢)/A, can be regarded as a function of A only. The 
intensity distribution in the Edser—Butler fringes is then ideally the same as that 
in Fabry—Perot fringes produced with strictly monochromatic light with films 
of the same reflectivity, the variable 1/A replacing the variable cos ¢. 

Theoretically it would have been better to place the etalon in the collimated 
beam, either inside the spectrograph or outside; the whole area of the etalon could 
then have been used. In fact the adjustment of the etalon was not good enough 
to make this position preferable, largely for the following reason: an aluminium 
film which has a value of J for ultra-violet light suitable for interferometric 
work is, as fig. 1 shows, almost opaque for visible light. ‘This fact makes the 
adjustment of an etalon coated with such films difficult. A mercury lamp of 
125 watts was focused on a 1 mm wide aperture in a screen which was placed 
in the focal plane of a lens, and the etalon was viewed against the bright light 
thus produced. The etalon acted as an interference filter of high order and in 


_ general appeared dark. By adjustment of the spacing by means of the spring 


pressure on the plates the transmission bands could be shifted until one of the 
mercury lines was transmitted strongly. ‘The pressure studs were further adjusted 
until the film appeared of uniform brightness or tint. 

It is clear that imperfections in the adjustment and in the silica surfaces, 
imperfect collimation and finite slit width will all increase the width of the 
fringes. The value of R calculated from the measured fringes will therefore give 
a lower limit for the actual reflectivity. Figure 7 shows a photometer tracing of 
some of the fringes thus obtained. ‘he distance between orders is about 30A 
in this range. The horizontal arrows indicate the level of half-intensity, as derived 
from intensity marks. Measurements of this tracing showed that the half-value 
width is about 1/18 of one order, corresponding to a lower limit for R of 0-84 
for 24004. At 2300A a width of 1/15 of one order was found, giving R>0-81. 
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An extension to shorter wavelengths would have required the use of special 
photographic plates. This extension, and also a more complete, quantitative 
investigation giving values of 7 and more accurate values of R, could not, 
unfortunately, be undertaken. 


Fig. 7. 


The indirect measurements just described, together with some subsidiary 
measurements and estimates of intensities, have led to the following result. 
It is possible to resolve at least 1/18 of one order at wavelengths of 24004, and 
probably considerably less, with transmission factors not substantially below 
those found at longer wavelengths, but the aluminium films have to be made so 
thick that they are almost opaque to visible light. 
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Abstract. ‘Vhe theory of infra-red reflection spectra has been applied (i) to 
obtain the frequencies and extinction coefficients of the intense absorption 
bands in polytetrafluorethylene near 8-5 microns, (ii) to determine the number 
and states of polarization of the fundamental NH stretching absorption bands 
in a crystal of urea. ‘The reflection method has definite advantages over 
transmission measurements in both cases. 


§ 1. INTRODUCTION 


HE study of the infra-red absorption spectra of crystals and oriented 
| polymers with polarized radiation has recently been applied with consider- 
able success in the elucidation of their structures. Such investigations 
have been made, for example, by Ambrose, Elliott and Temple (1949, 1951), 
by Halverson and Francel (1949) and by Newman and Badger (1951). One 
of the most serious limitations in the development of the technique has been 
the difficulty in the preparation of suitable samples (Newman and Halford 
1950). For strong absorption bands the optimum sample thickness may be 
less than one micron yet the sample area should cover the spectrometer entrance 
slit. Fragments of material of such dimensions are often difficult to produce 
and handle. If the substance to be examined is crystalline several thin sections 
may be required each cut normally to different crystallographic directions. 
Some relief from this difficulty is obtained with the aid of an infra-red microscope 
of sufficient numerical aperture. The length and breadth of the sample may 
then each be reduced by about a factor of ten. It should be noted, however, 
that when polarized radiation is used a high N.A. may lead to spurious estimates 
of dichroism (Newman 1952). 

In view of this obstacle to transmission measurements it was considered 
worth while to investigate the possibility of obtaining absorption spectra from 
measurements of reflectivity. While surface films and surface scatter affect 
considerably measurements of reflectivity in the visible, in the infra-red beyond 
2-5 their effects can be neglected. For observations of reflected radiation 
the sample need have only one flat surface of sufficient area. The optical 
system must discriminate against radiation other than that reflected from this 
surface. This is achieved by imaging the reflecting surface on to the spectro- 
meter entrance slit and by choosing a sufficiently thick sample, so that 
reflections from back surfaces are negligible. 


§ 2. DETERMINATION OF ABSORPTION SPECTRA BY REFLECTION 


Several methods exist for the determination of the optical constants of a 
substance from reflectivity data at any fixed wavelength (Avery 1952, Simon 
1951, Simon and McMahon 1953). They all depend essentially upon oblique 
incidence measurements and are therefore not directly applicable to anisotropic 
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substances. Simon (1951) has applied the impedance concept to the normal 
incidence reflection spectrum and from it he has shown how the absorption 
spectrum may be deduced. In his treatment all absorption bands are assumed 
to have the same shape. ‘These matters were discussed in a recent note 
(Robinson 1952) where it was indicated how the absorption spectrum could 
be derived from the general case of a normal incidence reflection spectrum. 
The reflected wave was regarded as the attenuated output from an equivalent 
electric network excited by the incident wave. From established principles, 
the phase change on reflection was deduced from the curve of reflection 
attenuation against frequency. The optical constants n=n—ik were then 
determined with the aid of a Smith chart. The substance studied was polythene 
in the 3 u region. The same method has been applied with special advantage 
in the following two cases. In the first case the absorption is so intense that 
it is impracticable to cut samples thin enough to measure either the positions 
of the band maxima or their absorption coefficients by transmission methods. 
In the second case the need for growing extremely thin crystals has been 
avoided. 


§ 3. ABSORPTION SPECTRUM OF POLYTETRAFLUORETHYLENE 
IN THE 8-5 « REGION 


The only published absorption spectrum of polytetrafluorethylene (P.T.F.E.) 
is one which shows complete absorption in the 8-5 region for a film of the 
material 51 thick (Smith 1949). It was therefore decided to investigate this 
region with the reflection equipment. ‘The reflection attenuation spectrum 
from 1000 to 1600 cm~? is shown in fig. 1. By the method already described 
(Robinson 1952) the magnitude and phase of the complex reflection coefficient 
r were determined and plotted on a Smith chart, fig. 2. Extinction coefficient 
values have been read off from this chart and the resulting absorption spectrum 
after application of the correction described in § 5, is shown in fig. 3. 

Two absorption bands of approximately equal peak intensity occur at 
1154 cm~? and 1213 cm™? respectively. ‘These two bands are probably 
associated with C-F bond _ stretching vibrations. Confirmation of this 
assignment was obtained from observations of dichroism for the two absorption 
bands. By hot rolling at 125°c it was found possible to produce oriented films 
of P.'T.F.E. a few microns thick. The absorption near 8:5 in unoriented 
films of this thickness would be too great for reliable estimates of extinction 
coefficients. With the oriented films however there was no doubt that the 
1154 and 1213 cm“! bands showed stronger absorption with the electric vector 
perpendicular to the direction of rolling, and presumably perpendicular to the 
molecular chains. . 

Detailed analyses of the normal modes of vibration of an infinite chain of 
CHy, groups, where the carbon atoms are co-planar, have been applied to the 
observed infra-red spectrum of polythene (Sheppard 1950, Kellner 1951). | 
A similar treatment for P.'T.F.E. requires investigation of the remaining | 
absorptions of the material. In this connection the oriented films have been 
examined for dichroism in the two regions of strong absorption near 16, | 
and 19. Four distinct absorption bands were found: the two most intense 
at 641 and 513 cm~ with parallel dichroism, one of medium strength at 556 cm-! 
with perpendicular dichroism and the fourth at 630 cm~! appeared as a shoulder | 
on the 641 cm™? band. In the type of infinite CF, chain considered only one | 
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very strong parallel band, of symmetry type B,,, is to be expected. It is clear 
that an interpretation of the spectrum must include departures from the 
assumption of infinite straight chains with a planar carbon backbone. } 


§4. ABSORPTION OF A SINGLE UREA CRYSTAL IN THE 3 » REGION 


Waldron and Badger (1950) succeeded in growing very thin single crystals 
of urea suitable for direct measurements of infra-red absorption in the 3p 
region. The existence of four strong absorption bands, which they attributed 
to NH stretching modes of vibration, was taken as evidence for the completely 
planar structure of the molecule in the crystal. As a further test of the power 
of the reflection method the absorption spectra of urea in this region have 
been deduced from the reflection spectra. Figure 4 shows the reflection 
attenuation spectra for the two cases, electric vector perpendicular and _ parallel, 
respectively, to the optic axis of the crystal. The derived plots on the Smith 
chart giving the magnitude and phase of the respective reflection coefficients 
are shown in fig. 5 and the two resulting absorption spectra in fig. 6. Comparison 
of these spectra with those of Waldron and Badger reveals a general agreement. 
The frequencies (in cm~+) of the four intense absorption maxima are : 


Waldron and Badger ‘This work 


Electric vector | optic axis 3342 (3) 3346 (4) 
3436 (2) 3436 (2) 
Electric vector |] optic axis 3362 (4) 3353 (3) 
3449 (1) 3460 (1) 


Figures in parentheses give an ordinal measure of the intensities of the absorption 
maxima. 


Waldron and Badger do not show the zero transmission line in their spectra 
and it may be that the largest frequency discrepancy, which occurs for the 
strongest absorption maximum, can be partially explained in terms of the low 
transmission of their sample. It has been found (Robinson 1953) that an 
absorption spectrum derived as above from a reflection spectrum imparts a 
slight frequency increment to all absorption maxima. ‘The shift amounts to 
about one-quarter of the effective monochromator slit width. It will also be 
noted that the reflection method gives the actual extinction coefficient whereas 
in a direct absorption measurement only relative values are obtained unless 
the sample thickness is known. 


§5. GENERAL OBSERVATIONS ON THE REFLECTION METHOD 


The accuracy of estimates of extinction based on reflection measurements 
is expected to be comparable with that obtained in a direct absorption 


measurement where the sample thickness produces a transmission equal to | 


the reflectivity of the substance. 
Measurements of reflectivity at strictly normal incidence are naturally not 


possible without some form of beam splitter. All the work so far has been | 
carried out with the minimum mean angle of incidence consistent with the | 
beam aperture (N.A.=0-3; 6 = 223°). Accordingly a correction for obliquity, | 


obtained as follows, has been incorporated in the derivation of the above results. 
At normal incidence the complex reflection coefficients are given by 


n—1 
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Fig. +. Reflection attenuation spectra of single crystal of urea in 3 w region. 
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Fig. 5. Amplitude and phase of complex reflection coefficients of single crystal of urea in 
3 region. 
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Fig. 6. Absorption spectra of single crystal of urea as derived from reflection spectra. 
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where n=n—ik=complex index of refraction and ‘s’ and ‘p’ indicate the 
orientation of the incident electric vector. When the angle of incidence is ¢ 
it can be readily shown by direct substitution in the ordinary Fresnel equations, 
that 


where N, and N, are complex indices related to the true complex refractive 
index through the equations (4) and (5) : 
(n)?=(N;)? cos” d- sin? @.. ey eee (4) 

(n)? cos? 6 =(N,)*{1—sin?¢/(N)7}- = 7 eee (5) 
Since the above reflection measurements were made with radiation plane 
polarized perpendicular to the plane of incidence, eqn. (3) was used in con- 
junction with the Smith chart to derive the spectral variation of N,. Subsequently 
the true values of n, and thus k, were calculated from eqn. (4). 

Computation of the phase of a reflection coefficient from the attenuation 
spectrum is rather tedious. It appears that some form of analogue computer, 
as used in electric network calculations, may simplify the procedure (Scott 1952). 

Developments in photoconductive cell detectors for the measurement of 
weak infra-red radiation are expected to increase the accuracy and field of 
application of this reflection method. 

Note added in proof. In view of the discovery of a transition temperature for 
’ P.T.F.E. in the region of 20°c by H. A. Rigby and C. W. Bunn (Nature, Lend., 
1949, 164, 583), the temperature dependence of the bands was investigated. 
Whereas most of the bands were unaflected, the 630 cm’ band practically 


disappears at 0°c, while at 50°c it was found to be nearly equal in intensity to 
that at 641 cm~‘. 
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Abstract. Practical arrangements for determining the coherence of a wave front 
are discussed. The intensity distribution in the diffraction pattern of two 
parallel interferometer slits illuminated by a slit source of variable width is 
calculated together with the dependence of the fringe visibility on the choice of 
interferometer slit widths. 

Finally an experiment demonstrating the effect of source size on coherence 
is described and the results are compared with those to be expected from the 
above analysis. 


§ 1. INTRODUCTION 


has utilized the concept of partial coherence for the elucidation of structures 

observed both in the classical type of microscope and in the phase contrast 
instrument. 

An earlier paper (Hopkins 1951) explained the derivation of the complex 
phase coherence factor giving the correlation in phase between pairs of points 
on a plane illuminated from a distant source parallel with it, and showed that 
the modulus of this quantity could be determined by measuring the visibility 
of the Young’s interference fringes produced by the secondary waves originating 
at these points, and that the argument of the function was merely concerned 
with the location of the fringes. 

Some experimental confirmation of the validity of this approach to the 
problem of image formation was clearly desirable. The particular case 
considered here represents the simplest illustration of the effect of coherence 
on an image merely by isolating localized regions of the wave front which 
subsequently interfere in the process of image formation. 


|: a general theory of image formation in optical instruments Hopkins (1953) 


§ 2. COHERENCE OF A WAVE FRONT 


The coherence of a wave front or the correlation in phase between points 
P,(X,, Y,) and P(X, Y,) in a plane illuminated by a source & with intensity 


distribution J(u, v) may be shown to be 


1 
Y12= Ria) | zo v) exp [tk{u(X, —X,)+v(Y,— Y,)}] do 


(see Hopkins 1951) where J, and J, are the intensities at P,; and P, do is an 


element of the source over which we integrate, k=27/A the usual propagation 


constant, and R is the distance of the two points from do. 
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We note that this can be expressed, apart from a constant factor, by the 
Fourier transform of the distribution of intensity in the source. If we isolate 
these disturbances by means of pinholes and later allow them to recombine the 
visibility of the interference fringes formed will be a measure of their coherence. 
The state of coherence of the whole wave front could then be examined by 
exploring the illuminated area using pinholes of a variable separation. 

In order to secure sufficient light transmission for accurate visibility 
measurements the two disturbances: were isolated by slits instead of pinholes. 
It was found convenient moreover to maintain a constant separation of the 
interferometer slits and to vary the coherence between them by adjusting the 
angular subtense of the slit source. 

The separation and width of the interferometer slits were carefully selected 
so as to produce sufficiently intense fringes with the largest period. A compromise 
was attained by the use of slits whose separation was not too large compared with 
their width and in this case there could be a degree of correlation in phase not 
only between the two slits but also over the finite relative area of either. In view 
of this arrangement it was considered necessary to evaluate the distribution of 
intensity across the diffraction pattern of two parallel slits of finite relative width 
illuminated by a source having a variable angular subtense. 


§ 3. "THEORETICAL CONSIDERATIONS 


The problem with which we are now concerned can be regarded as the 
determination of the distribution of intensity in the image of an incoherent slit 
shaped object viewed by an objective whose aperture is restricted to two fine 
parallel slits. 


Xv) | r(u) 
{ | . 
a b 
4 
bee R | [PY o 
INCOHERENT OBJ 
ices ECTIVE IMAGE 


Fig. 1. Schematic representation of the apparatus. (1) is the slit source whose width can 
be adjusted so as to vary the coherence in the plane of the interferometer slits. 


We shall use in principle the method developed by Duffieux (1946) for the 
study of incoherent objects. Confining ourselves to one dimension, let the 
complex transmission of the lens system be f(«) so that the amplitude in the 
image of a line source at u in the object plane will be 


1 ft 
F(u' —u)= (nym | ; ie, exp {a(u' —u)x\dx 


where u’ is a point in the image plane. 
If now the intensity at u’ is denoted by H(u’—w), then 


A(u' —u) =| F(u' —u) |* 
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and using this definition we can express the distribution of intensity in the 
image /'(w’), in terms of that in the object J(u) by means of the relation: 


I'v’) = aay | ; ; Hud auld 


the factor 1/(27)"? implying a convenient choice of the unit of intensity. 
Using now the Faltung theorem for Fourier transforms (see Titchmarsh 
1937), this may be written as 


I'W)= oo 5A 5} MAG) CHa aye Nn ake. (2) 


where 7(s) is the inverse transform of the object function and A(s) is the inverse 
transform of H(u’ —u) or by ma of the squared modulus of F(u’ —w) so that: 


h(s) = oan [“feof*e—s) ae. 


; For purposes of symmetry the origin can now be moved to s/2 and when 
| normalized so that an image of uniform unit intensity is obtained from such an 
object we have 


K(s) = af. f(«+s/2)f*(«—s/2)dx where A= i. | f(x) dx. 


Ignoring the aberration we may say that the complex transmission f(x) of 
the lens system can be taken as unity inside the area covered by the slits and zero 
outside. A(s) will therefore be equal to the area common to the two aperture 
systems displaced a distance s relative to each other, as suggested in fig. 2. 


—+ C+—-<+— 2b ——_>» 
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Fig. 2. 
If the slits are each of width c and their separation 26 their fractional width can 
be expressed conveniently as B=c/(b+c) then their separation will be 2(1— ) 
and the overall aperture 2. 
The following yaues a h(s) are found in the interval specified 


h(s) = re ) when 0<|s|<f 
h(s) = 0 when B <|s|<2(1—) 
Hs ooh when 2(1—8)<|s|<2—8 


h(s) = “2 ‘I when 2—B<|s|<2 


and so we see that A(s) is always of the form P+Q|s|. The remaining quantity 
in eqn. (2) is 7(s) and this by iar as will be 


a(S) i= (nye sal I(u) exp (—zus) du 
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and if as in our case the source is of uniform intensity and of semi-width a the 
object intensity function J(w) will merely serve to limit the range of integration. 
Thus : 


i(s)= (On at 5 [exp (—tus) w=" 


and eqn. (2) now becomes 
1 | (+ sin as 


CS has —— (P+Q|s|) exp (au’s) ds. 

For the purposes of computation it is convenient here to normalize this 
expression to make J’=1, for u'=s=0 and moreover to use the intensity per — 
unit size of source in order to make this normalization independent of the size | 


of the source. In this case 


+ 00 
=| sin as/s(P+Q|s|) exp (u's) ds 


+0 


ae: 


I'(u’)= 


where we see that 


2 
ae Pas= [ ds—| / CP as tf yas 
2(1—B) 
and since I'(u’), u/s) and h(s) are even ee it ‘niet ee exp (zu’s) must 

also be even and so consist only of the real part, namely cos w’s. 
Rewriting then with the range of integration extending over a half plane 


rw)=3{ = 


If now we substitute w’ = af, and bear in mind the limits appropriate to the three 
ranges of integration previously indicated we arrive at the following expression: 


Iw) = 74 A(Sila(l + )B1+ Sila — /)B]) ~ B(SiLad + (2-8) 
 Sila(1 +f)2(1—8)]+ Sila(1—/)(2—A)] — Sila(1 —f)21—By)) + C(Sifa(t +f)2I | 


— Sifa(1+f)(2—)] + Sila(1 —f)2]— Sifa(1 —f)(2— yy} =D | 
1 


sin as 


(P+ Q|s|) cos u’sds. 


eae 
where A= 2p B= pe ‘ C= am | 
and D=2 cos{a(1 + f)(2—p)/2) Waa NBA] ; 


Pratl f) | 
It has been seen that the phase coherence factor is given by the transform of | 
the distribution of intensity in the source, and if this is normalized to make : 
Yu=1 and yj2.=1 when a0 in our case y,2=sin as/as. The turning points } 
of this function occur when as=0, 1-437, 2-467, 3-47, and since s=2—f it is} 
clear that the values of a giving maxima of visibility will be 
1-437 2-467 
De, p) aT: 5) QUE 
For the zeroes of visibility or incoherent illumination 
2a 


PEplo— Bt Pee 


a= 


as=n, In, 3m, or a= GUC: 


NE OE ee 
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The above relation for J’(u’) is not altogether suitable when a is very small 
but this case can be simply dealt with by returning to eqn. (2) where J(u) is now 
a line source of negligible width and so can be represented by a Dirac delta 
function (wv). In this case then i(s) =1/(2z)!# and the normalized value of I’(v’) 
will be 


F(u')= an (P+ Q|s|) cos u's ds 


and substituting the limits associated with the various values of P and Q we 


finally arrive at 
7 _ (sin 4u'B cos gu'(2-~ 8) \? 
Ul rei cages 
which is of course identical to the square of the amplitude in the diffraction 


pattern deduced in the usual manner when the incident wave is completely 
coherent. 
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Fig. 3. Plot of the normalized intensity in the image for various source sizes. 


For the computation of J’(u’) a value of B was taken from the measured 
dimensions of the actual interferometer slits used in the experiment and this 
was found to be 0-182. 

The distribution of intensity in the diffraction pattern of two parallel slits 
characterized by 8 was determined theoretically for the first three maxima and 
the first two minima of visibility and the results of these calculations are shown 


in fig. 3. 
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We see, as indeed was expected, that the interference fringes are always 
contained within the diffraction envelope of one slit and so for slits whose width 
is comparable with their separation it is clear that Michelson’s definition of 


visibility no longer holds. 


+04 
THE PHASE COHERENCE FACTOR AT (=0-182 


FULL LINE CURVE IS THE PHASE COHERENCE FACTOR 
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Fig. 4. (a) Theoretical comparison between the fringe visibility and the phase coherence 
factor for a range of source sizes at 8=0-182. (b) Experimental comparison of fig. 4(a). 
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Fig. 5. Variation of visibility with the width of interferometer slits shown for source | 
sizes giving the second and third maximum of visibility. 
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If ,, 1, and J, J, represent the intensities of the first two maxima and minima 
we shall redefine the visibility as 


+13 ~— (2+ 11) 


Bi Wed, aeTee tty 


The variation of the visibility.of the fringes with source size when the 
interferometer slits have a width characteristic 8 =0-182 was computed and 
this is compared with the curve obtained when the slits are of negligible width 
and their separation has been adjusted to give a disappearance of the fringes 
at the same source size. This comparison is to be seen at the top of fig. 4. 

From the previous analysis it is now quite a simple matter to determine the 
difference between the modulus of the phase coherence factor and the visibility 
of the fringes as defined above and to see how the latter changes with the width 
of the slits. This result shown for the second and third maxima of visibility in 
fig. 5 will be of interest whenever one is concerned with measuring the phase 
coherence factor, or indirectly with determining the distribution of intensity in 
a source by the method of interference, since although one would prefer to use 
small values of 8 this may not always be possible; in this case the errors involved 
by this compromise should be appreciated, and made not greater than the other 
experimental errors. 


§ 4. EXPERIMENTAL PROCEDURE 


Our concern here is to produce the interference fringes previously described 
and to see how their variation of visibility with angular source size agrees with 
that theoretically predicted. 

Michelson (1890) carried out a similar experiment with the aim of making 
very precise measurements of the angular source size required to produce a 
disappearance of the fringes. ‘There appears to be no account however of the 
determination of fringe visibility over a wide range of source sizes for the 
purpose of coherence studies. 

An incoherent source of uniform intensity was produced by focusing a 
mercury vapour lamp on to a symmetrically opening spectrometer slit. The 
region of coherence in this image plane was made very small by the use of high 
aperture condenser lenses. The 4358A mercury line was isolated by a gelatine 
filter which has a transmission of 14°% at this wavelength and 2% at 40784. 
This latter impurity could be neglected so that the source was sufficiently 
monochromatic for our purpose. 

Two fine parallel lines ruled on a doubly aluminized piece of glass constituted 
the interferometer slits. Several of these systems were made, and using a 
microscope, the best was selected for equality of width, sharpness of the edges, 
and accuracy of parallelism. ‘The slits were made parallel to the slit source by 
adjusting for maximum visibility. 

The visibility of the fringes was measured photographically using an Ilford 
ordinary fine grain plate. 

The correct exposure was that giving fringes of the maximum visibility for 
a given source width, since under these conditions we are sure of operating on 
the linear part of the characteristic curve. 

The plate was calibrated after the main experiment by three-quarters closing 
the plate holder so as just to accommodate a sensitometer wedge in the remaining 
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quarter. The plate was then exposed through the wedge in a plane conjugate 
with the slit source brought into being by removing the interferometer slits and 
focusing with the aid of an auxiliary lens. 

A microdensitometer was used to relate any fringe to a certain line on the 
exposed wedge area having the same density and to relate this in turn to the 
density at the corresponding point of the sensitometer wedge. he visibility 
of a set of fringes in terms of the maximum and minimum exposures was then | 
calculated from the anti-logs of these corrected densities. 

Care was taken in setting up the microdensitometer to ensure that the 
emulsion itself was at right angles to the optical axis otherwise it could move 
out of focus with lateral shifts of the plate. The photometer slit width was the 
largest consistent with no reduction in the fringe visibility, and its total length 
was utilized. 

For small widths of the source producing clearly visible fringes only the 
maximum and minimum galvanometer deflections were recorded. After the 
first disappearance however it was found necessary to plot the galvanometer 
deflections against small lateral shifts of the plate. By drawing the best curve 
through these points the effect of dust on the plate and local irregularities in the 
emulsion could be nullified. 

For comparison with this experimental curve the phase coherence factor, or 
visibility of the fringes using interferometer slits of negligible relative width, 
was found from the first equation where the source is now a slit of width a and is 
of uniform intensity. Thus 

kab |kab 


Vig= sin ——/—. 


Rey AR 


The lower part of fig. 4 indicates the variation of this modulus with a compared 
with the best experimental curve normalized here to overcome the effect of light 
scattered in the apparatus. 


§ 5. CONCLUSION 


When careful attention was paid to the details of visibility measurement 
previously outlined, the errors recorded over the range of source sizes before the 
first disappearance of the fringes were as low as 2%. For the larger source sizes 
however, where the visibility of the fringes was now considerably reduced, the 
errors rose to 5% and were unavoidable due to the technique of photographic 
photometry employed. 

We note that these errors are of the same order as the 6% difference between 
the modulus of the phase coherence factor and the visibility expected at second 
maximum from the theoretical results. It was found possible by means of a 
repetition of the experiment to select mean values of the visibility curve at these 
large source sizes and fig. 4 shows that these do lie at least on the correct side of 
the phase coherence curve, and have approximately the deviation that we might 
expect. 

The possibility of determining the correlation in phase between two ff 
disturbances in a wave front from a measurement of the visibility of the fringes ]} 
formed when they interact has been demonstrated. 

The slight deviations observed between these quantities are well within those } 
to be expected from a practical realization of this theoretical equality. 
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RESEARCH NOTES 


A Method of Estimating Impurity Concentrations in Germanium 


By F.W.G. ROSE ann E. W. TIMMINS 
British Thomson-Houston Research Laboratory, Rugby 


Communicated by L. ¥. Davies; MS. received 10th fune 1953 


HE resistivity p of single crystal samples of germanium has been measured | 

in the temperature range 7 =100-400°K using both d.c. and a.c. (3 ke/s) | 

methods. Since Hall coefficient measurements on the same samples — 
showed a free carrier concentration of the order 101-1014 cm, it can be assumed 
that the electron or hole gas is non-degenerate in this temperature range, so that 
Boltzmann statistics may be applied. 

The general expression for conductivity is o= e(mu,, + pu) =1/p, where e is 
the electronic charge, m and p are electron and hole concentrations, ,, and p, 
are the respective mobilities. ‘The mobilities are temperature dependent terms, 
whose values are determined by the amount of lattice and impurity scattering 
present (Conwell and Weisskopf 1946). An assumption was made that in the 
extrinsic conductivity range of temperatures the carrier and impurity concen- 
trations were thesame. If these are of the order 10° to 10 cm %, lattice scattering | 
is predominant. ‘Theoretical curves have been calculated of logp plotted against - 
1/T for lattice scattering only. (The electron rest mass m—considered inde- - 
pendent of temperature—has been used for these calculations and the hole mass 
has been taken as 1:2m.) On comparison with experiment (fig. 1), agreement ° 
was found in some cases, but there were others where the discrepancy was # 
considerable. 

One way in which this discrepancy can be explained is by taking impurity ° 
scattering into consideration. ‘Thus the assumption of identity between carrier * 
and impurity concentrations is invalid, and an impurity concentration outnumber- - 
ing the carriers must exist. 

As Hall coefficient measurements showed a carrier concentration independent 
of temperature in the extrinsic range, all donor or acceptor impurities must be ° 
ionized. ‘Thus the impurity concentration N; can exceed carrier concentration || 
only if there are donors and acceptors present simultaneously. This conception | 
has been used by Hung and Johnson (1950), but with samples of low resistivity ) 
such that the carrier concentration was of the order 10!°cm-3 in the extrinsic 
range above 100°x. Thus the existence of minority impurities less than 10% cm-3 ’ 
could be detected only by measurements at very low temperatures where most of | 
the excess donors or acceptors are no longer ionized. | 

For electrical neutrality (n+ .N,)—(p+Np)=0, ie. n—p=Np—N,, where} : 
Ny and N, are concentrations of donors and acceptors. 1) 

As the discrepancy occurred in the extrinsic range where n>, or p>n, then/ 
u=Np—N, or p=N,y—Ny and so Ny=Ny+N, can be much greater thani]) 
nm Or p. 
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Theoretical curves have been calculated of logp plotted against 1/7’ with 
various values of Nyp—N, and N, — Ny for a series of values of N; from 10" to 
10'Scm™*, beyond which limit Boltzmann statistics become inapplicable. One 
set of such curves is shown in fig. 2. In calculating the effective mobility pw in 
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Fig. 1. Comparison of two theoretical curves of log p plotted against 1/T (Np=10'8 and 
10™ cm~*) for lattice scattering only, with some experimental results which differ from 
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Fig. 2. A set of theoretical curves of log p plotted against 1/T for Np—N,=10" cm-* 
with both lattice and impurity scattering in germanium. ‘The appropriate values of Ny 
are indicated. 


the presence of impurity and lattice scattering, a graph (Conwell 1952) was used 
which enables a correct computation of uw to be made. 
The theoretical curves of fig. 2 show that there is quite good agreement with 
experiment in the extrinsic range. As shown in fig. 2, theory indicates that with 
“PROC. PHYS. SOC. LXVI, 1I—B 3U 
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increasing values of Nj, the resistivity increases not only in the extrinsic but also 
in the intrinsic range at any given temperature. Some experimental curves such 
as curves a and 6 in fig. 1 appear to give confirmation to this. 

By selecting from the set of theoretical curves that curve which gives the 
best fit with the experimental curve, one is able to specify the total impurity content 
N, and Nyp— Nj, or Ny—Np. 

In obtaining the theoretical curves, the most uncertain factors seem to be 
the effective hole and electron masses m, and m,. The JN; value attributed to 
any particular curve is approximately proportional to m™*?. ‘Thus the N; 
labelling of a set of curves may be in error by a factor up to 3. , The value of 
Np—N, or Ny—Np for any particular set of curves remains practically un- 
affected. The error in estimating Np— N, or Ny — Np is given by the accuracy 
with which the experimental and theoretical curves are fitted, and may be within 
LOY, 

So far we have assumed that the concentration N; of scattering centres is 
the sum of donor and acceptor impurities, but such lattice imperfections which 
might act as donors or acceptors can be included. 

We have not yet considered those scattering centres which remain neutral 
(e.g. dislocations) the concentration of which we will put equal to No. With the 
good agreement found between theory and experiment, either N,)>0, and 
scattering by neutral centres follows the same law as for charged centres, or 
N,=0.. Hence we may put N,=N,+Np+No. If Ny>0, but the scattering 
law is appreciably different, then we should expect poor agreement. ‘Therefore 
we can assume that in our samples there is no appreciable concentration of such 
scattering centres for which a different scattering law applies (e.g. lattice dis- 
locations, Dexter and Seitz 1952). 

Measurements of lifetime on the same samples indicate a correlation with 
N, as suggested by an extension of the theory of Read and Shockley (1952) made 
by Rose and Ransom (1953, unpublished). 

‘The above method has been applied to the problem of the difference in purity 
between germanium crystals grown in vacuum and those grown in an inert gas 
such as argon. ‘Tests show that by growing a crystal from n-type material in 
vacuum, the donor and acceptor impurities evaporate, but the evaporation rate 
for donors is greater than for acceptors. Such vacuum-grown crystals can be 
extremely pure, but are almost always p-type, i.e. Ny>Np. These crystals, | 
on being melted and re-grown in argon of various purities, in all cases show an 


appreciable increase of N; most probably due to contamination from the gas, 
and in general Ny >N,. 
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A Microwave Computing Problem 


By-R. N. BRACEWELL 


Division of Radiophysics, Commonwealth Scientific and Industrial Research Organization, 
Chippendale, N.S.W., Australia 


Communicated by E. G. Bowen; MS. received 31st August 1953 


the real numbers S,, S, and A are given has led to the construction of 

a special analogue computer employing the principle of the Kelvin bridge 
(Little 1953). A main consideration of his design was to achieve speed and 
simplicity whilst maintaining a certain practical accuracy over a desired range 
of the variables. 

Since the problem arises out of microwave absorption measurements, a 
field of wide interest, the alternative computer of the figure may be of value. 
It is of simple design and of similar or better order of accuracy for a given 
size of master curve and range of variables. ‘The use of the computer is 
described first, and the detailed construction and explanation follow. 


a p 
erspex 
= Sheet 
Lett YY 


[ot need for solving the equation cosh 2«S,=A cosh 2a5S, for « when 


Fixed to a drawing board is a sheet bearing a master curve CC and two 
permanent scales A and B. A movable sheet of Perspex bears the same 
curve CC on its under surface and may be displaced parallel to itself with a 
T-square. Alternatively, the ‘T-square, drawing board and Perspex may be 
dispensed with, leaving a piece of graph paper and a piece of tracing paper, 
but some speed would be sacrificed. 

To obtain a solution, 

(i) Set the edge of the T-square to A on scale A. 

(ii) Set the left-hand edge of the Perspex to S,/S, on scale B. 
(iii) Read off 2, on scale B. 
(iv) Divide 2«S, by 2S, to get «. 

The formulae for the master curve and the two scales may be expressed in 

terms of rectangular coordinates ~ and y as follows: ; 
Master curve: y=log cosh e*® 
Scale A: y=log A 
Scale B: p= log 2x.9;. 

The scale of 2«,S, is also used for reading off S,/\Sj. 
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The procedure may be explained as follows. It may be verified that the _ 

desired solution is given by the intersection of the two curves X 
y =log cosh e”, 
y —log A =log cosh exp {x —log (.S,/S,)}, 

where x=log 2«S,. Now these two curves are the same shape, differing only 
by a vertical displacement log A and a horizontal displacement log (,S,/5S,). 
The finished computer is simply the embodiment of this result in a mechanical 
form with convenient provision for performing the displacements and with 
scales reading directly in A, 2S, and S,/S3. 


REFERENCE 
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LETTERS TO THE EDITOR 


A Further Note upon the Growth and Optical Properties of 
Stearic Acid Crystals 


In a recent paper (Verma and Reynolds 1953) two types of stearic acid crystals 
were reported which differed in their optical properties and their edge (or profile) 
angle. It is possible to identify these two types as the B and C polymorphs (after 
Piper et al. 1926) asa result of the determinations of the a and 6 axial dimensions by 
Schoon (1938) and Anderson and Dawson (1953). The reported optical properties 
can also be clarified. 

For the B polymorph Anderson and Dawson give a=5:64A, 6=7-:59A, 
whilst for the C form a=9-11A and b=4-82A. The angle between the [110] and 
[110] directions is 2 tan (b/a) which for the B form of the acid leads to a profile angle 
(acute) 73°14’ and for the C form 55°45’. These profile angles agree, within 
experimental error, with the values reported by us, and also with the observations 
of Miiller (1927), Thibaud and Dupré la Tour (1930) and Schoon (1938). 

It then becomes apparent that in the B form the 6 direction bisects the acute 
angle between the edges of the (001) face and in the C form the obtuse angle. 
Therefore in both the B and C forms of the crystal the vibration parallel to the 
b axis, which is the symmetry axis, has a smaller refractive index than the vibration 
parallel to the aaxis. This is to be expected since the d direction is perpendicular 
to the chain-length. ‘The small difference in the magnitude of the birefringences, 
namely 0-018 and 0-015, is due to the change in the axial ratios and the monoclinic 
angle. 

From their study of growth steps on stearic acid and other long-chain 
compounds using the electron microscope Anderson and Dawson (1953) conclude 
that in stearic acid the spiral steps are bimolecular, in accordance with the nature of 
this acid in solution. Using an optical microscope we have reported growth 
steps which are integral multiples of the bimolecular unit. ‘These may be 
considered to be due to a group of bimolecular steps which were not resolved. 
However, steps which were odd half-integral multiples of the bimolecular unit, 
i.e. (65-2 + 0-9) A=1-5(43-5+0-6)A, were also found. ‘These cannot be inter- 
preted as any grouping of unit steps. Further step-height measurements are 
being undertaken to clarify this. 
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REVIEWS OF BOOKS 


Photography—Its Materials and Processes, by C. B. NEBLETTE, 5th Edn. 
Pp. vii+500. (London: Macmillan, 1953.) 47s. 6d. 


The physicist who uses photography as a tool needs a book which gives 
him sufficient theory to enable him to understand the processes involved, and 
which shows him how they can be applied in practice. Such a book should 
also describe the many photographic techniques available to the scientist at the 
present time, thus telling him what can be done, and how, so that he can start 
on the right lines when faced with a photographic problem. 

In spite of its title, the work under review is not of this kind, for, apart 
from fundamental photographic theory, it only deals with ordinary pictorial 
photography and reproduction processes. It is a collection of articles written 
by fifteen contributors and compiled by Mr. Neblette who has also taken the 
largest share in the authorship. On the whole, the emphasis of the book is on 
the theoretical aspects of the techniques described, and practical hints are given 
only rarely. 

As sometimes happens in books of this sort, the amount of previous 
knowledge demanded from readers fluctuates strongly from chapter to chapter, 
and the units and technical terms used are often left undefined (though a 
definition may sometimes be found in a later chapter). In some of the articles, 
too, the writing is quite exceptionally clumsy, for example: “ ‘The term 
polarized, as applied to light, does not have reference to its color nor its 
intensity, but to another property which, unlike the other two, is invisible and 
has to do with the way in which a ray of light vibrates” (p. 73). This 
quotation will also indicate how low a level of attainment in the reader is expected 
by some of the authors, particularly those responsible for the chapters on the 
physics of photography. Much greater demands are made in the sections 
dealing with chemistry, and there are pages and pages of complicated structural 
formulae which can hardly be understood by the uninitiated. 

However, the book is not uniformly bad. It fails in some of its theoretical 
sections where it cannot compare with Mees’s standard work, or with the 
excellent little volume by James and Higgins (Fundamentals of Photographic 
Theory, London: Chapman and Hall, 1948), but it contains a number of 
interesting well-written articles which give a clear scientific account of some 
of the techniques and materials used in photography and reproduction work, 
and of the problems which arise in their use. Into this group, in particular, 
belong the chapters on diffusion-transfer reversal processes, and on the 
reproduction of tone and colour in monochrome. ‘The chapters on colour 
photography are excellent as a first introduction, and there are other sections 
which deserve similar praise. It is a pity that these articles should be found 
in such poor company. 

The book contains many references to original papers, and this will make 
it more useful to research workers who have a reference library within reach. 
There are 500 pages of text, many illustrations and quite a few misprints. The 
price seems reasonable for a book of this size, printed in the U.S.A. 

A. J. HERZ. 
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Dislocations and Plastic Flow in Crystals, by A. H. Corrrett. Pp. ix +223. 
, (Oxford: Clarendon Press, 1953.) 25s. 


It must be apparent by now that no one can safely study any property of 
crystals without paying regard to dislocations. The subject may be approached 
from many aspects, of which a few may be mentioned here. From the definition 
of a lattice : a lattice is the array of points at the intersections of three families of 
equidistant planes—if one of these families is replaced by a helicoid we have the 
simplest example of a dislocated lattice. From elasticity theory: the more 
powerful mathematical methods in this theory relate states of stress to mathe- 
matical functions, and the consideration of functions which possess singularities 
naturally introduces the idea of dislocations. From a pursuit of the idea of 
“mosaic structure’: consideration of the boundaries between mosaic units, with 
the aid of mathematics or bubble models, shows that the atomic misfit in these 
boundaries cannot be uniform but will concentrate into dislocation lines— 
whereupon it becomes clear that the dislocation concept is the more fundamental 
one and mosaic structure a particular arrangement of dislocations. From the 
theory of crystal growth: which shows that in many circumstances only dislocated 
crystals are capable of growing. And from the observed fact of crystal slip : it is 
scarcely thinkable that slip should be uniform and simultaneous over a macro- 
scopic area of slip surface, and the boundaries between areas which have slipped 
by different amounts are dislocations, so that these are the natural elements of a 
theory of plastic deformation of crystalline solids. 

Cottrell, a physical metallurgist, naturally adopts this last approach, as the 
title of his book indicates. One could scarcely write a book on dislocations 
otherwise at the present moment, since more thought has been given to this 
aspect of the subject than to any other: the fact that the number of firm con- 
clusions reached is not proportionately large makes all the more welcome the 
guidance of a physical metallurgist whose judgment is so sound. ‘The elasticity 
theory and basic geometry of the subject are naturally treated at considerable 
length, being fundamental to any application; and the author is to be con- 
gratulated on his simple and accurate exposition of matters which are only too 
easily made difficult, and abound in opportunities for error. ‘The parts played by 
dislocations in crystal boundaries, in crystal growth, and in determining etch 
patterns are introduced for the valuable purpose of showing that dislocations 
visibly exist : it is not long since they were widely regarded among metallurgists 
as a mathematical fiction. Hedges and Mitchell’s revelation of dislocations in 
the interior of a crystal (1953, Phil. Mag., 44, 223) came just too late for inclusion. 
Dislocations as the sources, sinks, and traps of vacancies, interstitial atoms and 
impurity atoms are dealt with in their relationship to mechanical behaviour and 
annealing : it would have been too early to devote much space to the application 
of these ideas to other branches of the theory of solids, which are obvious but 


have been little studied as yet. 


Since 1949, Cottrell’s 50-page article in Chalmers’ Progress in Metal Physics, 
Vol. I, has been the best available introduction to the subject of crystal dis- 
locations, and a handy reference for those already introduced. This fuller 
account is proportionately more welcome. ‘The reader will have nearly every- 
thing that matters in the subject brought to his notice, he will find a number of 
points which could have puzzled him clearly expounded, and he will be told very 
little that is wrong without a warning that it may be, PAGE 
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Fig. 2. Fe; oblique (111) orientation Fig.3. Pd; oblique (211) orientation 


(weak). (weak). 


Fig.4. Cu; oblique (211) orientation (weak). Fig. 5. Al; oblique (100) orientation. 


Fig.6. Al; random (dep. in air at 10~-* mm Hg). Fig. 7. Mg; {103} orientation. 


Fig. 8. Bi; {100} orientation (face-centred Fig.9. Zn; {112} orientation, limited 


rhombohedral axes, pseudocubic). 


azimuthally (-+fainter ZnO). 
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Fig. 1. Autoradiograph of steel surface after passage of clean radioactive copper slider 
under a load of 2000 g, showing black circular regions caused by copper wear 
particles. 
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Fig. 9. 


0 0-05CM 
ECG | 


Figs. 8 and 9. Autoradiographs of copper surface after passage of radio. 
active steel slider under loads of 50 g (fig. 8) and 5000 g (fig. 9). 
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Fig. 2. Thick mica single crystal, Fig. 3. As fig. 2, but at 100 kv. 
60 ky. 
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As fig. 2, but at 140 kv. 


Fig. 4. 


Fig. 5. Rock salt (001) cleavage Fig. 6. As fig. 5, but at 120 kv. 
face, beam || [100], 60 kv. 


PLATES). 


PROC. PHYS. SOC. VOL. 66, PT. II—8 (G. I. FINCH, H. C. LEWIS AND D. P. D. WEBB). 
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Fig. 7. Quartz single crystal, mech- Fig. 8. As fig. 7, but at 140 kv. 
anically polished to a _ high 


optical finish; angle of incidence 
about 1°, 60 kv. 


Fig. 9. As fig. 8, but with angle of Fig. 11. Rutile single crystal, con- 
incidence reduced to a few minutes, choidal fracture, 120 ky. 
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Photoelectromagnetic and Photoconductive Effects 
in Lead Sulphide Single Crystals 


By T. 8S. MOSS 


‘Telecommunications Research Establishment, Great Malvern, Worcs. 
MS. received 6th Fuly 1953 


Abstract. For the first time bulk photo-effects have been observed in single 
crystals of lead sulphide. Both photoelectromagnetic and photoconductive 
measurements have been made, and carrier lifetimes and quantum efficiencies 
estimated therefrom. Quantum efficiencies are near unity for all samples, while 
lifetimes are found to range from 6 x 10-1° to 9 x 10-® second. Measurements on 
lifetimes by two other methods give values in reasonable accord with the photo- 
electromagnetic values. Study of the spectral distribution of sensitivity establishes 
that there is no appreciable change in quantum efficiency with wavelength except 
for the rapid fall at 3, thus establishing that photoelectrically there is no difference 
between the main absorption band and the ‘tail’ band. The optical activation 
energy (i.e. quantum energy at which sensitivity is halved) is 0-41 ev, and it is 
concluded that the thermal activation energy is very close to this value. 


§ 1. INTRODUCTION 
LTHOUGH in the past there have been frequent observations of photo- 
aN conductivity in sensitized layers of PbS, and of photovoltaic and 
photoconductive effects at metal contacts on single crystals (Gibson 1952), 


bulk photo-effects in single crystals have not previously been observed. 


One reason why photoconductivity has not been observed in the past is no 
doubt the difficulty of obtaining crystals of the requisite high purity, and 
another is the difficulty of ensuring that any effect which might have been 
observed was indeed due to photoconductivity and not to bolometric effects. 
For the latter case the use of the photoelectromagnetic (PEM) effect gives a 
powerful method of distinguishing the two by the independent control of the 
magnetic field. 

§ 2. THEORY 

Two independent theories of the PEM effect have recently been formulated 
(Moss, Pincherle and Woodward 1953, Aigrain and Bulliard 1953). In the 
case of the present measurements where the specimens have relatively high 
carrier concentrations and short diffusion lengths and where the preparation of 
specimens is more difficult than for germanium, it has been found preferable 
to adopt a simple phenomenological theory of the short-circuit current in place 
of the more complex formulae previously derived for voltages set up on the front 
and back surfaces of the specimen. 

Consider a rectangular specimen of length /, thickness ¢ and width w which 
is irradiated normal to its length and width so that O quanta per second are 
absorbed in the material (fig. 1). Photo-electrons and photo-holes generated 
near the surface will set up a concentration gradient and the carriers will diffuse 
down through the specimen. Under the influence of a transverse magnetic 
field (i.e. perpendicular to the length of the specimen and to the direction of 
the radiation) the two types of carrier will be deflected in opposite directions 
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=] 

through the Hall angle tan 6=B where pu is the mobility in m?v~! sec and B the | 
magnetic induction in weber m?. 

Ait that the neutrality condition is satisfied, the diffusion length L, | 
travelled by an electron is given by L,=(D,7)"? where D, is the diffusion 
constant and the average carrier lifetime, provided that there is no appreciable 
electric field in the direction of motion. In the present problem this means 
that the diffusion photo-voltage set up in the direction of the thickness does not 
give a field comparable with RT/e per diffusion length. Estimation of the 


e Galena (0:23Qcm) 
x Germanium (402cm) 


Relative Photoelectromagnetic Voltage (independent scales) 


0 02 #04 O06 08 10 1200 4 
Magnetic Induction B (weber m-?) 


Fig. 1. 


diffusion voltage using the theory of Moss, Pincherle and Woodward (1953) 
shows that it is several orders of magnitude less than this. Hence for small | 
magnetic fields the carrier will move a distance p,B(D,7)"? between the — 
electrodes and give a charge contribution eu,,B(D,7)"?/1 to the external circuit. © 
A similar contribution will arise from the photo-holes, so that the net steady 
short-circuit current generated by the sample will be 


: B 
jay SE fy (Dz) + w(Dyr)!}* oe 


or 1,= 


eB ; . 
7 1*(kTr/e)! since D.=p,.RT/e 
* Alternatively, the instantaneous current density 7 produced by each photo-electron 
| 
| 
| 
| 
| 
| 


per unit volume moving with velocity v in the direction of the electrodes is j= ev so that | 
the charge transfer is . | 


Ode 7 : i 
5 wtjdt =wte {3 vdt =(wte) x (distance moved between the electrodes). | 


Hence the total charge transfer per second due to the electrons gives 


= ol wee{ [1,.B(Der)!2}= C7 1 B(D yr)" 


with a similar term for the hole contribution. 


Oe ee apa _ 
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where » is the quantum efficiency and y is an effective combined mobility for 
electrons and holes. 

It may be noted that the photo-diffusion voltage which is set up in the direction 
of the irradiation will accelerate the slower carriers (holes) and slow up the faster 
ones (electrons), and will in fact equalize the path lengths of the two types of 
carrier—otherwise there would be a net current in the direction of the radiation. 
For this reason, and also because the individual mobilities «are not accurately 
known in PbS, it is considered preferable to use the above ‘effective combined 
mobility’ rather than w, and ,, explicitly. 

Equation (1) may be compared with the expression for the short-circuit 
current derived by Moss, Pincherle and Woodward (1953). For (Dr)"?<t as 
is the case for PbS crystals, their expression reduces to 
Qe +n) BDyr)2 


*s 1 1450 


where «=D,/Ls and s is the surface recombination velocity. For PbS, 
D=25 x 10-4 m® sect and L~10-'m. The surface recombination velocity s 
should be small for a cleavage surface—it would be expected to be comparable 


. with the values found for well etched germanium surfaces, i.e. ~ 2m sec". 


Rough measurements by the method outlined by Moss, Pincherle and Woodward 
(1953) indicate that s<1l0msec4. Hence «>1 and a/(l+a)~1. The 
expression is then practically identical with eqn. (1). 

The equation for the PEM voltage given by Aigrain and Bulliard (1953) 
may be converted to short-circuit current by dividing by the specimen resistance 
(as the behaviour has already been shown to be ohmic in this respect by Moss, 
Pincherle and Woodward (1953)), and if again unity is ignored with respect 
to ~ one obtains 1 1 


1,=nOe2uBL/l where wp =2 ACs + ~) = 
Me Fn, 


Thus all three expressions are of the form 7,=(jQBe/l)(RTr/e)!? yu? where 
p. is a weighted combined mobility, the method of weighting being somewhat 
different in each case, but all reducing to the same value for »,. =p. 

For the case of photoconductivity in an applied electric field / v m™ the 
distance travelled between the electrodes is ../7 for an electron and Fr for 
a hole, so that provided Fr is small compared with the length of the specimen 
the current is 2’ =7Qep’ F7/1 where ,’ is now the simple sum of px.+p,. As the 
ratio of mobilities is not large for PbS, differences in » and yp’ will be ignored 
henceforth. 

Hence for a given specimen and given illumination, 


t/t, =(F/B)(er/uRT)? =a for example, 


Be uke Ba 
and T= fF? hour = Jaa wetor ial Wee (2) 


where D is a weighted total diffusion constant. ‘hus the mean lifetime of the 
carriers is determined directly from the ratio of the short-circuit currents under 
applied electric and magnetic fields. 
aa. jin O Be eels 
| Similarly Fenny pDs or y= 5 Ones) ee. ana (3) 


From expressions (2) and (3), values of the carrier lifetimes and quantum 
efficiencies can be obtained within the limits of accuracy imposed by uncertainties 
in w and D, 
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§ 3. EXPERIMENTAL DETAILS 


The specimens used were cleavage plates of natural galena from various 
sources. With care it was possible to obtain samples about 5 mm long, 0-5 mm 
wide and 0:2-0-3 mm thick. ‘These had the ends copper plated, and fine platinum 
wires then soldered on.* ‘The electrodes and parts of the crystal in close proximity 
to them were masked by black paint. 

The irradiation was supplied by a double monochromator with a Nernst 
source, the radiation being chopped mechanically at the entrance to the 
monochromator. ‘The signal from the specimen was passed through a transformer 
with an impedance step up of 10°-10° depending on the specimen resistance, 
and amplified in a high gain amplifier followed by a homodyne detector circuit. + 
Chopping frequencies of 400-700 c/s were used. The signals obtained were 
small; at the transformer input they covered the range 10-*to 10-® vy. For the 
smallest signals the bandwidth of the homodyne system was reduced to 1/16 c/s 
in order to ensure adequate signal/noise ratios. 

The amplifier system was calibrated by use of a signal generated by the 
chopper using a photocell and lamp so that the wave form of the calibrating signal 
would be the same as the wave form finally measured from the PbS sample. 
The signal from the photo-cell was measured on a valve voltmeter and then 
passed through known attenuators to the amplifier input transformer. 

The radiant power falling on the specimens was calibrated by focusing the 
radiation on to a thermopile of known area in the same manner as it was normally 
focused on to the specimens, and then checking the radiation thermopile against 
another thermopile of calibrated flux sensitivity in unfocused conditions. 
A correction was applied for the known reflection loss at the PbS surface. 

Measurements of resistivity and electric fields along the specimens (for given 
working currents) were made by potentiometric methods with tungsten probes 
operated by a micromanipulator. ‘The electric fields used were such to make 
a of eqn. (2) near to unity. 

In interpreting the data, it was necessary to calculate the short-circuit current 
for the z/luminated section of specimen alone. With the experimental conditions 
used the path lengths of the carriers were small compared with the length of the 
illuminated section, so that any end effects due to carriers moving out of the 
illuminated zone may be ignored. ‘The procedure used was to find the resistance r 
of a section of length equal to the focused image used for irradiation from 
resistivity measurements. ‘Then from a measured voltage V across a load Z the 
short-circuit current is given by 7,=V(Z+ R)/Zr where R is the total specimen 
resistance. ‘This expression of course allows for contact resistances (which are 
included in R) provided they are linear. As these resistances were kept low it 
was considered that any spurious effects arising at the contacts could be neglected. 

Values of lifetime were also obtained from diffusion lengths measured by 
traversing a narrow slit of light over a fine tungsten probe and observing the 
photo-voltage generated at the probe as a function of the distance separating the 
light source and the probe. ‘lhe theory of this measurement is described in 


* T am indebted to Mr. W. H. Mitchell of 'Telecommunications Research Establishment 
for cleaving and mounting the specimens. With care the contact resistances could be 
reduced to } to $Q for samples of only 0:1 mm? cross section. 


+ This amplifier system was designed by Mr. D. A. H. Brown of 'Telecommunications 
Research Establishment. 
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the Appendix. The slit of light used was 15 wide, produced by reflecting 
optics so that no wavelength restrictions were introduced.* The radiation was 
chopped at 800 c/s and the photo-voltage measured with an amplifier tuned to 
this frequency. 

A third method of measuring lifetime was also used. This was direct 
observation of the build-up time of a photoconductive signal when a square 
pulse of light was allowed to fall on the specimen. The light source used was a 
spark gap, which after an initial delay of 0 2 usec, was found by observation 
with a vacuum photocell to rise to half maximum value in 0-3 psec (this time 
including any delays in the amplifiers used in the measurement), and to stay of 
fairly constant amplitude for about 4usec. The signal wave form was assumed 
to be exponential, and the lifetime taken to be the difference of the times required 


for the signal to reach 1—1/e of maximum for the PbS crystal and the vacuum 
photocell. 
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Fig. 2. 


The complications introduced by surface recombination are ignored in all 
three methods of measuring lifetime. ‘The rate of volume recombination in PbS 
is very high (compared with germanium) so that surface recombination should 
be relatively less important. Valdes (1952) states that for well-etched germanium 
measurements of lifetime up to 500 sec can be made with reasonable accuracy 
using the travelling light spot method. It thus seems unlikely that recombination 
at cleavage surfaces of PbS crystals will produce appreciable errors in the 
measurements of such short lifetimes as are in fact observed.t 


§ 4. EXPERIMENTAL RESULTS 


The photo-current was found to vary linearly with applied voltage as shown 
in fig. 2, provided that the wattage dissipated in the specimen was not sufficient 
to cause appreciable heating. As shown in the lower curve of fig. 2 the range of 
linearity could be extended by reducing the specimen thickness (and so increasing 
its resistance) and at the same time mounting it on a suitable backing plate. 


* This micro-illuminator was designed by Dr. D. G. Avery. 

+ According to Shockley (1950) the ratio (actual lifetime)/(volume lifetime) is 
1—7s(2w-1+2t-1). Taking s=200 cm sec~! the highest value of 7 in the present work 
(9 sec) gives an error of 16%, with proportionately smaller errors for the shorter lifetimes. 
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4.1. Quantum Efficiency 


In order to calculate the quantum efficiencies and lifetimes from eqns. (2) 
and (3), it is necessary to know the mobility and corresponding diffusion constant. 
There is still considerable uncertainty about mobility values for galena crystals. 
Unpublished Hall effect data by Dr. E. H. Putley of T.R.E. give an average 
mobility for either type of carrier of 400 cm? v-' sec"! for 6 samples of Joplin, 
300 cm? v-! sec! for 4 samples of Wisconsin and 540 cm? v-‘ sec”? for one 
sample from each of Saxony, Cornwall, Lead Hills, Urals, and Aberdeen, there 
being no significant difference between , and ,. From these 15 samples the 
average mobility is 420 cm-? v-! sec 1. Somewhat lower values have been given 
by Eisenmann (1940) but this is perhaps because some of the samples measured 
were polycrystalline. Thus from Hall effect data the average combined mobility 
is of the order of 800 cm? v-! sec~}, and this value will be used to calculate both 
the quantum efficiencies and lifetimes. 

Values of resistivity and quantum efficiency for Wisconsin galena are given 
in the table for various measuring conditions and parts of the specimen. All 
measurements were made at a wavelength of 2:0, with approximately 
10!° quanta sec! absorbed in the samples. 


Specimen number Z 3 4 5 
Resistivity (Q cm) 0:29-0:39 0-17-0-23 Q-23—0-45 0-50—-0-76 
Quantum efficiency (%) 52-74 41-90 69-150 40-48 


These figures all lie in the range 40° to 150°, and as experimental inaccuracies 
and uncertainties in the mobilities are considerable, it seems probable that the 
quantum efficiency is in fact of the order of 100% for lead sulphide, i.e. each 
absorbed photon produces a hole-electron pair. No significant variation of 7 
with intensity of irradiation was observed, a varying by less than 5% for 6:1 
change of intensity. 

The scatter in the Hall mobility values is such that 12 of Putley’s 15 samples 
were within + 40% of 420 cm? v~! sec”, so that with allowance for the dependence 
of the calculated quantum efficiency on the square of the mobility, 80% of the 
quantum efficiency values would be expected to lie within a factor of 2 up or 
down from the mean value. This is about the spread actually observed. 

Relatively low values of mobility in galena are also indicated by the linear 
dependence of the PEM voltage on magnetic field shown in fig. 1. As a contrast 
the dependence for a germanium sample is shown. At high fields non-linearity 
is expected, due to a reduction in the PEM by a factor 1+ 2B? (Aigrain and 
Bulliard 1953). This factor explains the germanium results fairly well if ju is 
taken as 0-45 m?v-4sec!, a value in fair agreement with that found by 
magneto-resistance measurements (see Moss 1952). 


4.2. Spectral Distribution of Sensitivity 


The spectral sensitivity curve was plotted for one sample using a Leiss 
double monochromator with LiF prisms. The results are shown in fig. 3. 
As will be seen from the lower curve the quantum efficiency is virtually constant 
from the near visible to 2-9 1, the response falling rapidly at longer wavelengths, 
being down to half value at A,j.=3-02 ». There is thus no significant difference 
in the quantum efficiency at long wavelengths (in the tail absorption band) and 
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at short wavelengths (in the main absorption band). Hence the ‘tail’ band cannot 
be regarded as an exciton band incapable of giving rise to photoconductivity 
in a single crystal, but must be regarded as arising from band to band transitions 
which produce free carriers. Furthermore, as the quantum efficiency in the 
24 region is so high it is very unlikely that the photo-carriers can come from 
impurity centres, but they must come from the upper filled band of levels. 
From measurement of the optical constants of PbS of various impurity content 
Avery (1953) has also concluded that the ‘tail’ absorption band is intrinsic to 
the material. The ,. value found from fig. 3 coincides with the position of the 
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Relative Sensitivity 


10 14 18 22 26 30 34 
Wavelength (4) 


Fig. 3. Photoelectromagnetic effect in Wisconsin galena. 


absorption edge (Avery 1953, Paul and Jones 1953). Taking the optical activation 
energy as the quantum energy at this wavelength (see Moss 1952) its value is 
0-41 ev. As the absorption process is not exciton formation (or even if it is, so 
little energy must be required to dissociate the excitons that they are dissociated 
at once by thermal energies at room temperature—and probably likewise at liquid 
air temperatures) then the optical activation energy cannot be significantly Jess 
than the forbidden gap width, although as a consequence of the Franck—Condon 
principle it may be slightly greater. However since the dielectric constant at 
radio frequencies* is approximately equal to that at optical frequencies, Le. 
equal to the square of the refractive index in the non-dispersive region (Avery 
1953), theory shows that there can be little difference between the thermal and 
optical activation energies (Moss 1952), and thus the gap width must approximate 
closely to 0-41 ev. 


4.3. Lifetime Measurements 


Using eqn. (2) lifetimes have been calculated for all the specimens of Wisconsin 
galena for which quantum efficiencies are given. In addition PEM measurements 
have been carried out on various specimens of Joplin and Broken Hill galena of 
considerably greater impurity content. It was not possible to measure photo- 
conductivity in these latter samples, but on the basis of unit quantum efhciency 
(as established for the Wisconsin specimens) the lifetimes have been calculated 
from the absolute magnitudes of the PEM short-circuit currents using eqn. (1). 
The lifetimes for all samples are plotted against resistivity of the material in fig. 4, 
the difference points being for different parts of a given specimen. ‘The values 


* See International Critical Tables. 
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are seen to range from 6 x 10-!° sec to 9 x 10-6 sec, corresponding to diffusion 
lengths of about 1 4 to 100». No variation of + with wavelength was observed. 

Also shown in fig. 4 are lifetimes found from diffusion lengths which were 
measured by plotting the variation of photo-voltage at a metal probe as a slit of 
light was traversed over it. Some typical plots of photo-voltage against distance, _ 
which show that the theoretical exponential law is obeyed, are given in fig. 5. | 


Lifetime (sec) 
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mobility of 800 cm?v“sec" 


01 0-01 
Resistivity (cm) 


Fig. 4. 
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Fig. 5. Measurement of diffusion lengths by travelling light spot. 


In fig. 4 there are also shown, for two specimens, values of response time 
obtained by direct observation of the rise of photo-current when ‘square’ pulses 
of light were allowed to fall on the specimens. It will be seen that the values of 
obtained by all three methods are in general agreement considering the scatter 


in values over different regions of the specimens, thus confirming the theories 
used for calculating r. 
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Comparison with the straight line of slope 2 drawn on the graph shows that 
in general the data may be represented by the relation 7 x p?, so that the lifetime 
varies inversely as the square of the concentration of free carriers. This indicates 
that the recombination of free carriers is a second order process, thus confirming 
Pincherle’s (1951, unpublished) theoretical calculations that for PbS the Auger 
effect is the predominant mechanism. ‘The straight line of fig. 4 represents a 
cross section for recombination of 2 x 10-% x (carrier density) cm?. 


§ 5. CONCLUSIONS 


It is concluded that bulk photo-effects take place in single crystals of PbS, 
both photoelectromagnetic and photoconductive effects being observable in 
specimens of adequate purity. 

The quantum efficiency (at a wavelength of 2 ) is found to be approximately 
unity in all cases. Also the quantum yield in the PEM experiment is shown to be 
virtually independent of wavelength from 0-9 » to 2:9 u, so that absorption in 
the ‘tail’ band must be due to band to band transitions yielding free carriers, 
and also the ‘tail’ band must be intrinsic to the material. The optical activation 
energy, found from the ,). wavelength for the PEM effect is 0-41 ev, and it is 
concluded that the thermal activation energy cannot exceed (and probably 
approximates very closely to) this value. 

Carrier lifetimes have been measured by three independent methods, with 


reasonable agreement between them. Lifetimes up to 9 pxsec have been observed, 


and it has been possible to measure values down to 6 x 10-1 sec by the PEM effect. 
For a wide range of samples the lifetime is roughly proportional to (resistivity)?, 
indicating that the Auger effect is the predominant mechanism of recombination. 
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APPENDIX 


Theory of Travelling Light Spot Measurement of Diffusion Lengths 


The dependence of floating potential and conductance of a probe on a semi- 
conductor surface on the concentration of carriers in the neighbourhood of the 


probe has been discussed by Bardeen (1950), who finds V;=(RT'/fe) log (G/G)) 
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where V;=floating potential, or open circuit voltage, Gj,G=normal and 
enhanced conductance respectively, Be =effective electronic charge as given by 
the rectification characteristic. Hence putting G—G)=AG, 


RTAG. 
Ve= 5 8 (1+AG/G,) = Be Ge G, if AG< Gy 

Thus for small increases of conductance the floating potential V;xAG. 
This condition is fulfilled fairly accurately for V;<25 mv for a typical value 
of B=0-5. In the experimental measurements V; was always less than 10 my, 
so that the linear relation applies. 

Bardeen (1950) has also shown that the increase in conductance AG is 
proportional to the added concentration of minority carriers near the probe, 
the result being sensibly unaltered when surface recombination of the normal 
order is considered. 

Hence the open-circuit photo-voltage is proportional to the concentration 
of photo-carriers at the probe. 

The continuity equations for the flow of the excess electrons, for example, are 

- eS ~VI=0 at equilibrium. 


Now /=epunF'+eDVn=eDVn for zero applied field. For the one-dimensional 
case, i.e. ideally a thin filament, or in practice a point source of light near to a 
large area (p—n junction) collector, 


dn dl dn 
l= +eD— and Vii= ye = +eDaa- 
For the two-dimensional case, i.e. ideally an infinitely thin sheet, or in practice 
a line source of light and a point collector, 


For the three-dimensional case, i.e. point source and point collector, 
rH alae 5 


Viera 


Hence in general for N dimensions, 


d*n N—1dn no h us; h ae 
77 dh irae, Np where the diffusion length L =(Dz)#?, 


For one dimension, noe”, and for three dimensions, »ocr—!e—"”, 
For two dimensions, the solution is a Bessel function, but an approximate 


solution is obtainable by putting n=ur¥? where u is a new function. Then 


zu ie eee 
die: UNA ae 2 


It is clear that for r>Z the 1/r? term can be neglected, and we obtain uae~"/” 
andnar~'?e~", This is the expression used in analysing the data of fig. 5 where 
both log (photo-voltage) and log (photo-voltage xr?) are plotted, and where 
the distances for the signal to decay by e: 1 are marked on the graphs. 
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Extinction in X-Ray Diffraction Patterns of Powders 


By A. R. LANG 
Philips Laboratories, Inc., Irvington-on-Hudson, N.Y., U.S.A. 


MS. received 25th August 1952, and in amended form 24th August 1953 


Abstract. Errors are pointed out in analyses by Hall and Williamson and by 
Weiss of extinction in powders. Formulae are proposed giving a first-order 
correction for the reduction of reflecting power of small spherical crystals due to 
primary and secondary extinction. Neither formula accounts adequately for 
differences between observed and calculated intensities in Hall and Williamson’s 
measurements on copper and aluminium. 


§ 1. INTRODUCTION 


power of powders quite readily with the counter spectrometer. ‘The observed 
diffracted intensity may, however, be influenced considerably by factors 
dependent upon the texture of the powder specimen. One such factor is 


|: is nowadays possible to make precise measurements of the x-ray diffracting 


_ extinction, and recent papers (Hall and Williamson 1951, Weiss 1952) have 


attempted to examine quantitatively its effect on the powder diffraction patterns 
of certain metals. In such studies it is necessary to consider how far the classical 
Darwin formulae are valid for the small particles which make up the powder 
specimen. It is also essential to ensure that these formulae are applied correctly. 
Hall and Williamson make errors in their analysis which largely invalidate the 
conclusions they draw. Weiss, too, makes errors, requiring his conclusions to 
be modified. 

In both cases the errors principally concern the variation with diffraction angle 
of extinction losses. An attempt will here be made to state the correct formulae 
for this variation, applicable to the case when crystal-monochromatized radiation 
is used, 


§ 2. PRIMARY EXTINCTION 


Consider first primary extinction. If the value of the integrated reflection, 
in the absence of extinction, is denoted by p and the experimentally observed 
value by p’, the well known Darwin correction for primary extinction is 
p’/p =(tanh mq)/mq, where m is the number of planes occurring in regular 
succession and g is the amplitude reflected by a single plane, of spacing d, 


2 
ies (saa) N Fd x polarization factor, 


F is the structure amplitude of the plane and N is the number of unit cells per 
unit volume. It is convenient to denote the polarization factor by K where K is 
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1 or |cos20| and to introduce the term gy) which is simply g without the polari- 
zation factor: gy=(e2/me?) NF dX. Then the integrated reflection from m 
perfect planes may be written p’x = MK tanh Kmgo, in which M is a quantity 
independent of the polarization of the x-rays. For an incident beam mono- 
chromatized by reflection at a crystal with glancing angle «, averaging over the 
two mutually perpendicular directions of polarization gives 


M 
Povo (ene On [tanh mq, + cos? 2x | cos 26 | tanh (| cos 20|mqy)| ...(1) 


in the arrangement, used in practice, when the normals to the monochromator 
and specimen reflecting planes are coplanar. In the case of very small mgp, 
(i.e. no extinction coefficient) this expression reduces to 


M 
Pav = 15 cos? Da [mngg(1 cos? 20 Cos? 20). = SEES (2) 


The above equations assume that the monochromator behaves as an imperfect 
crystal. If the monochromator were perfect then cos*2« should be replaced 
by |cos 2«| in all equations in which it occurs.* Expanding (1) and combining 
with (2) to obtain a first-order correction for primary extinction, we find 
es mqy? (; + cos? 2x cos* 26 
aot eg ear) 


This first-order correction will give values of the integrated reflection accurate 
to within about 1% when extinction losses do not exceed 10%. 


§ 3. SECONDARY EXTINCTION 


Considering next secondary extinction; expressions for p’ based on the 
Darwin model and expanded to a first order of approximation are, for symmetrical 
reflection at an effectively infinitely thick plate, 


= S952 (sO), 


PRs 
2p be 


and for symmetrical transmission through a plate of thickness D 
D —pD D 
me : le 
px= Ook cos 0 | exp (=) ] E — Ook? | : 


e? \2 
Qo= (=a) N?F?)3/sin 20 


mc? 


in which 


and g is the secondary extinction coefficient. When the angular misorientations 
of mosaic blocks are distributed normally, with a standard deviation 7 in the plane 


of incidence, then &= (270%), Averaging, as before, over the two directions 
of polarization we find, for the reflection case, 


Alias Q — =) E “ &Qo (; + cos? 2a cos* 3) | 


2p 1+ cos? 2x mw \1+ cos? 2x cos? 26 


These polarization factors apply in all likely experimental arrangements, but not in 
the hypothetical condition of a point source of radiation and a crystal ideally focused on it. 
In this case a perfect, non-absorbing crystal will reflect totally both components of 


polarization, but an imperfect crystal will reflect these with intensities proportional to 1 
and cos* 2, respectively. 


’ 
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gQ (; + cos? 2a cos* =) 


o byes PTO erinpeN seed 
—« p pe \1+cos? 2x cos? 20 


and for the transmission case 
es eee ee ] 1 + cos? 2« cos? 26 1 &Q)D (1+ cos 2x cost 20 
Be ecosh| ~«. \.cosé 1+ cos? 2x ~ cos@ \1 + cos? 2x cos? 26 


_ gQoD (; + cos? 2a cos* 3) 


p 
fan eee sect ai aaa 
as p cos@ \1+cos? 2% cos? 20 


§ 4. APPLICATION OF EXTINCTION CORRECTIONS TO POWDERS 


Now Hall and Williamson apparently omit the polarization factor from their 
primary-extinction correction. It is not clear what polarization factor Weiss 
uses in his primary-extinction correction formulae. However, more serious 
errors are to be found in these workers’ secondary-extinction corrections. Hall 
and Williamson express their results in terms of the ratio f,),./f, which is propor- 
tional to (p’/p)”; fis Brindley’s (1936) value of the atomic scattering factor for 
CuKz radiation of aluminium and copper, f,,,, is Hall and Williamson’s experi- 
mentally determined value, uncorrected for extinction and arbitrarily normalized 
with f at a certain reflection. ‘The two secondary-extinction first-order correction 
formulae may be written 

Sove BP: gQ (; + cos? 2a a) 
f 2u \1+cos? 2x cos? 26 
ie gQ,D (1+ cos? 2« cos* 26 
gnc f  2cosé (; + cos? 2x cos? x) 


But Hall and Williamson (1951, p.943) put 


Fovsif =(1 + Rf) 1 — Shf?, 
thus absorbing all the angular factors into the constant k. Consequently the 
form of their curves showing the correction for secondary extinction (figs. 6 and 
7, p. 944) is incorrect. 

Weiss, on the other hand, takes the value of O appropriate to a small powder 
volume instead of a small single-crystal volume (1952, eqns. (6) and (7), p. 554), 
and so his curve is also in error. 

When applying the secondary-extinction correction to small spherical mosaics 
it is necessary to consider how formula (4) should be modified to allow for the 
spherical shape. ‘Tables of the absorption factor for spherical crystals (‘Taylor 
1944, Evans and Ekstein 1952) show that as long as absorption is quite small it 
is nearly independent of glancing angle and that the effective dimension D/cos 0 
to be inserted in eqn. (4) is 0:7D, D being now the diameter of the mosaic. Thus 


Soba Pe Cte ee) (eel 1 + cos? 2« cos* 26 
if eet st! (rca) var A sin 20/ \1+cos?2xcos?26)/° “""""* (5) 


However, it must always be borne in mind that a small mosaic may not contain a 
number of individual coherent domains sufficient to give a smooth continuous 
distribution of orientations, and that the individual domains may not be large 
enough to possess an angular range of reflection small compared with the range 
of misorientations. In such circumstances formula (5) cannot be expected to 


apply. 
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Regarding primary extinction, it is rightly pointed out by Weiss that the 
primary-extinction correction formula to be employed should be derived for a 
small spherical perfect crystal rather than the thin plate of infinite lateral extent 
considered in the derivation of the Darwin formula. But the correction formula 
due to Ekstein (1951) which he quotes relates to peak reflecting power rather 
than to the integrated reflection. However, an indication of the ratio of the 
reduction of peak to that of integrated reflection can be obtained from comparison 
of the formulae for peak and integrated reflections given by Zachariasen (1945, 
pp. 131-134). In the case of primary extinction in reflection from a plate, the 
peak intensity P is proportional to tanh? A, where A is equivalent to mg. Hence 
to a first approximation when the extinction is small 

P=A*1— 4A? +... P= A*(1 — $A”). 
The integrated reflection p’ is proportional to tanh A, so p’=A(1— $A?). Thus 
the relative reduction of peak intensity due to extinction is just double that of 


the integrated reflection. 
In the case of transmission through a thin plate the peak intensity is propor- 


ato 
tional to sin? A: P= AX1—4A2+...)?2A%1 — 4A), 
“24 
and the integrated reflection = | J (x) dx is approximately proportional to 
c24 0 
| (1 — 4x?) dx, which is proportional to A(1—4A?). So in this case the relative 
0 


reduction is the same for both integrated and peak reflections. It may besuggested 
that the case of the sphere lies intermediate between those of reflection and 
transmission, and that for the integrated reflection the extinction correction 
is less than the Ekstein formula by a factor lying between one and two. However, 
the choice of this numerical factor is not critical in view of the inevitable variations 
of crystal shape and size present in the specimen. Retaining the Ekstein factor, 
the primary-extinction correction for a small sphere may be written 


Cw eZ. Loe TE Aa ae Naaantt ee Oe, COs ee 
p NS 15 (aac) ee 1 + cos? 2« cos? 20)’ 


hopes 1 [Lee Ne ast ng J bss eos ae 
\igle ere ese , 


in which D is the diameter of the sphere. ‘This may be compared with the 
Darwin formula (3), which, on substituting for mg, and expressing in terms of 
Fovslt, becomes 

fobs 1/e\? 1 1 + cos? 2x cos* 20 

HEL eel pangs | heobbeah Ne NC I Rew (eemaaiaael | \hl remo dese aos 

uf 6 (=) dee te (aa 5) (; + cos® 2« cos” 3) ; 
Here D is the thickness of the perfect region. It will be noted that the Ekstein 
formula does not contain the rapidly varying factor sin? in the denominator. 


and hence 


§ 5. SUMMARY AND CONCLUSIONS 


To make clear the different angular factors, the above first-order correction 
formulae may be summarized as follows, setting f=1F: 


(a) Darwin primary 


Fos 1— Ap _1 \ (1+ cos? 2« cos* 20 
(ie sin?6/ \1+ cos? 2« cos? 20] ° 
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Fig. 1. Hall and Williamson’s experimental f values for aluminium with extinction 
correction curves. (a) Darwin primary; (6) Darwin secondary; (c) Hall and 
Williamson’s incorrect secondary; (d) Ekstein primary. 
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COPPER, SECONDARY EXTINCTION (HALL AND 
WILLIAMSON'S INCORRECT FORMULA) 


Fig. 2. Hall and Williamson’s experimental f values for copper with extinction correction 
(a) Darwin primary; (6) Darwin secondary; (c) Hall and Williamson’s 


curves. 
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(b) Darwin secondary 


Sons a ie 1 1+ cos? 2x cos? 20 
oe By = 26) \1 + cos? 2a cos? 26) ° 


(c) Hall and Williamson’s incorrect secondary 


fovslf = le Cf. 
(d) Ekstein primary 
Sows 1 + cos? 2% cos* 20 
ey Poorly (; + cos? 2x cos? >) 

In figs. 1 and 2, Hall and Williamson’s experimental values of fo,./f for both 
aluminium and copper, suitably scaled, have been fitted to these curves. In 
fig. 1 crosses represent Hall and Williamson’s results quoted on p. 942 and circles 
those on p. 949. 

The curves would undergo no significant modification if the monochromator 
were perfect. In the case of the quartz 1011 reflection and CuKz radiation, as 
used by Hall and Williamson, 2x =26:7°, and substitution of | cos 2«| in place 
of cos? 2« can cause a reduction of not more than 14°%% in the polarization factor 
in the correction term. This occurs at 254° and 126°. ‘The greatest possible 
reduction in the polarization factor occurs with 2x=64° and 20=49° or 131°, 
and then amounts to 5°%. However, the value of f,,,, derived from the observed 
integrated reflection depends upon the perfection of the monochromator through 
the factor (1 + cos? 2x cos? 20)/(1+cos?2«). Under Halland Williamson’s experi- 
mental conditions substitution of |cos2«| in place of cos?2« in this expression 
increases f,,, at the most by 2:6%, the greatest increase being in the region 
260=90°; as the fit of fo,,/f with all the extinction-correction curves is thereby 
worsened it may reasonably be concluded that their monochromator was effectively 
imperfect. 

Though the difference between the Darwin secondary and Ekstein primary 
corrections is not large within the angular range under observation, it is greater 
than that suggested by Weiss. The scatter of the observations is considerable 
and there is no clear indication which fit is best, that for Ekstein primary being 
perhaps better than that for Darwin secondary. The values of D in both cases 
are reasonable; it is to be noted with what small crystallite sizes primary extinction 
may become ae pecenie Hall and Williamson state that the particle sizes 
were 50 for aluminium and 2 for copper. The values of g derived on this 
basis are possible for aluminium but unlikely for copper. On balance, the 


evidence favours primary extinction in both cases, thus reversing the conclusions 
of Hall and Williamson. 
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Abstract. Counter spectrometers are described for the accurate semi-automatic 
measurement of diffracted x-ray intensity over a range of scattering angles from 
0° to 130°. A proportional counter is used in conjunction with a linear amplifier 
and a single-channel pulse analyser. The degree of monochromatization 
attained with a copper target and nickel filter is such that 99% of the measured 
intensity is due to Cu K« radiation. ‘The various corrections to be applied are 
discussed. 


§ 1. INTRODUCTION 


HE use of an X-ray counter spectrometer as a precision instrument for 

investigating the scattering from powdered materials has become more 

widespread during the course of the last few years. However, most of the 
instruments described were designed primarily for recording Debye—Scherrer 
patterns from crystalline materials, where the main problem is that of the 
measurement of the positions, intensities and shapes of a relatively small number 
of well-defined lines. An instrument has been constructed in this laboratory 
for the investigation of x-ray scattering from powders or solutions of macro- 
molecular substances which give rise to feeble, highly diffuse, patterns, where 
very slight differences in the patterns from two similar samples may be of 
significance. The demands of this technique are sufficiently different from those 
in normal crystallographic practice to make a description of the instrument and 
of its use appear worth while. 

When investigating crystalline materials it is generally necessary to record 
only the part of the pattern which lies between values of (sin @)/A between 
0-2 and 0-8, that is, to spectra whose Bragg angles are greater than about 20° 
when the common characteristic radiations are employed. In this region it is 
most convenient to make use of a Bragg—Brentano side reflection focusing 
geometry which lends itself well to the use of a curved crystal monochromator 
in cases where rigorous monochromatization is necessary. Where large molecules 
are concerned considerable interest attaches to the part of the diffraction pattern 
corresponding to values of (sin @)/A well below the above region and the flat 
sample errors of the side reflection method become excessive. A non-focusing 
transmission technique must, therefore, be adopted since this is the only method 
which can be used for both high and low angle regions of the pattern. Mono- 
chromatization by reflection from a flat crystal would reduce the available 
x-ray intensity too much and an alternative method, employing a proportional 
counter as a detecting device, has been developed to ensure that the recorded 
pattern is due to characteristic radiation alone. 
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§ 2. THE SPECTROMETER 


The instrument to be described was designed for recording scattering over | 
the range (sin @)/A=0-005 to 0-6 using Cu K« x-rays. The apparatus is shown | 
schematically in fig. 1. The beam from the x-ray tube is collimated by the — 
vertical slits S, and S,. Two further slits S,; and S, are mounted on the arm 
carrying the proportional counter C. S, to Sy are all bilaterally adjustable slits, 
S, can be any one of a number of exchangeable fixed slits. ‘The shaft on which 
the specimen P is mounted is geared to the counter arm so that the plane of the 
flat sample will always bisect the angle between the incident and the diffracted 
beam. The counter C is mounted with its axis vertical, i.e. parallel to the axis of 
the spec.rometer. X-rays enter the counter through the bubble glass window W | 
normal to the counter axis so that they pass through the region of maximum field _ 
uniformity in the counter. The monitoring Geiger counter G with its entrance 
slit S, is mounted on an arm pivoted beneath the aluminium foil F and is set 
so as to receive Ka x-rays diffracted by the foil. -filters B; and B, are mounted | 
in front of both counters. 


Fig. 1. Proportional-counter spectrometer (schematic). 


§ 3. MONITORING 


The monitoring arrangement is very similar to that described by Hall, Arndt | 
and Smith (1949), where monitoring was carried out on a beam from another ' 
window of the x-ray tube. ‘The present arrangement gives greatly improved | 
stability, presumably because it is not affected by any slight movements of the | 
focal spot which may occur. ‘The intensity ratio between the two counters over ' 
ranges from 15 kv to 30 kv and from 5 ma to 20 ma drifts by less than 1% in | 
12 hours. | 


$4. THE SPECIMEN HOLDER 


The specimen holder consists of a 1-5 mm thick stainless steel plate with two |) 
slots 12 mm wide; one of these holds the specimen under investigation, and the : 
other is either left empty so that air scattering alone can be measured, or can | 
contain a second specimen for comparison experiments. ‘The holder is screwed | 
to a vertical slide, operated from the control panel by a Bowden cable, so that | 
one or the other of the two apertures can be brought into the x-ray beam. In order | 
to load the holder it is clamped between two glass plates and the finely powdered |) 
material is filled into one of the two gaps and well rammed down with a spatula. | 
Many materials have sufficient cohesion to remain as compacts when the glass ) 
is removed, but in some cases it is necessary to fit the holder with ‘Cellophane’ i 


: 
: 
: 
: 
} 
: 
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windows. Corrections must now be made for the scattering by the window in 
addition to allowing for air scatter. One piece of ‘Cellophane’ foil on each side 
is made to cover both apertures of the cell, thus ensuring that the orientation of 
both windows is the same with respect to the vertical axis, since thin foils always 
show some preferred orientation effects. When liquid samples are to be examined 
the slots in the specimen holder must be much narrower in order to avoid bowing 
inwards of the windows because of surface tension. Thin mica sheets (0-001 in.) 
are used when low-angle scattering from solutions is to be measured. 


$5. THE TRAVERSE 


‘The step-by-step traverse of the spectrometer is driven by a 100-step impulse 
motor. For greater ease in correcting the scattering curve by the various 
trigonometrical factors, it is convenient to make measurements at equal 


_increments of sin @ instead of 6, the geometrical factors being computed in 


advance and tabulated. ‘The impulse motor is operated by a push button on the 
control panel and the number of steps which it has advanced is indicated on a 
Post Office message register connected in parallel with the motor. It has been 
found that when Fourier inversion of the corrected scattering curve is to be 
performed by means of the 3° Beevers—Lipson strips in order to derive a radial 
distribution curve (e.g. Riley and Arndt 1952), adequate representation of the 
details of the curve is given by making measurements at intervals of 
(sin #)/A=1/120 over the range of the instrument. The number of steps of 
the impulse motor to reach these pre-determined positions is worked out once 
and for all. 


§ 6. THE SLIT SYSTEM 


Setting up of the instrument is very simple. With the aid of a 1 mm diameter 
steel rod accurately locating above the spectrometer axis, the spectrometer is 
moved and §, and 5, are closed until the beam passes exactly over the axis of the 
spectrometer and its width is 1mm. With the specimen slide containing a filled 
sample holder the counter is then set to a Bragg angle of about 10°. ‘The widest 
of the fixed slits to be employed in scanning a particular pattern is inserted in 
front of the counter and_8, is closed symmetrically until it just misses the diffracted 
beam. This can be done by noting changes in counting rate as 5S, is closed. 
There is a sudden rapid decrease when its jaws cut into the beam. ‘The use of 
two slits on the counter arm improves the contrast, i.e. the ratio of counting 
rates with the specimen in and out of the beam, because the counter only ‘sees’ 
a very limited region of space in the neighbourhood of the specimen and thus 
does not record radiation scattered by air in other parts of the direct beam. 
In scanning a typical protein pattern it is our practice to use a counter slit S, 
of 1 mm width up to Bragg angles of 22°, the remainder of the scan where there 
is both less fine structure and less available intensity being carried out with a 
slit 2mm wide. A sufficient overlap is allowed with the two scans to make 
accurate matching possible. 


§ 7. MONOCHROMATIZATION 


The principle of the method of monochromatization has already been 
described (Arndt and Riley 1952). The pulses from the proportional counter 
are fed into a high-gain linear amplifier. ‘The amplified pulses are passed to a 
single-channel pulse amplifier whose channel is centred on the Cu K« pulse 

3 Y-2 
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amplitude. Figure 2 is a pulse height distribution curve obtained with the : 
proportional counter when only crystal reflected Cu Ka radiation enters the ; 
counter. The distribution curve is approximately gaussian and the ratio of the : 
root mean square deviation to the mean pulse height is 0-06. Apart from purely 
statistical fluctuations in the gas amplification factor (e.g. Wilkinson 1950, Lang 
1952), the spread of the curve is due to three causes : (1) unequal gas amplification 
for ionization arising at different distances from the central wire within the » 
counter, (ii) non-uniformity of the base line of the pulses owing to amplifier noise, , 
(iii) drifts in the electronic circuits. The gas amplification of a proportional counter 
can be made independent of the position of the initial ionization by making the > 
integrating and differentiating time constants of the amplifier equal, and at t 
least as long as the collection time of the counter. However, since in X-ray / 
diffraction applications fairly fast counting must be attempted, it is necessary / 
to keep these time constants short to prevent build-up of pulses which would | 


vA) 
191817 16 1S 413 2 


Counts per Minute per Energy Interval (arbitrary units) 


ie) 


7 8 9 
Energy (kev) 


Fig. 2. Pulse amplitude distribution curve for Cu Ka photons. Cu Kf peak, shown by: 
broken line, is removed by filtration. 


{ 
. 
| 
make their amplitude dependent on the counting rate. Time constants of onlyy, 
1-0 psec were therefore employed. | 

The signal-to-noise ratio in the amplifier could be improved by increasing; 
the operating voltage of the counter, and so the gas amplification, thus permitting; 
a lower amplifier gain. Once again, however, too great a gas amplification must} 
be avoided in the interest of fast counting. When a proportional counter is used( 
with a well collimated beam all the ionization is produced in a short section of) 
the counter and the space charge thus generated reduces the gas amplification. 
‘This effect becomes more serious as the pulse size increases. A gas amplification) 
of only about 100 was therefore employed, the external electronic amplification) 
being 5 x 104. | 

The optimum conditions of operation of the amplifier and counter are fully) 
discussed in the instruction manual of the pulse amplitude analyser type 1168 A. 
(Atomic Energy Research Establishment, Harwell, 1953.) 


! 
| 
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Tt will be seen that the resultant, approximately gaussian, distribution is 
considerably broader than the best that can be achieved with a proportional 
counter and this is due to the above compromises. Curran, Angus and Cockroft 
(1949) working with operating conditions and detecting circuits designed solely 
to obtain a maximum sharpness of the distribution were able to obtain a partial 
separation of the Ka and K§ radiation of copper. ~Since in diffraction. 
investigations stability must be maintained for prolonged periods, such methods 
could not be applied here. 

The sharpness of discrimination against pulse heights departing from the 
mean, i.e. the width of the channel of the single-channel pulse analyser, is. 
conditioned by stability considerations. The lower limit of the channel, the 
channel width, the gain of the amplifier and the polarizing voltage for the counter 
are all subject to small drifts and as a result the mean pulse height corresponding 
to Kx pulses is found to drift by about + 14% in the course of a day, after an 
initial warming-up period. In order to reduce the counting rate variations. 
within the channel to less than $°% a channel width of +2 kev was chosen. 
This, of course, would not be sufficient to effect a complete separation of Cu K« 
from other characteristic radiations which might be due to target impurities or 
fluorescence from the specimen. The Cu Kf peak is shown by a broken line 
in fig. 2, but this is removed by filtration. The only other radiation which might 
be excited in the present work is the L« radiation of tungsten arising from possible 
target contamination from the filament. The nickel absorption edge of the 
f-filter falls between the W La, and W La, wavelengths: the «,-component which 
is about eight times as intense as the ~.-component is thus filtered out. Moreover, 
the target is kept clean so that this source of impurity should be of negligible 
importance. Previous work (Arndt and Riley 1952) has shown that with the 
arrangement described above the fraction of radiation detected which is not 
Cu Kz is about 1%. 


§ 8. CoUNTING Loss CORRECTIONS 


The losses of the proportional counter are due only to the finite paralysis. 
time of the single-channel pulse analyser. With the sharp pulses employed this 
can be set to 5 sec and the losses at any counting rate arising in practice can be 
neglected. 

Hall and Williamson (1952) have considered the losses due to the finite 
resolving time 7, of the monitoring counter. Under the above conditions their 


formula reduces to 
Wee NM OC (1) 


where M is the number of counts of the monitoring before this stops a run of 
counts, 7 the time taken for this run and N the number of counts in this time of 
the measuring counter. If Tis not allowed to vary by more than 3-4% by making 
occasional adjustments of x-ray tube current and voltage N;, can be regarded as 
a constant fraction of N and counting losses can be neglected altogether. 


§ 9. ABSORPTION CORRECTION 
The correction of the observed experimental scattering for absorption is 
easy to make when, as in the present case, the x-ray path through the sample is 
symmetrical. 
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Let J, be the observed scattering corresponding to a scattering angle 2¢ when 
the specimen is in the beam and J, that when only the windows are in the beam. 
I,,, is the intensity scattered by the specimen, /, the intensity scattered by the 
windows, J’ the air scattering, .,, and j, the linear absorption factors of specimen 
and ‘Cellophane’ respectively, and ¢,, and t, the thickness of specimen and 
‘Cellophane’ respectively. 


Then I, =(Lpt+1, +1’) exp{—(Haptap + Mote )8eC 8}... (2) 
and I,=(e+J') exp{im(utg)secO} =a So cee (3) 
SO that 1 = i, splo = FF, fe wenees (4) 
where splto =€xp {Gtanten “Ur [ot.)Sec 0} 
and Re = exp{(,t,)sec 9}. 


spo and Ry are the ratios of incident to transmitted beams when @ = 0, i.e. when 
the specimen is normal to the beam; they can be determined by absorption 
measurements. For this purpose a rock-salt crystal is mounted on the specimen 
spindle and the sample holder is transferred to a position in front of the counter. 
In this way the intensity of the direct beam is reduced sufficiently to allow the 
tube to be operated at normal power, and the beam can be monitored in the usual 
way. 
Then log. Ryo=see 0 log Koy 4 1 i eee (5) 


It will be appreciated that the corrected intensity ordinates are rather sensitive 
to the value of ,,R, so that considerable accuracy in the absorption measurements 
is necessary. 

The value of J, obtained from eqn. (4) must, of course, be multiplied by a 


eometrical factor : 
8 , M = cos 6/(1 —cos? 2@) 


where cos @ represents a correction for the change of volume as the specimen is 
rotated and (1—cos? 26)! is the polarization factor. 

Two special cases are of interest. ‘The first is when no ‘ Cellophane* windows 
are required. In this case /.=0 and .R=1 when 


Rote RSS (7) 


where /, now represents the air and slit scattering only. It has been found in 
practice that in this case the correction is so small and the monitoring maintains 
conditions to such a degree of constancy that for a given slit alignment /, can be 
determined once and for all at the sixty positions where measurements are taken 
and need only be checked at fortnightly intervals. 

The validity of the corrections has been tested by examining samples of 
different thicknesses of the same material in specimen holders with and without 
windows. ‘The resultant corrected curves were found to agree to about 1%). 

‘The other case of importance is when dilute solutions of macromolecules are 
examined in which the interest is in the scattering at angles below 1° 20. In this 
case the ‘blank’ slot of the sample holder is filled with pure solvent and /, in 
eqn. (2) may be taken as including the scattering from the solvent. Further, 
in this range of angles R, may be taken as constant, and for moderately dilute 
solutions of proteins and similar materials the absorption of the solution and 
of the solvent alone is equal, so that 


[ oeh-i. Fe eee (8) 
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$10. Low ANGLE 'TECHNIQUE 


The method has been extended for studies in the medium low angle range 
(scattering angles between 10-3 and 10! radian) in connection with studies on 
molecular shape factors in dilute solutions and on molecular packing in 
concentrated solutions. For very low angle work a subtractive technique is 
probably not applicable because of refraction (Yudowitch 1952) but in the above 
range values of radii of gyration of protein molecules have been obtained which 
agree well with published results (Ritland, Kaesberg and Beeman 1950, 
Anderegg, Beeman and Shulman 1952, private communication). A somewhat 
different type of counter traverse is used since at low angles it is not necessary 
to move the counter in a circular path around the specimen. A linear movement 
is sufficient and the specimen need not be rotated. The arrangement is shown 
schematically in fig. 3. The collimating system now consists of three bilaterally 


Fig. 3. Small-angle scattering instrument. 


adjustable slits S,, S,, S;, an aluminium foil F and a monitoring Geiger counter 
being employed as before. The specimen holder slide P is now attached to the 
front end of an evacuated brass tube T made from a length of waveguide. The 
removable backplate of this tube carries a ‘Cellophane’ vacuum window W’ 
inside which one of a number of backstops B can be fixed. ‘The proportional 
counter C with its entrance slit S, is mounted on a carriage which can be moved 
in steps of 10-* mm by a lead screw L, the latter being turned by an impulse 
motor M. No backstop is necessary for scattering angles up to 10~? radian but 
at higher angles the 5A diffraction band from the ‘ Cellophane’ of the rear window 
produces an unnecessarily high background counting rate unless the window is 
shielded from direct radiation. ‘The slits, the evacuated tube and the counter 
traverse are mounted on an optical bench by means of saddles fitted with 
cross-slides. Waveguides of lengths 15 cm, 30 cm and 60 cm are provided for 
the investigation of the different angular ranges. 

The particular types of correction required in low-angle scattering work have 
often been described elsewhere and will not be discussed here. 

In this type of work a careful determination of the centre of the pattern is 
necessary and this is done by recording the intensities on both sides of the direct 
beam. 
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§ 11. SomE APPLICATIONS 


The employment of a proportional counter technique for obtaining a 
monochromatic x-ray scattering pattern, coupled with effective monitoring of 
the incident beam intensity makes possible an accurate comparison of the 
scattering from two samples or the absolute determination of the scattering. 
The method has been found effective both for the recording of wide-angle patterns 
from non-crystalline samples and for studies at moderately low angles. 
Considerably greater speed and accuracy are achieved than are possible by any 
photographic technique employing monochromators. Thus it is possible in 
the course of a working day for one operator to derive two fully corrected 
scattering curves from powdered proteins or similar substances, covering a range 
of (sin 6)/A from 10-2 to 6 x 1071, the intensity ordinates being trustworthy to 
about 2%. The instrument can also be used for measuring the intensity 


diffracted by single fibres, or bundles of fibres. These are mounted in a holder ] 


consisting of a graduated vertical circle capable of complete rotation. In 


this way, equatorial, meridional, or any intermediate type of scattering can be — 


investigated. 
ACKNOWLEDGMENTS 


The development of the experimental technique described in this paper 
formed part of a programme of work given substantial financial support by the 
British Empire Cancer Campaign. The proportional counters were specially 
constructed for us by Messrs. Twentieth Century Electronics Ltd. 


REFERENCES 


ARNDT, U. W., and Rizey, D. P., 1952, Proc. Phys. Soc. A, 65, 74. 

ATOMIC ENERGY RESEARCH ESTABLISHMENT, Harwell, 1953, Specifications and Manuals 
Section, Pulse Amplitude Analyser Type 1168 A, Instruction Manual, Issue 1. 

Curran, 8. C., ANcus, J., and CocxrortT, A. L., 1949, Phil. Mag., 40, 36. 

Hatt, W. H., Arnot, U. W., and Smirtn, R. A., 1949, Proc. Phys. Soc. A, 62, 631. 

Hau, W. H., and WiL.iamson, G. K., 1952, ¥. Scz. Instrum., 29, 132. 

Lane, A. R., 1952, Proc. Phys. Soc. A, 65, 372. 

Rey, D. P., and Arnpt, U. W., 1952, Nature, Lond., 169, 138. 

RITLAND, H. N., Kagsperc, P., and BEEMAN, W. W., 1950, ¥. Chem. Phys., 18, 1237. 


WILKINSon, D. H., 1950, Ionization Chambers and Counters (Cambridge: University | 


Press), chap. 6. 
YupowiTcu, K. L., 1952, Rev. Sci. Instrum., 23, 83. 


a 


1017 


Measurements of Noise Spectra of a Point Contact 
Germanium Rectifier 


By F. J. HYDE 
Radio Research Station, Slough, Bucks. 


Communicated by R. L. Smith-Rose; MS. received 8th Fuly 1953, 
and in final form 7th September 1953: 


Abstract. Measurements have been made of the excess noise produced by a 
point-contact germanium rectifier in the frequency range 0-117c/s to 14 Mc/s 
at 29-5°c, with the reverse direct current J as parameter. The experimental 
noise spectral density is shown to consist of three well-defined types of component: 
(a) a basic component «f~ detectable over as many as seven decades of frequency, 
(b) two components «[1+(27f7)?} associated with single relaxation times t =7, 
and 7, (c) a uniform component detectable at high frequencies. ‘There is no 
simple dependence of these densities on current, except that the uniform component 
is equal to shot noise for small currents. 7, andr, are found to be dependent on J. 


$1. INTRODUCTION 


POINT contact germanium rectifier carrying a direct current J exhibits noise 

in excess of the thermal noise associated with the real part of its internal 

: admittance. Measurements of this excess noise have been made on a 

rectifier biased in the reverse direction, in terms of a noise current generator 

represented by a source of noise current in parallel with the internal a.c. impedance 

of the rectifier (p=0V/@/ for the present range of frequencies). Az? is defined as 

the mean square noise current in a noise bandwidth A/ at frequency f, and experi- 

mental results are reduced to the form 7? = Az?/Af, which is the mean square noise 

current in a 1c/s bandwidth at frequency f. The equivalent noise e.m.f. has the 
mean square value Ae? = A7®p? operating in series with p. 

The present measurements refer to a particular commercial rectifier comprising 

a formed contact between a tungsten whisker and a piece of polycrystalline n-type 

germanium, which had been selected from many because of its stability as a noise 

source over long periods. 

The noise of the collector contact of a type A germanium transistor is essentially 
that of a germanium point contact rectifier biased in the reverse direction. For 
such a collector contact there is experimental evidence (Ryder and Kircher 1949) 
that, in the frequency range 20c/s to 15kc/s, the mean square noise voltage (or 
current) varies as f-'’. Similar measurements (Mooers 1949), in the frequency 
range 10c/s to 16kc/s, indicate that the exponent of frequency is not constant but 
varies from —0-:5 at 10c/s to — 1-4 at 10 kc/s, passing through — 1 at about 1 ke/s. 
Recent measurements (Montgomery 1952) on p—n junction type diodes and 
transistors between 1kc/s and 200kc/s show a dependence of noise density on 
frequency which is not significantly different from f-* except, in some cases, in 
the region of 100kc/s. 


1018 F. ¥. Hyde 


Other published noise measurements on germanium relate to current-carrying 
filaments (Herzog and van der Ziel 1951, Montgomery 1952). Herzog and van der 
Ziel made measurements on thin single-crystal filaments with large-area end con- 
tacts and found that the experimental excess-noise spectrum could be fitted by a 
formula ‘ 

AP’ Br 
f, id Giai) cc seioee aa 


where fy = 150kc/s and A and B are constants. Montgomery used filaments with 
potential electrodes and found a similar departure from an approximate f™ 
dependence in the region of 100 kc/s. 

For point contact germanium diodes Montgomery found that there was a 
general tendency for mean square noise current in a 1 c/s bandwidth at 1kc’s to 
increase as /?, but in- limited regions the power of J could be considerably different 
from 2. 


72 = 


§2. EXPERIMENTAL METHOD 


Noise measurements were made in the frequency range 0-117 c/s to 14 Mc/s. 
For frequencies up to 47-7 kc/s selective amplification of the noise was effected by 
amplifiers with switched components, to give predetermined control of resonance. 
Between 0-117 c/s and 184 c/s push—pull design was used because of the impractic- 
ability of decoupling at the very low frequencies, and the selectively was determined 
by a feedback circuit including unbalanced twin-T filters (Hyde 1952) ; from 
11-5c/s to 367c/s a single-ended amplifier of the same type, and from 315c/s to 
47-7kc/s a single-ended amplifier incorporating conventional inductor—capacitor 
tuning, was used. Beyond 60kc/s a commercial communications receiver was 
used in conjunction with a tuned noise-input circuit. The Q-factors of all 
resonant responses were greater than 10. 

The calibration source above 1kc/s was a standard noise diode and below 
1kc/s a commercial sine-wave generator. Measurements in which the latter was 
used involved an accurate determination of the response of the amplifiers so that 
the noise bandwidths at each of the resonant frequencies could be determined. 

Because of the sensitivity of the direct current-voltage relationship of the 
rectifier to temperature, all measurements were made with the rectifier 
in an enclosure, the temperature of which was maintained at 29-5 + 0:1°c. 


$3. EXPERIMENTAL OBSERVATIONS 


The spectral density of the noise current (7?) is shown in fig. 1, with the direct 
current as parameter. 

In fig. 2 the high-frequency spectral densities for J =25 and 15 wa are shown. 
‘The lower levels (a’, b’) are those which obtained for the first few months during 
which readings were taken, and the higher ones (a, b) are the final ones after an 
abrupt change in noise had occurred, although the rectifier had in no way been 
overloaded. There was no measurable change in the magnitude of the low- 
frequency noise components nor in the direct current-voltage characteristic, 
concomitant with the change in high-frequency noise components. 

as he reverse d.c. characteristic is shown in fig. 3(a) and the resistance deter- 
mined by a.c. bridge measurement, as a function of J in fig. 3(6). The ar: 
resistance was measured to an accuracy within + 1°% as a function of frequency 
between 300c/s and 600 ke/s for = 10, 12:5 and 25 pa, andno dispersion was found. 
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§4, ANALYSIS OF THE SPECTRA 
‘The experimental curves can be closely synthesized, in the manner first 
suggested by Herzog and van der Ziel (1951), from the following semi-empirical 
expression for the noise current spectral density : 
2=C+A/f+B,(1+w%7)-14+ Ba(l+w%2)yt we. (2) 
where w=27f. C is the uniform component of noise current observed at high 
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Fig. 1. Spectral density of noise. 
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Fig. 2. High-frequency spectra showing intensity originally observed (a’, b’) 
and subsequent increase (a, b). 
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Fig. 3. (a) d.c. reverse characteristic ; (6) slope resistance as a function of reverse current. 
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frequencies. A/fis a basic component which contributes perceptibly to the noise 


over a wide range of frequencies, A being constant for a particular current. The 
two final components are associated with relaxation times 7, and 7, of the rectifier, 
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Fig. 4. Comparison of experimental and synthetic noise spectra. 


B, and B, being constant for a particular current, and they are manifested in the 
spectra as ‘bumps’ above a smoothly decreasing curve. 

The experimental spectrum (72)! for J = 20a is shown in fig. 4, and also shown 
is the synthesis of a curve from the four components of eqn. (2) with the six 
parameters suitably chosen to give the best possible fit. Analysis of the family 
of eight measured spectra in terms of eqn. (2) yields the data in the table. 


Parameters of the Components of the Noise Spectra for Various Currents 


Reverse current] _ 


(wa) 5 75 8-75 10 12°5 15 20 25 
Reverse 

voltage V (v) 0:54 4:2 5-9 7-4 9-8 11-9 15 17:5 
A.C. resistance 

(MQ) 0°55 1:80 1°48 1:21 0-93 0-78 0-62 0-51 
D.C. resistance 

(MQ) 0-107 0:56 0-675 0-74 0-785 0-794 0-750 0-7008 
C (wa)? sec X 10-1 

(original) 18 34 49 
C(pa)* sec X 10-2 

(final) 1:4 3-1 53 14 42 64 140 200 
A(pa)?x10-§ ~— «0-021 0:28 ~—0-87 2-4 5:8 11 25 56 
B,(wa)2secX10-® 0-018 2-5 10:6 26 34 41 51 62 
7 (sec) 0-12 0-16 0-145 O12 64.10-" 4.10" °2-6.10-* aaa 
B,/4nAr, 4.5 6°7 7:2 73 7-4 6:3 63 | 
B, (pa)? sec x 10-8 2:5 Bag 8-2 4-2 5:7 4-4 |) 
T (sec) 2'1.10-* 8:0.10-5 -4:5,10-> 2:-0,107°5 1-3:.40555 eS-emnec im 
B,/40 Arg 11 28 25 15 14 74 


The component involving B, is not detectable for < 8:75 pa. 
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‘The various derived parameters are plotted in figs. 5 to 7 as functions of J. 
The 1/f component is shown in fig. 5 as A1?, the intensities of the single relaxation 
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Fig. 5. Intensity of 1/f Fig. 6. Parameters of single relaxation time components of 
component as a noise spectra as functions of reverse current : (a) intensity, 
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Fig. 7 (a). Comparison of uniform component of spectrum with shot and thermal noise, 
(b) d.c. characteristic for small reverse voltages. 


time components as B,!? and B,1? in fig. 6(a), the corresponding relaxation times 
7, and 7, in fig. 6(b) and the uniform component as C!? (curve aa) in fig. 7 (a). The 
experimental points for C!? for J <5 pa were obtained from measurements made at 
700 ke/s, for which frequency a favourable ratio of rectifier noise to amplifier noise is 
obtained. For comparison with the uniform component of noise the figure also 
shows the thermal noise associated with p (curve b), the shot noise associated with 
I(curve c), and the total rectifier noise (curve aa’), which is obtained by addition 
of measured excess noise and thermal noise on a power basis. 
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The parameters B,/47Az, and B,/47Az, given in the table are the ratios of the 
intensities of the two single relaxation time components to the A/f component 
at the frequencies (1/277, and 1/277.) at which the ratios attain their respective 
maxima. : 


§5. DISCUSSION 


It was first shown by Schottky (1926) on the basis of a model involving a single 
relaxation time 7, with a diffusion process decaying exponentially as exp (—t/r9), 
that the spectral density of ‘ flicker noise’ depends on frequency as 


Por[l+e%rt!. ~- | ) eee (3) 


i.e. for wry <1, 7? is independent of frequency and for wry> 1 it is proportional to 
f-?. It has been suggested (van der Ziel 1950, du Pré 1950) that if zy is itself 
distributed as 

&(79) 47g =[1N (To1/T02)F 40/70 ww (4) 
for Ty2 <T) <7 and is zero outside these limits, then the spectral density of excess 
noise has the form 

2? oe (tan™ wry, tana lan ay See (5) 


Then, for wr , <1, 2? is independent of frequency, for 79, 1<w<79,! it is, to a 
close approximation, inversely proportional to frequency, and for wt .>1 it is 
proportional to f-?. The particular distribution of ty given in eqn. (4) is asso- 
ciated by these authors with a uniform distribution of activation energies, which 
govern the noise-generation process, between E, and £, , 


wE\dh=(E,—EydE Were ae eae (6) 

tT) being assumed to be related to activation energy as 
=y-lexp(LgiRL) —— = ae (7) 
with In (toi/703) = (Lor = Ho) /RE ee (8) 


defining the range of distribution. Here it may be reasonable to assume that the 
fundamental relaxation time v! is of the order of the reciprocal of the atomic 
vibrational frequency (v~10" sec"). 

From the present measurements it is seen that at high frequencies the predom- 
inant spectral component of noise is uniform with frequency and the 
A/f component, if it exists, cannot be separated. The upper frequency limit, at 
which it can be stated that the 4/f component exists, decreases with decreasing 
direct current. For all values of current, however, the A/f component can be 
specified as existent down to 0-117 c/s, the lowest hashes of measurement 
possible with the present equipment. 

The A/f component of eqn. (2) is an idealized approximation to a component 
which will depart insignificantly from a dependence on f~! over a wide frequency 
range if the defining relaxation times 7; and 79, of eqn. (5) are sufficiently 
disparate. For w7 9, wto2 equal to unity the noise intensity will in both cases be 
3db down on that given by an exact f-1 dependence over the whole frequency 
range. ‘This basic component of noise intensity contributes to the total noise in at 
least the frequency range 10-'<f<10%c/s for a current of 25a, and departures 
from the ideal form are less than 1 db down at the extremes of frequency. The 
angular frequencies corresponding to a 1db departure from an extensive f-! 
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dependence at the frequency limits just stated are, on the basis of eqn. (5), equal 
to 3m», and wo /3 respectively, where wo, =1/79, and wog= 1/792. The range of 
relaxation times Ty is therefore at least 5-3 x 10-°<7)<4-77 sec and from eqn. (7) 
this corresponds to a range of activation energies of 0-28 <E, <0-76ev, v being 
taken as 10% sec"!. 

Theoretical treatments of contact noise in semiconductors give, at best, a 
departure of less than +1 db from af! dependence of spectral density over only 
three decades of frequency compared with as many as seven decades in the present 
case. Existing theories also indicate that the noise density is proportional to /?, 
whereas it is observed in the present case that A increases as [*? for 1<10 wa and 
as [7° for [>12-5 wa (fig. 5). 

The behaviours of the parameters of the two noise components associated with 
single relaxation times exhibit certain similarities. ‘The most striking is that, 
despite the dependence of 7, and 7, and of the general level of noise on J, the ratios 
(B,/47A7,, B,/47Az7,) of the intensities of the single relaxation time components at 
their half-power points (27/7, = 1, 27f,7, = 1) to the corresponding 1/f components 
(A/f,, A/fz) are substantially independent of current, as is indicated in the table. 
This is regarded as good evidence that the same mechanism 1s responsible for both 
the 1/f and the single relaxation time components. For />10 a, B, increases 
slowly with J, and B, is substantially constant, both 7, and 7, decreasing. For 
I<10 pa, B, decreases rapidly and 7, increases rapidly, so that B,[1+w’7,?|1 is 
not detectable for 1<8-75 a; B, also decreases, but less rapidly than By, and 7, 
at the same time approaches an asymptotic limit of approximately 0-16second. 
The general dependence of 7, and 7, on J is in contrast to the results of Herzog 

and van der Ziel (1951) for a single-crystal n-type germanium filament carrying 
direct current, where the relaxation time, which was identified by the authors with 
the lifetime of carriers in the filament, was found to be independent of the current 
flowing through the specimen. ‘The rapid decrease of 7, and 7, with increasing 
I (or V)in the present case is difficult to reconcile with the relationship (7) because a 
dependence of activation energy on J (or V)) is thereby implied: it is considered 
that the barrier temperature T would not be raised sufficiently with increasing I to 
explain this dependence as the power dissipations of less than } milliwatt involved 
are too small. 

It was found that the frequency spread of observed single relaxation time noise 
density was broader in all cases than that associated with a discrete relaxation time : 
this is in evidence specifically in fig. 4. ‘The 1/fcomponent has been subtracted 
from the experimentally observed noise density for [=20 wa and the remaining 
excess-noise density at low frequencies plotted in fig. 8. ‘Theoretical values based 
on various relatively narrow distributions of 7, of the form described by eqn. (4) 
are compared with it, all values being normalized at the half-power point for the 
noise density associated with the discrete relaxation time 7, (0:0266 sec). ‘The 
distributions invoked are specified by values of log 7,;/7,. of 0 (discrete relaxation 
time), 2,3and4. The best fit to the experimental curve is given with log 74;/T1. = 3. 
The values 0, 2, 3 and 4 ascribed to log 7,,/712 correspond, on the basis of eqn. (7), to 
a narrow uniform distribution of activation energies EL), F,+RT, FE, +3RT and 
E,+2kT, which are thermal spreads that might reasonably be assumed. This 
evidence is not inconsistent with the physical relationships implied by eqn. (7). 
A crucial test of this relationship would involve determination of the dependence 
of the experimental single relaxation times on temperature. It is considered that 
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the interpretation of such experiments would be ambiguous, in that the single 
relaxation times 7, and 7, are dependent on / and V and it is not possible to maintain 
both I and V constant with variation of temperature. 
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Fig. 8. Comparison of experimental ‘ single relaxation time’ noise density with values 
based on a discrete relaxation time 7, (0-0266 sec) and narrow distributions of 
relaxation time g(7,) d7,=[log (71)/712)]~ d74/71. 


Beyond an upper frequency limit, which increases with increasing /, the spectral 
density of excess noise becomes uniform. For J<7-5yua the rectifier d.c. 
characteristic (curve a) in fig. 7 (d) is seen to approach that of the ideal germanium 
diode (curve b); the synthetic curve is based on J = 6[1—exp { —eV/RT}) ua, where 
6 Ais the saturation current. In this region the excess noise is seen to be equal to 
the shot noise associated with the measured 7. For 7>7-5wua the uniform 
component increases rapidly above shot noise. The originally measured values 
of uniform noise density for J=15, 20 and 25a are also shown. ‘That two 
distinct levels of uniform noise have been measured without any apparent change 
in the d.c. characteristic or in the frequency-dependent components of noise is 
evidence that the mechanism of uniform noise differs from that of frequency- 
dependent noise. 
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Abstract. ‘This paper is concerned with the explanation of the spread F echoes 
often obtained on frequency-sweep records of equivalent height in the ionosphere, 
especially at night and in the auroral regions. It is shown in the Appendix that 
the production of a mountain range of echoes from a single incident pulse can be 
accounted for if there is a periodic structure of ionization in the F layer. There are 
two mechanisms of ionization in the ionosphere, namely the incidence of ultra- 
violet radiation from the sun, and the influx of a stream of charged particles that 
are deflected by the earth’s magnetic field towards the geomagnetic poles. The 
ultra-violet light produces well defined layers, the E, F, and F, layers, with a single 
maximum of ionic density within them, and they may be satisfactorily explained 
by Chapman’s theory, taking into account the recombination process but neglecting 
diffusion effects. In the case of particle ionization, however, the effect of diffusion 
becomes predominant. Itis shown in the paper that the inclusion of the diffusion 
term in the differential equation of layer formation leads to the possibility of a 
periodic structure within the F layer of the kind needed to explain the spread 
echoes. This is because the differential equation has as its solution a doubly 
periodic elliptic function that provides the required periodicity of ionic density as a 
function of height. The form of the mathematics gives the essentially periodic 
nature of the solution without any detailed appeal to the initial conditions, but 
reference is made to the auroral curtains indicating the existence of sources of 
charged particles that maintain the periodic structure of ionization in between the 
curtains. Whereas the ultra-violet light causes layers to be formed that are many 
wavelengths thick, the particle ionization causes very thin layers only two or three 
wavelengths thick embedded in the background of ionization. 


§ 1. INTRODUCTION 


T is well known that the distribution of ionization with height in the ionosphere 
can be studied by measuring the time delay of an echo reflected from the 
ionosphere as a function of the radio frequency used. ‘I'he time delay ts 

expressed in terms of an equivalent height h’, and the (h’, f) curve obtained is 
often well defined and shows a rapid increase of height as the critical frequency is 
approached. For simplicity the complexities caused by multiple layers and 
multiple reflections and by magneto-ionic double refraction need not be considered 
here. Such a well-defined curve is an indication that the ionization then exists in 
the form of a relatively thick layer with a single maximum of density within it. 

It is often found, however, that the echoes returned from the ionosphere are 

very spread, particularly at night-time and more especially in the auroral regions 
at any time of the day, giving rise to a diffuse and complex record in which it may be 


* Private address : Weatheroak, Danbury, Essex. 


PROC. PHYS. SOC. LXVI, I2—B 32 


1026 T. L. Eckersley 


difficult to distinguish any definite curve or critical frequency. Some excellent 
records of this kind taken at Spitzbergen have been published by Whatman (1949). 

At first sight these spread echoes show some similarity to the long distance 
scattered echoes described by the author (1940), but whereas the latter are received 
at oblique incidence and need the use of high power, the spread echoes are reflected 
at practically vertical incidence and can easily be observed with a low power | 
transmitter. Experimentally the scattered echoes are very difficult to balance ona 
pair of spaced frames when these areas muchas 20 metres apart, whereas a balance > 
can always be obtained on the spread echoes, showing that for them the bundle of 
rays reflected from the layer arrives practically vertically. 

It is shown in the Appendix that such a system of spread echoes can be 
explained if within the layer there is a pericdic structure of ionization, from which 
a single incident pulse is returned as a set of pulses that in practice will overlap and 
forma mountain range of the spreadechotype. ‘The presence of the spread echoes 
therefore suggests that the layer is no longer of the simple type with a single maxi- 
mum of density within it, but that it has a multiple structure of the sandwich type 
with periodic variations with height in the layer. 

The existence of these two types of layer can be explained in terms of two 
mechanisms of ionization, namely the incidence of ultra-violet radiation from the 
sun and the influx of a stream of charged particles that are deflected by the earth’s 
magnetic field towards the geomagnetic poles. When the ultra-violet radiation 
alone is operative, the process of layer formation may be satisfactorily explained by 
including the effect of recombination but neglecting that of diffusion. The: 
theory was worked out in detail by Chapman (1931), and the so-called Chapman . 
layer isa relatively thick layer with a single well-defined maximum of density within 
it, such as the normal E, F, and F, layers. 

When, however, particle ionization is also present, the Chapman theory must 
be supplemented, as the effect of diffusion can no longer be neglected; in fact the 
diffusion process plays a dominant role, and, as will be shown, it forms a system of 
thin layers only two or three wavelengths thick embedded in a background of 
ionization. ‘The conditions under which a smooth layer of the Chapman type is 
formed are thus special rather than typical. When particle ionization is present, 
the ionosphere exhibits an instability that results through the diffusion process in 
the production of irregularities within the layer which take the form of a periodic 
structure of thin layers. Whereas the simple layer formed by the ultra-violet 
radiation from the sun will have a maximum density depending on the zenithal 
angle of the sun and so decreasing at night and in the polar latitudes, the irregu- 
larities produced by the particle ionization may occur at all times of the day and 
night and will be most common in the polar latitudes. 

It is the purpose of the present paper to show how the inclusion of the diffusion 
term in the differential equation of layer formation leads to a steady state solution: 
in which there exists a periodic structure, and hence to explain by the analysis i 
the Appendix the existence of the spread echoes. It will be shown that the solutio 
of the ditferential equation is an elliptic function independently of the initial 
conditions, and it is one of the essential ideas of the paper that these initial conditions: 
need not be known in detail. The principle is therefore established that even}) 
though the initial conditions are not given, the form of the mathematics implies 
that the solution must be periodic and that the spread echoes can thereby b 
explained. 


| 
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‘The fundamental differential equation is set up in the next section, and in the 
succeeding sections the solution is given with the determination of the associated 
period. ‘The particular case of a slab source is dealt with n some detail and the 
relation to the curtains observed in auroral regions is discussed. 


$2. THE DIFFERENTIAL EQUATION OF LAYER PRODUCTION 
‘The equation that forms the basis of the Chapman theory is 


dp ies 2 
a CDSG ie a ey ak Ge inte ag (1) 


where p is the density of ionization at the time ¢, « is the recombination coefficient, 
and qis the rate of production of ions by the ultra-violet radiation. 

When g also contains the ionization due to incoming charged particles and the 
effect of diffusion has to be included, eqn. (1) becomes 

d d* 
FD ae +9 2 ie (2) 
where = is height in the ionosphere and D is the diffusion coefficient given by 
De alae ye Ne fue eee eae (3) 
where v is the velocity of the ions and / their mean free path, and », is the collisional 
frequency. 

The form of D may be modified by the presence of the earth’s magnetic field, 
but this will not affect the form of eqn. (2) itself. 

When the steady state with respect to time is established, dp/dt =0, and (2) 
becomes dp ; 

D3 — oP Eqs (RPMs Vk ee a (4) 

Before proceeding to the solution of this equation, we shall briefly discuss the 
assumptions upon which it is based. ‘The distribution of density p in the iono- 
sphere is mainly dependent on the distance from the centre of the earth. The 
electrons are considered to move in a flat space that is tangential to the sphere 
concentric with the earth at the point concerned. In this flat space the diffusion 
constant D is a function of the earth’s magnetic field, since the movement of the 
electrons is modified by the presence of the field. This has been considered by 
Chapman and Cowling (1952) who discuss the effect of the earth’s magnetic field 
on the diffusion of the electrons. In the differential equation, however, we can 
assume a definite constant value of D without needing to consider precisely how it 
is defined. 

Some other aspects of diffusion are also left out of account. ‘Thus a light gas 
will vary with the height in a different manner from a heavy gas, as the light particles 
tend to diffuse through the heavy ones. ‘Thus the behaviour of the light particles 
depends upon the scale height H of the molecular particles in the atmosphere which 
is a function of their mass. In fact H= R7T/mg and we have a distribution of 
particles of the form exp|{—2/H] which would cause the lighter particles to be 
distributed in height in a different manner from the heavier particles. 

The diffusion of the light particles through the heavy ones depends upon the 
difference between the scale heights of the two. If these scale heights are large 
enough, as they are in the practical case of the ionosphere, this factor is completely 
negligible, and we are justified in considering the differential cquation as being of 
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the form of eqn. (4), where p is one-dimensional depending only on 2, and Disa 


simple constant. 
Although there are possibly some details which have been neglected, this 


equation contains the central idea of the parts played by diffusion and recombin- — 
ation in determining the behaviour of the electrons in the ionosphere. This — 
equation is essential for the understanding of the behaviour of the ionosphere, and | 
its solution gives the major features to be considered. | 


§ 3. THE SOLUTION OF THE DIFFERENTIAL EQUATION | 


In the steady state with no ion production, eqn. (4) becomes 


In order to maintain a steady state in a region where there is no ion production, | 
there must exist outside the region a place where g is not zero. This aspect of the — 
problem will be considered later. 

If we put D= So SO eee (6) 
eqn. (5) may be written 


dz| 2\dz 3 
1/dp\2? S 
Le (2) =z! = Bo cons Pee (7) 


where f is an arbitrary constant. 
The dimensions of the quantity S in eqn. (6) are L?T-1/L?T-1, i.e. L. Intro- | 
ducing a second arbitrary constant 29, the solution of eqn. (7) is 


dp 
3 — 89> { (2Sp3— 2p)! eo OP eatin peers, (8) 
The integrand has three branch points given by 
p?=3B/S 7 Alice Lat Mee eee (9) 


and no others, except possibly at p= oo. 
If we put p=1/€, the integral in eqn. (8) becomes 
dl ( al 
) Pas 2a ~~ | BRS 2B 
which shows that in terms of ¢ there are four branch points, three of them lying ona | 
circle in the complex ¢ plane which are the roots of €?=.$/38 and one at £=0) 
(or atp= oo). ‘These are representable on a four-sheeted Riemann surface in the : 
complex ¢ plane and are shown in fig. 1, where it will be seen that there are two ) 
independent closed circuits round the branch points, giving constants of integration || | 
I, and I, one of which is wholly real and the other wholly imaginary. | 
Thus it follows that 


pri Nae, | de 
“#0 | ORGS 2ER 


where m and v are integers. 


If 


nl tne Sa (11) 


4 dt 
| page= 70 

then eqn. (11) may be written 

iQ) =2— 294 ml, Fal, ee (12) 
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and Cis an elliptic function with periods J, and J, one of which is real and the other 
imaginary. 

When f =0, the integral in (8) is very simple and there is no need to consider 
the elliptic function. It corresponds, however, only to the simple case of a single 
source, i.e. a single region where g is not zero and which maintains the ionic 
density in the region we are considering where gis zero. If we put 8 =0 in (8), it 
becomes ‘etd: 2 

Z—-B= 


J GS)" —~ Sa 
or p=6/S(z— 2)? 
which becomes infinite at z= 29. 

This obviously corresponds to a source at = 2%, with the density decreasing 


monotonically at all points either greater or less than z=, as shown diagramma- 
tically in fig. 2. In the immediate vicinity of s=2 9, qg is not zero and the above 
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analysis does not apply. We may assume that in a small thickness 2d centred on 
%=2 , g 1s not zero, but that outside this slab p is given by (13). We proceed 
therefore to consider how the solution in (13) can be joined on to the solution of the 
problem for such a slab source. 


$4. ‘THE SLAB SOURCE 

The source at z=2) where the infinity in p occurs according to the above 
analysis when f = 0, may be regarded asa slab of small thickness 2d in which ionized 
particles are produced by ejections from the sun. Within this slab there must be 
no net gain of electrons with time, the increase due to the incoming particles being 
balanced by the loss of electrons by recombination and diffusion. In this region 
the differential equation with g=0 does not hold and we must make a direct study 
of the equilibrium of the slab to determine the relation between the intensity of 
supply and thickness of the slab. 

We can do this because we know how the diffusion varies with the thickness of 
the slab, and we suppose that just outside the slab the mathematical relation in 
which the density varies as 1/(z— 29)? is true. The slab of finite thickness 2d is 
introduced to avoid the implication of an infinite source spread over an infinitesimal 
range of z if the differential equation were to hold right up to z= 2p. 

The slab of thickness 2d is shown in fig. 3, and the solution of the differential 
equation is considered to hold to within a distance d= — 2, of the infinity at 2 
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in this solution. Within the slab the equation does not hold because there isa 
supply of electrons g, and we can assume that the density p is nearly constant 
throughout the range s=2)+d. Considering an area A of the slab, the overall 
equilibrium of the layer can be determined as follows: ‘The number of electrons 
lost per unit time from the slab is given by — AD dp,/dz + AD dp,/dz where p, | 
and p, are the densities at the two faces of the slab. ‘The number of electrons lost 
by recombination is A2dap?. ‘The number of electrons in the slab supplied by 
the ionizing agency from outside per unit time is Aq 2d. 


Thus the equilibrium equation is 


35 (= x 2) Lge er ee (14) 
This equation of course only applies if dis not large compared with the mean 
free path J. 
Now dp,/dz is negative and equal to dp,/dz, and in order to fit the solution 
inside the slab with that outside where g=0, py must from (13) be given by 
6/S(z%—%)* where z— 2%) =d, so that 


dp,.| 6 2 i 
Fa — S@—z) at 2-2 =d, 
= 2)Sae- 
Thus (14) becomes 
12 36 
2D oH + 2d ami =2qd 
J 12 3 
he qd = sa | D+ Sa 


so that the total supply gd required to maintain a steady state is inversely propor- 
tional to d®, 

Physically it is fairly obvious that if the supply were very large, or infinite, a 
steady state could only be maintained if the electrons were also removed infinitely 
quickly. ‘Thus the recombination ap? and the diffusion Dd?p/dz? should also 
both tend toinfinity. Itis therefore possible to have a peak approaching an infinite 
value if the supply over a very thin stratum also tends to infinity. In other words 
there is no limit to the ionization gradient so long as there is no limit to qd, this — 
gradient being limited purely by the supply. 


$5. THE PERIODIC SOLUTION WHEN f IS NOT ZERO 


Having seen that the special case when 8 =0 corresponds to the existence of a | 
single source which maintains a monotonic decrease in density on either side of it, | 
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we now return to the general case when f is not zero. ‘This must correspond to 
the case where there are a number of sources between each neighbouring pair of 
which the density distribution is given by a solution of (8) in which f is not zero 
and p is therefore a periodic function. It should be noted that as the differential 
equation is non-linear, we cannot build up the solution by the addition of the 
solutions for a number of single sources at s = 2), 7=2,, =2, etc. Rather we 
have to work out the completely general solution when f is not zero and apply it to 
each of the regions between the sources. In fact for each region there will be some 
appropriate value of §, and the solution between one pair of sources will not be 
analytically continuous with that for the regions beyond on either side. 

We have then a picture of a series of slab sources the origin of which will be 
considered later. Between any neighbouring pair of sources the solution of the 
differential equation will be periodic, giving rise to a periodic structure of ionization 
between each pair of sources. In this structure the density does not drop to zero, 
but there are periodic minima, say pp, associated with the value of 8 by the branch 
point condition in eqn. (9) which may be written 


B= pe oe Ln ae Ve hee BSE, (15) 
Thus the appropriate value of 8 may be regarded as a function of the physical 
value of the minimum density between the sources, as well as depending on the 
diffusion and recombination coefficients contained in S given by eqn. (6). 
Now from (8) there is a relation between real values of p and z— 2, for p>pp 
given by (15), and the real period of the elliptic function is given with reference to 
fig. 1 by 


om =2| Care 2p) =i. . Pee soa 


using (15). Now put Be so os ee dy. ‘Then 
g Pp 


6% if dy 
ie 3), POM Spe), GF— 1)? 


/6 igs eaih 
wink K where K= | CESNE 
whichisapurenumber. By putting y?=1+ x, this integral may be converted toa 
beta function that can be evaluated in terms of factorial functions giving K =2°43. 

Millington (private communication) has derived this period by a somewhat 
different argument not explicitly invoking the knowledge that the solution is in the 
form of an elliptic function. His result agrees exactly with the above value, the 
period being given by the same integral. ‘This forms a useful confirmation of the 
correctness of the analysis given. In particular it confirms that the period is 
inversely proportional to S"p,'? and hence to S"* 6"'6 from eqn. (15). 

The physical characteristics of the layer thus depend upon §, or alternatively 
the quantity f itself depends on the nature of the layer. It is clear that if we know 
the character of the F layer of the ionosphere we can follow up the analysis and see 
why the layer is often irregular in structure and how it may produce spread echoes. 
The physical analysis of the problem may help the understanding of it. On the 
other hand it is not essential, as the nature of the solution as a periodic structure is 
implicit in the mathematics. The form of the mathematical results does not 
depend upon a detailed knowledge of the initial conditions, i.e. on the physical 
conditions that determine the positions of the sources and the appropriate values 


i.e. i,= 
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of B in the regions between the sources. Whatever these initial conditions may 
be, the solution of the differential equation is periodic, and the generalized mathe- 
matical argument short-circuits the detailed physical analysis of the problem. 


§ 6. 'THE SERIES OF SOURCES 


It has been shown that the condition that f is not zero implies that there is a 
series of sources between which a periodic structure is maintained. Such a 
system of sources is known to be formed by particle ionization from the sun as is 
evidenced by the existence of auroral curtains. It is therefore reasonable to 
suppose that at times and places where spread echoes are observed, such a 
system of sources is present, implying that the ionizing agency is not only ultra- 
violet radiation, but that there is also a stream of incoming charged particles. 
Whereas, in their absence, the layer is of the normal Chapman type, their influence 
in the formation of a series of slab sources is to make diffusion a predominant 
factor in determining the structure of ionization in the regions between the 
slab sources. 


§ 7. CONCLUSION 


In §4 it was shown that the initial conditions for a single source (when 6 =0) 
imply a large production of ionization, defined by the rate of production of electrons 
q by an outside ionizing agency, over a short interval of height z. This corres- 
ponds to a single curtain of ionization. | Experimental evidence given by Stormer 
(1938) of the production of auroral curtains shows that there can exist in the 
ionosphere sheets of ionization which lie along the direction of the earth’s magnetic 
field. These sheets are formed by the influx of particles from the sun and their 
spacing is determined by quantum conditions governing the ejection of the 
particles from the sun into the earth’s atmosphere. 

In between two neighbouring sheets where the rate of production of ions 
given by q can be considered as zero, the distribution of ionic density p with 
height z is essentially determined by the solution of a differential equation of the 
type discussed above. ‘Thus between the sheets there can exist a periodic structure 
of ionization of the kind required to explain the spread echoes by the argument 
given in the Appendix. The infinities which occur periodically in the elliptic 
function representing the solution of the differential equation can lie off the real 
% axis, and mathematically they then lie in the complex z plane. Thus along the 
real z axis between one auroral sheet and the next, the physical situation will be a 
series of maxima and minima forming a continuous periodically varying density— 
distance relationship. 

Between each pair of auroral sheets there will be an associated elliptic function 
giving a periodic structure of ionization. Observations of the aurora show that 
the distances between successive sheets is not necessarily the same. This implies 
that the elliptic functions that represent the behaviour of the ionic density between 
the sheets are not related to one another and may have different periods depending 
upon the boundary conditions at the sheets. In other words, there may be a 
number of elliptic functions, each appropriate to a region between two neighbouring 
auroral sheets and describing the periodic structure of density therein, but not 
related to adjacent functions belonging to neighbouring regions. 

Summarizing the theory that has been given above, it shows that when the rate 
of production of ionization from an outside agency is confined to a number of 
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levels, the layer produced has a complex structure, and the mathematics definitely 
shows that the density distribution is given by a series of elliptic functions. The 
periodic nature of these functions implies that the layer is complex with a system 
of maxima and minima that accounts for the spread echoes as shown in the 
Appendix. 

To tind out the exact nature of the solution of the problem, the initial conditions 
would have to be known, and these depend upon the precise character of the 
ionizing agency, whichis not known. But by examining experimentally the auroral 
effects, it would appear that the ionization is produced by incoming particles. 
producing sheets of ionization about 1km apart, as an examination of Stormer’s 
photographs reveals. 

The spread echoes are observed more especially in the reflections from the F 
layer of the ionosphere, and experimental evidence shows that the F layer irregu- 
larities are often produced during magnetic storms and in regions where the 
density due to ultra-violet light ionization is low. ‘There is reason to believe, 
therefore, that the irregularities in the F layer are produced by particle ionization. 
The analysis given above bears out this contention and shows that the abnormalities 
in the F layer are of the sandwich type capable of producing the spread echoes. 
This structure may be controlled by the existence of auroral sheets of ionization, 
though in principle the period associated with the structure may be anything, 
depending upon the value of f in the integration process. In order to establish 
the existence of the periodic structure in the layer, it is only necessary to show, as 
has been done, that the density distribution is given as the solution of a differential 
equation which is of periodic type regardless of the initial conditions, which are 
unknown and can be left out of consideration. 
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APPENDIX 


In order to show that a periodic structure within the layer will cause a single 
incident pulse to be reflected as a spread echo consisting of many pulses, we begin 
by considering the step function z, defined by 

: 1 (* exp(2mvt) dv 

Cit ai sd es 
where the contour is chosen to include the pole at v =v) when it is completed by an 
infinite semicircle in the upper half of the complex v plane as shown in fig. 4. 

When ¢>0, i,=exp(2mivot); but when ¢<0, 2,=0. This is illus- 
trated in fig, 5. 


POMC 
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We then build up a pulse of width 7 by subtracting from this step function 
another one 7, given by 


spots ali f= Aexp {2miv(t=7)}dv (A2) 
SL be 2 v—V 


which is zero when t<r and equal to Aexp {27iv)(t—7)} when t>r. This is 
shown with 7, in fig. 6. 7,—7 is thus zero when t<0 and equal to exp (27zv9l) 
when 0 <t<z, and will be zero when t >7 if A is chosen to be equal to exp (27ivg7), 
as shown in fig. 7. 7, —7Z, represents a pulse with infinitely sharp sides. We can 
obtain a pulse of any shape by building it up from elements of this kind as indicated 
in fig. 8. However, this simple picture is sufficient to express the main features of 
the pulse. 


% 
- co (0) ¢ co 
Fig. 4. 
t=0 | RP me ees 
l 
ee ee eS 
Fig. 5. Fig. 6 
0) qe 1G ; 
Fig. 7. Fig. 8. 


If the pulse travels to a distance x without dispersion it becomes 


eypeca( en air lt ale dag a eae 
11 —1g = = Se ee eee ee 


1A) Le) oe V—Vo 


and the pulse is the same relative to the time t — x/c as it was previously relative to 
the time ¢t. It has therefore moved as a whole and is faithfully reproduced at a 
tine t =) C; 

If in a dispersive medium we have over a distance x a phase change 4, which 
must be a function of x and v, we get for the form of the resultant pulse 


ah. xp Pett sie) Hedy A exp {2m fs td Sa 


eet V—Vo 20 VV 


5 
| 
7 
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; 
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In fig. 9 the phase ¢ is shown as a function of the frequency v together with the 
frequency spectrum of the pulse. The line AB represents a change in phase that 
is proportional to the frequency and corresponds to a wave travelling in free space. 
The delay of the pulse which the wave and side-waves produce is proportional to 
the slope of the line AB, i.e. to the rate of change d¢/dv of the phase with respect to 
the frequency. 


Phase 


5 


7 |) 
Spectrum 
of Pulse 


Frequency —S Critical 
Frequency 


Figs 9: 


If the pulse is travelling in an ionosphere in which the density is uniform, the 
slope of the line increases and moves towards infinity as the critical frequency is 
approached, as shown by the curve AB’C. If the layer, like a sandwich, is made 
up of a number of subsidiary layers, the phase curve is no longer a smooth curve 
with an increase everywhere, but has a fluctuation on it as shown in fig. 9. 

Analytically, for the case in which d¢/dv is constant, ¢ in (A 3) can be written 
as vdd/dv, the constant phase being omitted as it does not play any part in the 
integration. ‘Then (A 3) becomes 


re : Se edd 
ee exp {2niv(t— = — 5 FY 
ee) 5 V—Vo 
fe : Oe be a3 
. 1 exp{2niv(t—r— 2 — 5 HE) a 
27 . ery V—Vo 
which represents a pulse at the time 
in ~ a do 
os c 2a dv ; 


This argument assumes that dd/dv is constant over a sufficient range of v for 
Kelvin’s ‘stationary phase’ method of obtaining the group time to be applicable. 
The limits over which dé/dv must remain constant in order that this method may 
be sufficiently accurate can be determined by assuming that the phase—frequency 
curve is linear up to a frequency v, and then changes to another slope, as in fig. 10. 

The main contribution to the integral must be in the neighbourhood of v9, 
and we wish to find, therefore, how far v, must be removed from vy in order that 
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the contribution beyond v, for a linear phase curve may be negligible. To do this, 
we consider a contour C, shown in fig. 11 which consists of the real axis from 1; to 


—_————_ 


Y vy, pr -co “VY, oO H Y co 


Fig. 10, Fig. 11. 


co, the infinite semicircle in the upper half-plane, the real axis from — 0 to — 1, 
and the semicircle of radius |v,| in the upper half-plane. The integrand of the 
type under consideration has no pole within this contour, so that 


ie eee Se 7] 
. 


sas | ae | a5 | =! | =), 
y ht ” Semicircle ¥—o Semicircle 
at co 


. of radius |»,] 
Of these, the second integral is zero, so that 


1 ea ea 00 1. 
2n I = :) | * Qn Semicircle a (A 4) 


of radius |*;| 


where the semicircle is described in the conventional counterclockwise direction. 
On it we put v= |v, |e’”, so that 


pe : vinghiede 
ex J on ,/({t—_--=—- — @+7s1 
a awd Py 7 bl ( Tis (cos tisind) | dv 
Qa ~ Semicircle Qa “0 Ry : 
of radius |», | 
2 dv ie? dé ; 
ae » _lesfiettde ofa 
V—Vo |v, |e — Vo |v, | i \ Cm 
so that os Bae 
Varma | Vy | = Yo 
Sad Eh jx ge f Smee Bein Leal? 
2r J Semicircle 2a YO | Vy | 7-0 
of radius |] 
ew lide 


where Siena ek i 
P c 2m dv Now this integral is less than 


5 D 1 ; 
ep {Pele G6) l= seas plese {2 LB 


This must be small compared with unity, so that the condition is that B (|v, | — v9) 
must be comparable with or large compared with unity. 

Now the values of B which interest us and contribute to the impulse are those 
for which f is of the order of 7, as those for which 8 Sz do not contribute to the 


pulse. We can therefore write our condition as 1/7(|v,|—v)) small compared 
with unity. 
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The range of uniformity of phase as a function of v is proportional to the inverse 
of the thickness of the pulse. 

Fluctuations in the phase-frequency curve at a considerable distance from the 
actual frequency of the pulse may produce spurious echoes and distortion from a 
very narrow pulse, but will produce no appreciable distortion of a wide pulse. 

If the layer density does not increase regularly, but in steps, we can have a 
phase function ¢ which also fluctuates about a mean value that increases linearly 
with frequency. In order to give a mathematical form for the function, we may 
take 3 On 


: Vv 
p= sev + Basin — ‘ 
The dispersion integral for the pulse is then 

eis J x 1 d¢ pa VIE 
ai exp {2niv (1 noe 5.) iB sin a) ay 
a Pear. > ity see Ost Meee 
ae ‘ 
Now we can put 
exp {—28, sin(2mv/v,)}= 2 J, (81) exp(—i2rnv/v,) 


so that 7, becomes 


“eo een ee | 
| exp 2niv (1 F — =F) 137, (B,) exp (=F 2m m/v) d 


+e ae V—Vo 
se ; Bie Me (lee wk) 
1 ae | exp {2niv(1- 5-7 FE —*)hay 
Qn 7 n (Bx) ae i 


with a similar integral for 2, with ¢ replaced by t—r. 

The exponential in the integral is the same as before with t — x/e — (1/27) db/dv 
replaced by t—«x/e—(1/27)d¢/dv—n/v,, where nm is an integer. Thus if 
t' =x/c+(1/27) dd/dv is the time at which the main pulse arrives, there will be 
extra pulses of magnitude J/,,(8,) at the times ¢,, =?’ + n/v,, as indicated in fig. 12. 


Fig. 12. 


In theory, with an infinite series of fluctuations, there is an infinite series of 
pulses at the times ¢,, and these spurious pulses will be just as sharp as the original 
one. If there is a finite series of fluctuations, or if the fluctuations are slightly 
irregular, the pulses get rounded off, which is of course what happens in practice. 

The separation between the pulses is 1/v,, and if this is small compared with 7, 
the thickness of the pulse, then the effect will be that of a distorted pulse and not 
that of a series of discrete spurious echoes. ‘This is a check on the above conclusion 
that for a large distortion to occur the fluctuation must occur within a frequency 
v, of the order of 1/7. 
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A similar effect occurs if there is a fluctuation in amplitude as well asin frequency. 
This may well occur by partial reflections from thin layers such as may perhaps 
be considered to constitute the F layer. In this case the phase ¢ may be in the 


form 

$= Z v-+iBysin =" 
so that the fluctuation of 7f is — 8, sin 27v/v, and is real, and therefore represents 
an amplitude change. The analysis is exactly the same as before with 2f, in the 
place of £,, and the nth pulse is therefore proportional to J,,(f) or J, (¢8) and 
diverges to co with n. It is therefore improbable that we can have an amplitude 
fluctuation over a very large range of frequency. 

Complex values of f are also possible with a simultaneous amplitude and phase 
fluctuation if these are in phase. The mathematical formulation is more difficult 
if the phase and amplitude fluctuations are out of phase, but the splitting up into a 
mountain range of pulses is certain to occur. The main features of the solution 
are unaltered, and it seems highly probable that the spread of the observed pulses, 
which are all vertically propagated, is due to a phase and amplitude fluctuation, 
which in its turn is caused by a stratification of the F layer into regions where the 
density varies very rapidly in the vertical direction but only very slowly in the 
horizontal direction. 
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On the Mechanism of Choked Jet Noise* 


By A. POWELL 


Department of Aeronautical Engineering, University of Southampton 


Conmununicated by E. F. Richards; MS. received 19th May 1953, and in amended form 
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Abstract. 'The character of jet noise undergoes a marked change above choking, 
the noise due to turbulent mixing being dominated by a powerful whistle or screech 
whose wavelength is related to the regular shock wave spacing. The mechanism 
in two-dimensional flow is further examined (by the aid of a dynamic Schlieren 
apparatus), verifying the suggested mechanism and showing the similarity to that 
in axially symmetric flow where discontinuities in frequency, partly analogous to 
edge tones, occur. ‘The resultant sound emitted as the periodic eddy system 
traverses the regular shock wave pattern is highly directional, producing a powerful 
beam at doubled frequency normal to the jet and an intense beam at eddy frequency 
in the upstream direction adjacent to the jet, resulting in fluctuations in jet velocity 
direction at the orifice which initiate new stream disturbances. 

A gain criterion for the self-maintained cycle is given, enabling certain 
qualitative deductions concerning the intensity to be made, and use will be made 
of this in considering methods of reducing the noise level. 


§1. INTRODUCTION—THE PHENOMENON 


T a subsonic exit velocity the flow of an air jet, at a high Reynolds number 
and in the absence of pulsations or other periodic influences, is character- 
ized by turbulent mixing commencing at the shear layers of the jet bound- 

aries, and it is this which is responsible for the ‘jet-noise’ produced. ‘This 
noise, best described as a ‘hiss’ for small jets or as a ‘roar’ for larger jets, has no 
discrete dominating frequency: its spectrum is continuous with a single, rather 
flat max mum (Powell 1951, Westley and Lilley 1952). 

If the jet pressure ratio is increased beyond the critical (1.e. that at which 
a sonic exit velocity is first attained) a marked change takes place in the flow and 
also in the nature of the sound it produces. The flow is then ‘choked’ and 
expands on leaving the orifice, but after a certain distance (which is dependent 
upon the pressure ratio) contracts to its original diameter. Conditions are then 
very similar to those existing at the orifice itself, and the process then starts 
afresh and would repeat itself indefinitely if it were not for the turbulent mixing 
of the stream: even so several cycles are normally present, forming what has 
been called a ‘cellular’ pattern which is a prominent feature of Schlieren photo- 
graphs of such a flow (see figs. 8 and 14 (Plate) for example), traces of as many 
as twelve having been observed (Powell 1951). Shock waves form during the 
contraction at the end of the ‘cells’, growing inwards in the upstream direction 


* Formerly A.R.C. 15.623 F.M.1858, December 1952. 
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from the point of minimum area so as to form finally a conical structure. If the 
pressure ratio is still further increased a normal shock will form so as to remove 
the apex of the conical shock: most of the work of this paper refers to conditions 
prior to this latter development, which can be just distinguished in fig. 14. 

The sound emanating from the jet undergoes a fundamental change. While 
the ‘roaring’ noise due to the turbulent mixing is still present, it may be almost 
completely dominated by a very powerful noise of completely different character. 
This might be described as a ‘whistle’ or ‘screech’, rather harsh and of a confused 
nature, becoming much more like a pure note, usually of increased intensity, over 
certain ranges of pressure ratio. This apparent stabilization occurs over several 
distinct regions, the pitch or frequency being different at each of these. ‘These 
regions may be separated by a confused and unsteady whistling, but sometimes 
the note changes frequency quite abruptly. Measurements of the noise intensity 
showed a tendency for it to increase as a series of steps, and these are of special 
interest by virtue of their concidence with the regions of stabilization. ‘This 
tendency may be seen in fig. 1 (reproduced from an earlier paper (Powell 1951)), 


“Microphone position 
at 30° 
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—+ 


Total Noise Level 
Measured 4 ft from jet exit 
and at 30°and 90° to jet axis 


Total Noise Level (db above 0:0002 dyn cm~2) 


4 6 8 10 IS 20 30 40 50 
Jet Pressure pj (Ibin-*) 


Fig. 1. ‘Total noise level of 2 in. diameter jet exhausting to atmosphere. 


which is for a jet of 2in. exit diameter. (Owing to the response peculiar to the 
measuring instruments the points at which a near-tone dominated, 1.e. the steps, 
may be slightly underestimated.) In other cases peaks, sometimes high, made an 
appearance at these steps. One such peak is evident towards the upper end of 
fig. 1. ‘This figure also shows clearly how the noise level above choking (first 
occurring at a jet pressure p; of about 13-:2lbin-?, p, being the total head of the 
jet relative to atmospheric pressure) increases very rapidly with jet pressure, 
depending upon it to a power of 6-0 (at 30° to the stream) or 9-0 (at 90°), roughly, 
in comparison with a mean value of about 3-6 below choking for the noise due 
to turbulent mixing. ‘The difference in slopes of the noise energy graphs at the 
two positions indicates that the directional properties of the noise have also 
changed. 

‘The above comments refer to flow from a circular orifice. ‘The corresponding 
approximately two-dimensional case, that is the flow from a narrow rectangular 
orifice, has already received some attention (Powell 1951, 1953): here the powerful 
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characteristic sound has a clearly defined frequency over the whole of the investi- 
gated ranges of jet pressure, the actual frequency depending upon the value of this 
pressure. It was suggested that the mechanism responsible for this characteristic 
sound was self-excited, and on making certain assumptions it was shown that the 
dimensions of various features of the flow and the highly directional sound 
field were compatible with that mechanism. It is the writer’s aim in this present 
paper to examine the validity of those basic assumptions, and then to investigate 
the relation between the mechanisms in the two-dimensional and in the axially 
symmetric cases, the latter perhaps being important in view of the increasing 
pressure ratios of jet engines or rockets. 


§2. EXPERIMENTAL APPARATUS 
Mechanical Arrangements 

The air supply for the jets was taken from a large reservoir, this being charged 
by a 40h.p. electrically driven compressor. ‘The supply entered the laboratory 
via a large main, the final run being of 3in. diameter and containing the control- 
ling gate valve. A Burgess type silencer 4 ft long, having a perforated inner wall 
and packed with sound-absorbent material between this and the outer pressure- 
tight case, was placed after the control valve to reduce as far as possible the effects 
of valve noise at the nozzle exit. The end of the silencer was fitted so as to take 
either a contraction to a lin. diameter nozzle, designed so as to avoid breakaway 
of the flow and producing a sensibly uniform velocity across the exit (Harrop 
1951, Powell 1952 b), or to carry smaller nozzles having a rectangular exit. 


Schlieren Apparatus 

Photographs of the jet flows were taken by the 'Toepler—Schlieren method. 
A double-mirror arrangement, with 8in. diameter 6ft focal length mirrors, was 
used in conjunction with an auxiliary condensing lens adjacent to the light source. 
In this way a knife-edge window could be introduced to provide a sharp-edged 
effective source, and to remove unwanted images of the structure close to the 
actual light source. Adjustment of the image length at this point proved to 
be a convenient means of controlling the total illumination both when spark 
and when continuous light sources were used. A spark discharging between 
magnesium electrodes enclosed in a length of glass capillary tubing provided 
an ample light output with an effective duration of about a microsecond. 


Dynamic Development 

The problem of measuring the frequencies of certain disturbance motions 
in the jet flow arose, an upper frequency limit of at least 50 000 c/s being desirable. 
Since this is far above the working range of hot-wire techniques* and no suitable 
high speed camera was available (and the construction of one being a major task), 
it was decided to tackle the problem in a novel way. ‘The method proved 
eminently suitable for its specific application, being particularly simple in 
construction and operation, and offers possibilities of development for other 
applications. 

The existing Schlieren system was used, but instead of placing a photographic 
emulsion in the final image plane, the photo-cathode of a photomultiplier with a 
pinhole aperture was substituted. In this way the time fluctuation of a component 
of the mean density gradient in the flow could be obtained. 

* Note added in proof. But see Kovasznay, 1953, N.A.C.A. Tech. Note 2839. 

PROC. PHYS. SOC. LXVI, I2—B 4A 
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The photomultiplier used had a transparent photo-emissive cathode with a 
sensitivity of 28a per lumen. Eleven accelerating grids resulted in a current 
amplification of about 2-2 x 10°, the high voltage supply with a potential divider 
for these being as indicated in fig. 2, which shows the preliminary circuit arrange- 
ment. Since it was desired to maintain a sensibly constant response over the 
operating range of frequency, a cathode follower was used at the output. ‘This 
was actually mounted within the light-tight container enclosing the photo- 
multiplier, and with the circuit components indicated the estimated response 
was flat to within about 1 decibel at 150000 c/s. 

For this dynamic work a continuous light source was necessary, and a 380 w 
two filament ‘solid source’ gas-filled lamp was found quite satisfactory when run 
from a 24v battery, only one filament being used. 


Photo-cathode 


EMI 6190 
Photomultiplier 


Fig. 2. Circuit diagram for photoelectric device. 


The method may be used to estimate sound intensity provided the geometry 
of the field is known or can be deduced. It is necessary to provide some means of | 
calibration: one method, as used, was to mount the critical knife-edge on the tip _ 
of an electrically driven tuning fork, and to obtain its amplitude of vibration by © 
observing the deflection of a ray of light from a tiny mirror mounted on the fork, 7 
producing on a transparent scale a magnification, in this case, of 34. This method 
makes it unnecessary to depend upon calculations of the illumination, sensitivity 
of the photomultiplier or its aperture, or the electrical response so long as it is 
known to be flat. Some further comments and the method of calculating sound 
intensity are given in the Appendix. 

Ancillary apparatus used in conjunction with the photoelectric device consisted | 
of a wide range oscillator, a double-beam cathode-ray oscilloscope and a crystal iW 
microphone. Although the resonance of the latter occurred at about 17000c/s : 
and the response fell above that, the sound levels were sufficiently high to make |) 
the use of an amplifier unnecessary, and the output was quite satisfactory for 
frequency comparisons, a principal consideration in the present analysis. 


§3. FURTHER CONSIDERATION OF THE ‘TWO-DIMENSIONAL CASE 
Basic Assumptions and their Experimental Verification 


The phenomenon occurring in the approximately two-dimensional case has4 
been described in former papers, to which the reader is referred for details 
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(Powell 1951, especially 1953), in which a theory was put forward to explain the 
mechanism. Briefly, the observed regular stream disturbances were assumed 
to give rise to stationary sources of sound on tra ersing the cellular system with 
its shock waves, and several such sources would interact with each other to give 
rise to a highly directional sound field displaying certain discrete frequencies. 
On taking the frequency of the stream disturbances, which had a superficial 
resemblance to a Karman Street, equal to the lowest radiated frequency of the 
sound, this directionality could be estimated for given cases and was in fact 
found to be in substantial agreement with that observed, i.e. a powerful lobe 
adjacent to the stream in the upstream direction, and a weaker one similarly 
downstream, whereas the first harmonic would have only a single major lobe 
normal to the stream. ‘The powerful emission in the upstream direction was 
supposed to give rise to embryc disturbances at the orifice, which became amplified 
in the stream as they pass downstream. ‘This work was based upon Schlieren 
photographs, and the frequency of the downstream radiation could not be 
ascertained with any confidence, due to its relative weakness. 

Thus the theory depends upon the validity of the basic assumptions that 
(i) the disturbance is exactly equal to that of the sound passing in the upstream 
direction, (ii) the sources are stationary. 

These assumptions were investigated in the following manner. ‘The pinhole 
aperture of the photomultiplier (about 0-009in. diameter) was arranged so that 
it was in the track of the disturbances on one side of the stream (the position being 
easily found from the existing Schlieren photographs or from direct observation 
since the envelope of the disturbances formed a ‘ghost’ on the aperture stop). 
The output from this was displayed together with that of the crystal microphone 
on the double-beam oscilloscope. It was arranged so that both beams were 
triggered by the disturbance wave form from the photoelectric device; this wave 
form was found to be quite regular and steady and, although harmonics were 
present, the fundamental was quite unmistakable. ‘The intensity of this signal 
was clearly far above the ‘noise’ of the general turbulence. ri 

When the microphone was located in the upstream direction close to the 
nozzle body its response, which was very nearly sinusoidal, was stationary on 
the oscilloscope screen and clearly of the same frequency as the disturbance 
fundamental. Any variation of frequency, even extremely small, would of course 
result in one wave form moving relative to the other. ‘This equality existed over 
the whole range of pressure ratio investigated, corresponding to a frequency 
range of 18000 to 42 000c/s. 

On placing the microphone in the downstream direction, where the theory 
indicates a frequency equal to the fundamental (Powell 1953), exactly the same 
result was obtained, the amplitude being smaller, as would be expected. 

Finally, on placing the microphone in a position normal to the stream no 
significant response at the fundamental frequency was found, it being replaced 
by a strong signal at precisely twice that frequency. 

Thus the over-riding assumption that the disturbance frequency is identical 
to that of the upstream source has been found true, and normal radiation found 
to be the first harmonic of this, exactly. Similarly the assumption of stationary 
sources has been verified, since if they were otherwise the Doppler shift of frequency 
would have been evident. ‘This additional evidence adds a great deal of weight 
to the probability that the mechanism suggested is the correct one. 

4 A—2, 
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The Frequency of the Sound 

The frequency of the sound has been determined from Schlieren photographs 
in the former papers. However, the photoelectric device makes much more 
convenient and accurate estimates possible: this could be done either by 
comparing a calibration signal from the oscillator with the disturbance wave 
form (having identically the same frequency as the fundamental of the sound) 
or by forming the first type of Lissajous figures. The latter method proved 
the more satisfactory, using the other as a check. 

The variation of frequency with the jet pressure ; (i.e. the total head of the 
jet less atmospheric pressure) found in this way is shown in fig. 3. An interesting 
feature was that the motion did not excite itself below a certain value of pressure 
(corresponding to a frequency of 42000c/s), either building up quite rapidly at 
that point or ceasing just as quickly, depending on the direction of the pressure 
change. ‘This type of behaviour can be explained by the fact that the total gain 
round the ‘circuit’ of the self-excited mechanism is below unity on one side of 
this boundary and slightly above it on the other, so enabling an amplification 
until at a certain amplitude the gain becomes exactly unity and the motion is 
stabilized. ‘These frequencies are up to about 10% greater than determined 
originally (Powell 1953) and a repeat determination (within a few hours) showed 
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Fig. 3. Frequency of stream disturbance radiated wavelength and_ cell 
in two-dimensional case. length ; two-dimensional case. 


decreases of up to 4% on the later values. ‘These discrepancies, considerably 
larger than experimental error, possibly arise through variations of humidity 
of the jet (no air driers were employed in either case), of temperature or of 
turbulence at the nozzle pipe entry, the layout up to this point being quite 
different in the earlier case. ‘This reflects upon the susceptibility of the dis- 
turbance mechanism to conditions, perhaps not surprising since it is a self- 
excited process, and provides warning of the great care which must be exercised 
to maintain the good repeatability necessary in an extended research programme. 

Now, if the disturbance motion becomes self-excited it will adjust itself so 
that the ‘circuit’ gain is a maximum (see Powell 1952a for a general discussion 
on this aspect). The directionality of the radiated sound is acutely dependent — 
on the cell spacing s, the disturbance spacing 7 and its speed M relative to sound, | 
and is directly involved in this gain. It can be argued therefore that it will be | 
near a maximum in the upstream direction. Since the intensity of the sound in | 
the upstream direction depends upon cos {n7(1+ M) s/n}, where m is an integer 
(see Powell 1953), it follows that since 7 = MA (A is the wavelength of the sound) | 


A/s—>(1-+ M)/M. 
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Both M and s actually refer to the region at which the sound is generated, some 
distance from the orifice, but as an approximation s may be taken as the length 
of the first cell, which has been found to be s/d=1-89(R—R,)"?, where d is the 
smaller dimension of the rectangular exit, R the jet pressure ratio, and R, the 
critical value (Powell 1951). It is therefore of interest to see what values are 
actually found for A/s, and these are shown in fig. 4. It is very nearly constant, 
A/s=2-5, nearly, and this implies a disturbance Mach number of 3*. (Since s 
is somewhat overestimated, so is M.) One can therefore use the rough rule 


1 Cc 
A=5(R-RY!Pd or f= Ze—Rwa(5§) 


to estimate the order of wavelength or frequency of the fundamental sound, 
c being the velocity of sound. 


The Intensity of the Sound 


The sound intensity may be estimated from a knowledge of the geometry of 
the sound field and the associated density gradients; the details of the method 
used are given in the Appendix. ‘The variation of intensity of the sound energy, 
obtained in this way, with jet pressure p; was examined for a point in the upstream 
field, at about 30° to the axis and 2in. from the effective source (i.e. between 
approximately 4 and 8 wavelengths distant), and is shown in fig. 5. Since the 
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Fig. 5. Sound intensity in upstream field : two-dimensional case. Measurements by 
Schlieren and photoelectric apparatus. 


technique is quite novel and no convenient means of comparison are yet avail- 
able, this determination should be regarded as being of a preliminary nature. 

The energy o the established motion follows the law J p?, although there 
is as yet no theoretical estimate for comparison. At the lower limit the energy 
falls away very rapidly, the upper limit, if existing, being beyond the range 
investigated. ‘The sound energy, expressed as a fraction of the kinetic energy 
of the jet, is considerably higher than that generated by the turbulent mixing, 
being of the order of 1%. 

* Although conditions are widely different, this value happens to be the same as would 


result from applying Savic’s (1941) result, applicable to neutrally stable disturbances in 
an incompressible laminar jet. 


1046 A. Powell 


§4. THE PHENOMENA OF CIRCULAR JETS 


It was the observation of stream disturbances and weak sound waves on 
Schlieren photographs of the flow of circular jets, i.e. axially symmetric, which 
led to the investigations of the flow under two-dimensional conditions. A theory 
meeting all the facts of that case has been put forward, and it will now be shown 
that the mechanism in the case of circular jets appears to be fundamentally of 
the same nature, and is responsible for the characteristic ‘screeching’ of such 
jets. As inthe previous case, evidence is found from both Schlieren photography 
and from considerations of frequency. Except where clearly otherwise, the 
following observations refer to conditions at the steps, where, it will be recalled, 
the audible sound becomes more clear and steady (note that the photographs 
refer to a jet having an exit diameter of 1in., whereas the noise measurements of 
fig. 1 refer to a Zin. diameter jet: an exact correspondence between the two cannot 
thererore be expected). 


| 


Results from Schlieren Photography* 


Photographs of the flow have disclosed that two distinct phenomena may be 
present, on quite different scales: in addition to that form of disturbance in which 
we are primarily interested in the present discussion, there is also a phenomenon 
of much higher frequency and apparently different origin. ‘The latter will be 
considered separately in a later section. 

The large stream disturbances can be clearly seen in fig. 6 (Plate), where they 
can be seen to have a very definite alternate arrangement, and it will be noted that 
the later stages of the cellular pattern arising from the excess static pressure at 
the orifice have undergone considerable lateral deflections from their undis- 
turbed central position. 

This disturbance pattern is superimposed on the matrix of finer grained 
turbulence which is clearly defined in fig. 7 (Plate) (where the critical knife-edge 
had been reversed), the disturbances producing a zigzag effect. If the Schlieren 
screen illuminated by a series of sparks in rapid succession is observed, the 
passage of the disturbances can be seen very clearly. ‘The lateral deflections of 
the cellular pattern are most striking, and the impression is often gained that the 
disturbances are in fact of the nature of rotating vortices, perhaps with filament 
of the turbulent flow entraining the external air. Such a case can be seen if a 
careful examination is made of fig. 7, at the upper boundary adjacent to the end 
of the third cell. 

The general appearance of the stream is rather different when the critical 
knife-edge is parallel to the stream direction (fig. 8, Plate), the disturbance pattern 
then resembling the smoke filaments of sensitive jets as they form into vortices 
when the degree of instability is comparatively small (e.g. Brown 1935, fig. 5(f)). 
A notable feature of the flow when these disturbances are present is the large 
angle of spread of the jet, 27° or 28°, in comparison with the normal angle of 16° 
or 18° as in fig. 9 (Plate), which illustrates a subsonic flow. It is interesting to 
reflect that this is the very property which gave rise to the so-called sensitivity of 
jets, 1.e. the enhanced widening of the stream by the action of developing vortices. _ 
That the disturbances are of the nature of vortices has been suspected from the | 
start, but in the majority of cases the development of the ragged turbulent 


* The features described in this section were first reported by Powell (1951). 
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boundaries towards that state from almost imperceptible undulations of the 
boundary has been insufficient to warrant the use of the word vortex. More 
and more evidence is being found associating the present phenomenon with the 
so-called sensitivity of jets, even to the point of the disturbance being sound 
induced, despite large differences in Mach and Reynolds numbers and the basic 
flows being turbulent in one case and laminar in the other. 

The density gradients of the sound waves responsible for the ‘screech’ were 
insufficiently intense to be detected by the Schlieren apparatus in the foregoing 
cases, but may become so on increasing the pressure ratio to a higher value 
(p; about 40lbin-), although parts of the cellular and disturbance patterns then 
move from the field of view. ‘The sound waves referred to are in phase opposition 
across the jet (fig. 10, Plate); one appears in the lower half of the photograph 
adjacent to the nozzle followed by another about one and a half cells from the 
exit, the one in the upper part of the picture lying midway between these positions. 
Photographs of a smaller jet have shown that these sound waves effectively 
emanate from the region at the end of the cellular pattern, where of course the 
disturbances are greatest (see Powell 1951). 

In a few cases the disturbances and the radiated sound have been found to be 
not exactly out of phase, appearing more nearly in phase. It may be (for reasons 
of instability) that the disturbances are always approaching a state of being out 
of phase, the apparent deviations from this state being because the plane containing 
the disturbances is viewed obliquely, although no conclusive evidence has been 
found to show that the symmetric type of disturbance (i.e. involving toroidal 
vortices) does not appear. Even if the normal case is asymmetric, which appears 
to be so, symmetric disturbances might make an appearance over those regions 
where the motion is most unsteady. 


Similarity to the Two-Dimensional Case 


In view of the apparent similarity between the phenomena occurring in the 
flows from the circular orifice and in the two-dimensional case, the following tests 
were performed. Proceeding in a manner exactly similar to that used in the 
previous case, it was found that over the regions where the ‘screech’ was stable the 
wave forms associated with the disturbance procession and the sound rose far above 
the background ‘noise’ except at the very lowest pressure ratio and tha* (i) the 
sound radiated in the upstream direction has a frequency precisely equal to that 
of the disturbance procession and (ii) has a maximum in the upstream direction, 
(iii) is out of phase on each side of the nozzle for all the cases investigated and (iv) 
the sound radiated downstream has exactly the same frequency, (v) in the case 

;25 lbin-?, where the motion was particularly steady, the upstream sound was 
almost a pure sine wave falling away in intensity as a position normal to the jet 
is approached, at which position a relatively powerful ‘beam’ of sound at exactly 
double this frequency was found. In other cases the general effects were the 
same, but less easy to observe because of the presence of harmonics or some 
unsteadiness. 

These features are identical with those found in the two-dimensional case: 
there is thus good evidence to suggest that the mechanism existing over the 
stable regions (i.e. over the steps discussed earlier) is the same as in that case. 
Since in the method of calculating the directionality of the sound field no 
assumptions were made restricting its applicability to the two-dimensional case, 
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one would expect it to be validin the present case. ‘Taking the case at pj = 25 lb in-? 
it was found that the frequency was 5100c/s, the disturbance wavelength 1-87 in. 
(obtained by the photoelectric device, using a pair of apertures (see Appendix), 
and checking with the value found from Schlieren photographs), and the cell 
spacing near the end of the cellular pattern 0-97inch. If these values are 
substituted into the theoretical expressions for directionality of the fundamerital 
frequency and the first harmonic (Powell 1953, eqns. (14)), it will be found that 
the fundamental has a maximum emission in the upstream direction, while the 
harmonic has a strong but narrow beam almost normal to the jet (fig. 11). This 
is in accord with the observations above for that case. At other conditions, of 
course, the directional properties may be somewhat different. 


ode 


Downstream Downstream 
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Fig. 11. Theoretical directionality for axially symmetric jet. 
f=5100 c/s, y=1-87 in., s=0-97 in. 


It is interesting to note that the stream disturbances were moving with a 
translational velocity of 0-711 times the speed of sound. There is some evidence 
to suggest that in some cases the disturbance speed may increase somewhat as they 
pass downstream. 

The Frequency of the Sound 

Whilst in the two-dimensional case the frequency and sound intensity vary 
steadily with the jet pressure, this is not so for the round jet. As noted in the 
Introduction, there are certain regions over which the motion appears stable and 
where the frequency and intensity vary steadily, but these may be separated by 
regions of instability, or the transition from one to another may be sudden. 
These features can be seen in fig. 12, showing the variation of frequency with jet 
pressure, where those regions have been labelled stages. Between stages ‘a’ 
and ‘b’ the motion is very confused although the amplitudes are still large. 
The transition from ‘b’ to ‘c’ is quite sudden, while a hysteresis is present at 
the next transition. 

Although the frequency is discontinuous, its general trend is not unlike that 
of the two-dimensional case, and a plot of the ratio of the wavelength of thesoundA 
to the cell length s, s/d=1-2(R—R,)"*, for the first cell (Powell 1951) is of interest 
(fig. 13), showing that the jumps of frequency do not result in a shift far from the 
values of the preceding stages (cf. the two-dimensional case, fig. 4). Note that 
sis the cell length adjacent to the exit, and at the higher pressure ratios it may be 
rather less than that at the other end of the cellular pattern, which is of the greater 
significance. Allowance for this effect, a decrease in s up to 20% (see for example 
Powell 1951, fig. 7) would result in the ratio A/s being more nearly constant, again 
at about 2°5. Rough rules for the wavelength of the sound, and its frequency 
then are 


; 1 
A=AR-RYPd and f= RBG) 
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in the previous notation, with d the jet diameter, independently of the stage. 
The latter is an important observation. 


On the Discontinuities of Frequency 


The reasons for the existence of the discontinuities of frequency can be 
explained qualitatively by reference to the conditions governing the self-main- 
tained process. ‘The similarity of the mechanism to the edge tone phenomenon 
has already been pointed out (Powell 1952 a), the criteria being of similar form. 
The first concerns certain phase relationships. Let the distance between the 
effective source of the sound and the orifice be h. Then the time taken for a 
disturbance to reach that source from the orifice where it was created by a passing 
sound wave (according to the suggested theory for the two-dimensional case, 
Powell 1953, which has been found to be present in this case also) and for a sound 
wave of phase similar to that just generated to reach the orifice will be 


; dh Das 
! Mc ty (eas 
where © is the Mach number of the disturbances relative to the ambient speed of 


sound c. ‘The term JA is introduced to take into account the fact that if / wave- 
lengths exist between the orifice and the source, then the phase of sound wave in 
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Fig. 12. Frequency of stream disturbance radiated wavelength and cell length: 
in axially symmetric case. axially symmetric case. 


which we are interested will reach the orifice / cycles before the one identified 
specifically with the disturbance. In the meantime 6 cycles of the stream distur- 
bance will have been created, so that if the frequency is f one obtains the relation* 
a ee oe 
jn ic ap 
where M is the mean value. 6 must take the form (integer+ constant), say 
N +p, and is related to the number of disturbance wavelengths or, more crudely, 
eddies or vortices, in the flow. 

Since for a given jet condition M, / and probably h are frequency dependent, 
it follows that there can only be a number of discrete solutions for (0, f) according 
to the value of N since p will be fixed. ‘The vaiue of /, dependent on these, may 
change also at certain intervals. 


* Tdentical with eqn. (3) of a former paper (Powell 1953) apart from a small change of 
notation. Also to eqn. (1), Powell 1952 a, if /=0. 
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The other condition to be satisfied is that the ‘gain’ round the cycle of the 
motion cannot be less than unity, i.e. gn.nima>1, for the motion to become 
established. Here q denotes the amplification of the disturbance in the stream, 
n, an efficiency by which it creates sound, 7, and 74 similarly referring to the 
transmission of sound to the orifice and the creation of a new stream disturbance. 
The interpretation of the pair of criteria above has been dealt with at some length 
in relation to edge tones in a previous paper (Powell 1952a). 

In this application 7, and 44 will vary steadily with frequency, whilst g will 
have a single maximum. ‘Thus, so far as q is concerned, the motion will take 
place only in a limited frequency range, so restricting the choice of value of (4,f) 
to a few, perhaps one, or none at all at a limiting frequency. 

But 7; is associated with the directionality of the sound, and so is acutely 
dependent upon (f,s) or (A,s). We have seen in fact that the motion only exists 
over a certain range of A/s close to 2:5 where 7, is near its maximum.* Hence 
the final criterion. 

As the jet pressure increases, s, and therefore h, does likewise. The disturbance 
wavelength 7 must also increase (since A/s2-5, and M does not vary much) 
for the same number of wavelengths to be present. If the phase condition can 
still be satisfied, and maintain 7; near the maximum (Le. A/s=2-5), the motion will 
be continuous. Since the path of the cycle is longer, the frequency will fall 
steadily with increasing jet pressure. ‘This is what occurs in the two-dimensional 
case, where the number of cells composing the cellular pattern does not vary 
greatly. It is significant, however, that the number of disturbance wavelengths 
present may vary for different jets (Powell 1953). 

However, as the jet pressure increases the variation of / (due to the increasing 
number of cells present, and also their size) may make it impossible to maintain 
all the conditions all the time for a single value of 6. (For example, in edge tones 
the variation in q was critical, a jump in frequency then taking place as N changed, 
so as to fulfil the conditions.) In the case of the circular jet, it is most likely ; 
(dependent mainly on X/s) which is responsible, probably in conjunction with q, 
for the jumps in frequency. In contrast to edge tones (where /=0t), the value 
of / may also vary by an integer at certain points, so that there is no reason to 
suggest that the changes in frequency will always be of the same nature as the jet 
pressure increases. ‘This may well account for the different nature of the jumps 
occurring, as shown in fig. 12, perhaps surprising at first sight. If it so happens 
that other conditions cannot be satisfied, then no discrete frequency can exist, 
and the confused screeching is then attributable to motions commencing to build 
up, but becoming irregular and confused on violating the phase conditions (for 
example the region between stages ‘a’ and ‘b’, fig. 12). A possible causation 
for this phase violation is that decreases as the amplitude decreases, due to the 
enhanced mixing. 

[rregularities within stage ‘d’ had a different form, the note being of constant 
amplitude but intermittent at a frequency of a few cycles per second. An 
alternative explanation of this unsteadiness is that the plane of the motion was 
rotating about the jet axis (there being zeroes of course normal to the plane of 
symmetry) owing to a slight swirl in the flow. ‘This did not arise, however, at 
the other stages. 


* Other values of /s may be theoretically possible, but their mode is apparently inhibited 
by the one indicated (cf. edge tones). 
+ In the low speed case. 
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The High Frequency Sound 


In addition to the waves considered above, others of a much higher frequency 
may be present, as infigs. 10 and 14(Plate). The emission appears to be directional, 
being mainly within an angle of 60° to the jet direction. It appears to be 
associated with the boundary layer, which is laminar on leaving the exit. The 
short length of laminar flow can be seen in fig. 14 (for example) as a white line, 
black in fig. 6 and as a short collar lacking the granular appearance of the following 
turbulence in figs. 8 and 9, the latter being a subsonic case. Small-scale but 
intense disturbances can be seen to develop in the boundary layer near the end of 
this region (see especially figs. 7 and 14), and the associated density gradients 
extend a small distance into the external flow in a manner analogous to the larger 
disturbances. It is these disturbances, presumably originating from the break- 
up of the unstable boundary layer, from which the sound appears to emanate. 
Not all this sound emanates from this region, however, part of it appearing to 
emanate from further downstream, possibly from the shock positions. The 
phenomenon (first reported by Powell 1951) has also been noted by Lilley (1952), 
in which case the sound waves appear almost to take the form of shocks, their origin 
being rather more clearly seen to be as suggested above. The frequency of this 
type of emission is above the audio range, being in the region of 40-50 kc/s, although 
not taking the form of asimple note. (‘The range for a } in. jet appears to be about 
80-100 kc/s, Powell 1951.) This form of sound generated by a jet is clearly 
distinct from that responsible for the audible effects in which we are at present 
interested and will, therefore, not be considered further at the moment, although 
its presence is most interesting and should be borne in mind when considering other 
sizes of jets 


$5. CONCLUDING REMARKS 


Apart from a high-frequency sound associated with the collapse of the initially 
laminar boundary layer, the outstanding characteristic of the sound of a choked 
jet is that a powerful screech of discrete frequency appears and swamps the noise 
due to turbulent mixing. ‘The basic mechanism is similar in both the two- 
dimensional and axially symmetric cases. ‘This is that the passage of an alter- 
nately disposed disturbance (or ‘eddy’) system gives rise to sound on traversing 
the regularly spaced shock wave system of the jet, the interference being such that 
a powerful emission takes place in the upstream direction. On passing the 


orifice the sound waves give rise to embryo disturbances, which become amplified 


as they pass downstream, ultimately to produce sound. In order that the process 
be maintained certain conditions of phase and gain must be fulfilled. ‘These 
appear to be satisfied over the whole range investigated in the two-dimensional 
case by a single arrangement of the disturbance and sound wave system, the 
amplitude building up rapidly from zero at the lower limit as the gain criterion is 
fulfilled, but in the other case jumps in frequency and intensity (tending to produce 
‘“steps’) occur as the formation changes, 1.e. as more eddies or sound waves appear 
between the orifice and the end of the cellular pattern, near which the effective 


source of sound is located. ‘The latter is the most general case, and seems the 


most likely. ‘There is nothing to suggest that the two-dimensional case is always 
continuous and the axially symmetric case always discontinuous. 

In beth cases the disturbance system is alternate, superficially like a Karman 
Street, and the sound waves are consequently of opposite phase across the jet. 
In the case of the flow from a circular orifice some small eccentricity of the jet 
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or perhaps acoustic reflections may determine the plane in which the alternate 
motion takes place, or the effects of swirl may cause this plane to rotate about the 


jet axis, distorting the motion. In both cases the ratio (sound wavelength)/(cell 


length) = 2:5, roughly, producing a powerful upstream radiation, and a high peak 
roughly normal to the stream at precisely double that frequency in the cases 
specificially examined. 

The phenomenon has been placed on a qualitative basis: its mechanism has 
been explained and agreement with experiment is encouraging. Such properties 
like directionality can be predicted once certain characteristics of the flow are 
known. The scheme of a purely theoretical approach is apparent, based upon the 
solution of the phase equation 


N+p [dh  h—l 
rifepera age 


Cc 
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together with the gain criterion qn.ija21. The taks of solving these is very 
formidable. In the gain equation little is yet known either of the rates of ampli- 
fication of the stream disturbances q in such a flow, particularly when the amplitude 
is large, or about the actual production of the sound by the disturbances interacting 
with the cellular pattern 7,. The other two factors are more amenable, the 
transmission of sound to the orifice 7, being associated with the directionality, 
which has already received some attention. The remaining factor mq, the 
initiation of the stream disturbances, is associated with the pressure ratio across 
the jet boundary at the orifice, and since this fluctuates with the sound pressure 
there, the angle which the jet boundary takes up will also fluctuate, so giving rise 
to the initially small disturbance. 

In the phase equation, h probably presents the greatest difficulty, being the 
distance of the effective source from the orifice. ‘This is because the effective 
source is located near the end of the cellular pattern (where the disturbances are 
largest), the disintegration of which is likely to be dependent upon the amplitude 
of the strong periodic disturbances present as well as upon the general turbulence. 

Thus a great step forward is necessary to place the mechanism on a purely 
theoretical basis, the amplitude of the motion probably appearing almost as a 
by-product of the determination of what frequency, if any, dominates. The use 
of empirical factors determined from experiment, for example, taking certain 
values for A/s, or h, should be helpful in the earlier stages. 

The noise emanating from a choked jet is of a complex nature: in addition 
to that generated in the manner discussed above there is also that produced by 
the general turbulence interacting with the shock waves. Further, there is the 
noise generated by the turbulent mixing, commencing with the break-up of 
the laminar boundary layer and developing into the subsonic eddying flow far 
downstream, just as in a subsonic jet. ‘This type of noise will be enhanced in 
heated jets due to the higher jet velocities attainable. Thus although the ‘ screech’ 
may completely predominate, as in the experiments described, it is not the only 
noise present, and in other jets, for example in the case of jet engine or rocket 
effluxes, the nature of the total noise will depend on the balance of these factors. 
The existence of the ‘gain criterion’ derived above gives a hint as to how the 
screeching noise night be reduced, i.e. by reducing one or more of the factors 
occurring in it, but it is clear that the total reductions in noise level will depend 
on the resultant balance between the types of noise produced by the various 
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mechanisms. ‘This important question of noise reduction will be considered in a 
future paper. 
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APPENDIX 
THE DYNAMIC SCHLIEREN APPARATUS 
Notation 
A amplitude of simple acoustic source 7 refractive index of air 
a,, constant in asymptotic series p increment of pressure, py mean value 
b =pK gq =R(x2 +92)! 
c speed of sound =(yfo/p))1” R reading from photoelectric device 
C contrast of wave formon Schlieren 7 distance from source, (x? + ?)!? 
photograph s amplitude of light shift at critical 
E width of undisturbed image at knife-edge 
critical knife-edge f= time 
F focal length of ‘second’ Schlieren « orthogonal coordinate of viewed field 
mirror perpendicular to knife-edge 
f frequency y orthogonal coordinate of viewed field 
G sensitivity of the photoelectric device parallel to knife-edge 
I intensity of sound, ergcm-?sec? z orthogonal coordinate of viewed field 
K Gladstone—Dale constant for air, normal to plane of knife-edge 
n — N= K(p—po) A instrument reading 
k wave number =27/X ¢ velocity potential of sound field 
L constant derived from asymptotic y ratio of specific heats of air 
series A wavelength of sound wave 
M optical magnification of knife-edge p incrementofairdensity, py) mean value 
movement G@ =tan-"y/x 


Basic Relationship 


In many applications it is possible to obtain a reasonably accurate estimate 
of the sound energy progressing in any direction to which the optical system 
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responds, provided the geometry of the sound field is known. Assuming this 
to be so, we have 


ax ceax c2Oxdt’ 


Now a pencil of light passing through a field of variable density undergoes an 
angular deviation resulting in a linear deflection at the critical knife-edge of 


2p ard 
ai dz= | See? 


s=F| KS 


where the integral is to be taken over the region where the integrand is non-zero. 
Hence if G is sensitivity of the photoelectric device and its indicator, the latter 
will indicate 


se den 1 cae (1) 


This is the fundamental relationship. The problem in a given case is to find 
the nature of ¢, its integral and the overall instrument sensitivity G. 


Instrument Sensitivity 


The instrument sensitivity is dependent upon several factors. So far as the 
light source is concerned, it is the illumination per unit width of the image at the 
critical knife-edge which matters, in conjunction with the undisturbed width of 
the image passing the knife-edge (owing to the nature of the response of the 
photomultiplier). The gain of the photomultiplier is acutely dependent upon 
the supply voltage which, if not efficiently stabilized, will vary with mains voltage, 
as will the power of the light source. These factors are variable and not amenable 
to calculation; a means of calibration which is quick and convenient linking 
linear movement at the knife-edge with instrument output must be used. A 
simple way of doing this is to mount the knife-edge on a driven tuning fork, of 
sufficiently high frequency to be within the region for which the overal response 
is flat (actually 512 c/s was used*). Its amplitude of vibration was measured by 
observing the deflection of a ray of light, focused upon a scale, from a tiny concave 
mirror of 1m focal length attached to the tip of the fork. ‘This produced a 
magnification M of the knife-edge movement of 34 in the example given. 

Thus if the fork had an amplitude of vibration s’, the instrument response 
would be R’=Gs' and the scale reading A’= Ms’, ‘Then for an instrument 
reading R the shift at the knife-edge is simply s=RA’/MR’. Actually the 
indicator used was a cathode-ray oscilloscope. 


An Application 


One application of the method is in finding the sound intensity in the field 
of the two-dimensional jet. Schlieren photographs (see Powell 1953) have 
shown that the sound effectively emanates from an equivalent line source parallel 
to the light paths. At a point several wavelengths away, in a plane lying within 
the boundary planes of the jet, the acoustic motions will closely resemble those 
of a simple source of certain strength at the point of origin. If the amplitude 


* A higher frequency is really desirable for this work 
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of this equivalent source is A, then the acoustic power transmitted across unit 
area normal to the vector from it will be 


I= poe (R?-A?/2r,?) (S20 )es Og eens “aeeatds (2) 
and the potential function is 


b= Deimorr), a (3) 


F 


The solution to the integral of eqn. (1), which can be found by contour integration, 
becomes, for kr moderately large, 


Q2 fe tket-r) Ht e2 ea Nae eee Pes BBY WO) tn AO 
JSS e ORS ager (a) Sinece nahn sees 


12/4 eo Ne : am J 
where a, = 1, a, = T (5) ein aye (5) etc. Let a)=a) , @;=20, , d,= —ay ete, 

The series is asymptotic, the terms at first decreasing and then after a certain 
point increasing indefinitely. If the process of summing is stopped at a small 
term, the error will be small (for g not too small). The series may be differentiated 
provided this does notchange its nature. The preceding expression then becomes 


m\t? 3/2 1 
A (5) Recxq-3*L cos(kct—q—4m—-1), nae (4) 


where L?=[a)' —(a,' —3a,'/2)q-* + (a,' — 7a, /2)q-*... }* 
+[ = (ay! — a9" |2)q71 + (ay — 5ay'/2)qr*.. 
and l=tan1[a)’—...]/[—(a'— a) /2)q-1+...]. 


The shift of the light beam will be Fb/c? times expression (4). The value of 
L=1 will be a close approximation for the range of q in which we are interested. 

Hence for a given instrument reading the intensity of tne source at the point 
considered will be, from the preceding expression and eqns. (1) and (2), 


C3 1 R 2 
Dai ig BCT, (core) servis see (>) 


where of course R/G=s=RA’/ MR’, the primes indicating calibration values. 

As an example of the magnitudes found in this work, for a certain case, 
f=20000c/s, r=5-00cm, #@=30° and V=20v. Calibration: R’=18v 
corresponded to scale deflection A’=0-15cm with M=34. Thus 
s=0-00490cm. Since F=183cm, K=0-000294, and since here L=1, very 
nearly, [=9-25 x 10® ergcm™ sec’, or 160db, very nearly, above the usual 
reference pressure of 0-000 2 dyn cm *. 

It is interesting to note that had plane sound waves been considered a result 
similar to (5) would have been arrived at, but greater by a factor Ary/4n?, where A 
is the wavelength and n the depth of the field. ‘The two forms are evidently 
equivalent if 7=3(Ary)"”. 

The shift could be also obtained approximately directly from instantaneous 
Schlieren photographs provided refraction effects are negligible, for if the contrast 
is C and the undisturbed image width £, 

H+s C-1 


Ce a and so SSE oy aliens (ou (6) 


1056 A. Powell 


Perhaps the most satisfactory way of finding C would be to insert a series of — 
known gradients into the field for comparative purposes or for the making of — 
slides under controlled conditions. | 


Comments on the Method 


It has been shown how the method can be used to find sound intensity provided 
the geometry of the field is known and the associated density gradients are 
sufficiently high. ‘The latter is necessary to ensure a satisfactory signal-to-noise 
ratio since a d.c. component of the input is inevitable and gives rise to a certain 
electronic ‘noise’. It may of course be kept to a minimum by increasing the cut- 
off to its limit, any further increase then resulting in flat-topped wave forms. 

The great advantage of the method is that there is no interference whatsoever 
with the sound field, and the increasing sensitivity with frequency, contrary to 
many high frequency microphones, is a useful feature in certain applications. 

The density gradients need not be acoustic: they may be those associated with 
turbulence. ‘The method can be directly applied to certain unsteady flow 
problems, the frequency range far exceeding that of hot wire techniques, the 
measured quantity of course being quite different. The absence of any inter- 
ference with the flow is a valuable asset, particularly where the stability may be of 
a critical nature, as in the present application. If the structure of the disturbance 
system could be considered to be two-dimensional, a spectrum of density gradient 
in any given direction (or, with modification, directions) can be immediately 
obtained by analysis of the output wave form. 

The values of such measurments of a turbulent flow (or derived quantities) 
have yet to be assessed. ‘They are likely to be of particular interest in connection 
with the estimation of sound generated by a turbulent flow, or the mixing of 
fluids of different refractive index (i.e. perhaps of different density or temperature). 

Certain correlations may be obtained most simply. By using two apertures 
the semi-wavelength of the eddy system was found, simply by finding the aperture 
spacing corresponding to the removal of the fundamental and odd harmonics 
and doubling of the even harmonics. (The method can be simply adapted for the 
case where the wave form changes appreciably over the semi-wavelength.) 
Since the frequency is known, the translational velocity of the eddy system follows 
immediately. Clearly by using a narrow-band filter this might be done for any 
component of the spectrum. The two-dimensional nature of the method is an 
unfortunate limitation, inherent in the optical system, unless some statistical 
means of unscrambling the averaged signal can be found. It is hoped to examine 
the possibilities of modifying this to enable application of the method to important 
three-dimensional turbulent flows. Of course such properties as frequency 
can be determined in the three-dimensional case if there is a correlation over a 
significant depth of the field, for example as in the case of the disturbance 
processions in the round jet. 
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Abstract. ‘The penetration of electrons of energies between 10 and 40 kev into a 
number of phosphors, and the extent of their scattering, is measured on micro- 
photographs of the luminous region produced in the phosphor by a beam of 
electrons of less than 0-75 ,. diameter. A description is given of the apparatus and 
of the electron optical system designed to produce the fine focal spot. The 
phosphors used in the experiment were single crystals of the thallium-activated 
iodides of K, Rb and Cs, and of the tungstates of Ca and Cd, and a luminescent 
plastic. An attempt is made to account for the discrepancies in the electron ranges 
as found in the present experiments compared with those obtained by other 
methods. An estimate is made of the distribution in depth of the energy dissipation 
in a phosphor when bombarded by a beam of electrons. 


§1. INTRODUCTION 


KNOWLEDGE of the penetration and scattering of electrons in solids is 
Ace in the study of phenomena related to the interaction of electrons 
with matter, such as luminescence and secondary emission. ‘he penetration 
of electrons of high energies (2—6 Mev) in a KCl crystal was studied by Berger and 
Paul (1949) by measurement of the colour centres produced; the interpretation 
of the results was, however, complicated by the recombination of the centres. 
No direct observations of penetration and scattering in solids of electrons with 
incident energies of some tens of kev have so far been published, although recent 
work on luminescent single crystals (Taylor et al. 1951) and thin phosphor films 
(Koller and Alden 1951) enabled a certain amount to be inferred about the 
behaviour of electrons in transparent luminescent solids. The results presented 
here are based on inspection by microscope of the luminous figure produced by 
a narrow bundle of electrons incident on a phosphor. 

This luminous figure, for brevity called glow, represents an average of the 
single luminous electron tracks, and as such provides information about the limits 
of penetration and the scatter of electrons, and the distribution in space of the 
dissipation of their energy. 


§2. ExPERIMENTAL ARRANGEMENT 


The crystals under test were situated at the bottom of a long vertical cathode-ray 
tube, so that the electrons entered a flat horizontal face and the glow was observed 
through an adjacent flat vertical face by means of a horizontal microscope. In 
order to give the assembly the required rigidity and freedom from vibration it 
was clamped to a strong U-shaped cast aluminium girder provided with a platform, 
on which the microscope rested. The greater part of the cathode-ray tube was 


* This paper is based on a thesis by J. Franks which has been approved by the University 
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screened by mumetal 0-004 in. thick, in order to suppress the disturbing influence 
of alternating fields of 50 c/s and harmonics originating from mains supplies in the 
building. The shielding did not entirely prevent static deflection of the beam by 
the earth’s horizontal field, necessitating the use of degaussing coils. 

The observations were made with an electron beam of a width near the limit of 
microscopic resolution; no useful purpose would have been served by going 
below that, while a wider beam would have interfered with the interpretation of the 
observed glows. The fine beam was produced by demagnifying the virtual 
source in the neighbourhood of a filamentary electron gun, by means of a strong 
magnetic lens. The electron gun permitted a hairpin filament to be displaced 
longitudinally and vertically with respect to a 4 mm aperture in the surrounding 
Wehnelt cylinder which projected into an earthed 21in. diameter tube forming the 
anode. With a voltage of 10-40kv (derived from a stabilized radio-frequency 
unit) applied to the cathode and a bias of about —50v applied to the Wehnelt 
cylinder, a very fine electron source was obtained when the tip of the filament was 
about 6mm behind the aperture of the cylinder. Under these conditions the 
intensity of the beam at the crystal had dropped considerably from its maximum 
near the cut-off potential but nevertheless remained ample for observation. 


0 Inches ! 


Fig. 1. The sliding plates, lens adjustment and crystal chamber. 

1, 30 in. tube; 2, lens aperture stop; 3, three adjusting screws at 120°; 4, three lens 
adjustment sets at 120° (square cross section); 5, lens adjustment screw (horizontal 
displacement); 6, lens adjustment cam (tilt); 7, crystal holder; 8, crystal under 
test; 9, glass plate; 10, glass prism; 11, crystal chamber; 12, magnetic lens 
(winding not shown). 


As the focal length of the magnetic lens could not conveniently be reduced to 
much below 1 in., the anode tube was made 30 in. long in order to obtain a demagni- 
fication of about 40. The magnetic lens was of conventional design, with a care- 
fully machined and annealed ‘ Permendur’ shield; with a 0-1 mm stop it produced 
an image of the fine source of less than 0-75 y diameter, carrying a current estimated 
to 10M a. 

The bottom portion of the cathode-ray tube, including the supports for the 
magnetic lens and the specimen chamber, is shown in fig. 1. The construction 
of the chamber was governed by the necessity of placing the bombarded portion 
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of the specimen im vacuo within working distance of the (high power) microscope 
objective and also immediately below the magneticlens. |The axis of the narrow 
tube from which the specimen chamber was suspended passed sin. behind the 
window of the chamber (a 0-18 mm microscope cover-slip) ; the narrow tube could 
be horizontally displaced with respect to the main tube, and the magnetic lens 
could be adjusted with respect to the narrowtube. Different parts of the specimen 
could thus be exposed to the beam within moderate limits. "The specimen itself 
rested on a thin glass plate, to which a 90° prism was attached. This made it 
possible to obtain an axial view of the illuminated region of the specimen with low 
magnification, while the main observations were made by viewing the crystal in a 
direction normal to the electron beam. 

The choice of the microscope objective mecuieed careful attention. Commercial 
objectives are either corrected for a cover-slip thickness of 0-18 mm or are designed 
for use with uncovered objects. When observations are made through an addi- 
tional thickness of dielectric, a negative spherical aberration is introduced. To 
obtain an aberration-free image of the glow inside the phosphor a 0-65N.A. 
40 x objective was used, in which the spacing between the front components was 
reduced so that it was free from spherical aberration for a cover-slip thickness of 
0-4mm. ‘The objective was thus corrected for one fixed depth only, which 
depended on the refractive index of the specimen. It was therefore necessary 
to adjust each time successively the location of the illuminated region, the 
magnetic focus and the optical focus, repeating a cycle of operations until an image 
free from aberration was obtained. Visual observations were made with a 
15x Kellner eyepiece. ‘To photograph the glow a special camera was inserted 
between the microscope tube and the eyepiece, which permitted replacing the 
eyepeice scale by successive sections of a film 2in. long and din. wide. A series 
of seven photographs could be taken on one film. 


§3. PREPARATION OF SPECIMENS 


Measurements were made on specimens polished or cleaved into rectangular 
prisms. Both the front face, placed flush against the window of the specimen 
chamber, and the adjoining upper face, exposed squarely to the beam, were 
required to be of optical perfection to avoid distortion of the image and light 
scatter. This applied especially to the region on either face close to the common 
bounding edge, which had to be sharp and flawless because the depth of penetra- 
tion of the electrons never totalled more than a few microns. Further, a large 
proportion of the light produced in the luminescing region was totally reflected 
by the upper surface, producing a mirror image of the glow of an intensity almost 
equal to that of the glow itself. Owing to the small depth of focus of high power 
objectives, serious blurring occurred when these two objects were not in the same 
plane: the front and upper faces were thus required to be accurately normal to 
each other. Finally, the face resting on the glass plate had to be parallel to the 
upper face and of fair optical flatness, and the specimen as a whole had to be 
transparent and clear, so that the upper face could readily be observed with a low 
power objective through the specimen and prism. 

Clear single crystals of RbI(Tl) and KI(T1l) grown from the melt by a modified 
Stdéber technique (Stober 1924, Franks 1953) could readily be cleaved into the 
required shape. The cleavage planes of these crystals were generally bounded by 
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sharp edges, but the faces usually exhibited lineage to a greater or lesser extent. 
Occasionally, however, the cleaved crystals were almost flawless near one edge and 
could be used without further preparation. Of the other thallium-activated alkali 
halide crystals grown, only Nal(Tl) and CsI(TI) gave a sufficiently intense 
luminescence in the visible region. The Nal(T1) crystals, although easily cleaved, 
were unsuitable: a special technique would have been required to handle this 
very hygroscopic substance. The CsI(T1) crystal could not be cleaved and was 
cut and polished by Messrs. Hilger and Watts. ‘This firm also polished crystals of 
CaWO, and CdWO, obtained from Linde Air Products, Division of Union 
Carbide and Carbon Corporation, Chicago, Illinois, and a fluorescent plastic 
sample obtained from the French Atomic Energy Commission. 

The upper face of several of the specimens was coated with a thin film of gold 
in a vacuum evaporating chamber to enable the surface to be earthed during 
bombardment. 


$4. RESULTS 


The luminescent regions produced by electrons of 10, 20, 30 and 40 kev in the 
specimens were examined both visually and by photographs. At every voltage a 
series of exposures of 10, 20, 40, 80 and 120 sec was taken on one film, the tube 
current having been adjusted to such a value that the 10 sec photograph was slightly 
underexposed, while the longer exposed photographs tended to become identical 
in blackening and features. By this procedure the glow could readily be distin- 
guished from the background and from the spurious blackening round the image, 
both of which were attributable to the scattering and reflection of light in the 
crystal and halation in the film—an important factor when the image extends over 
relatively few grains. ‘The contributions from these disturbing effects became, of 
course, most marked in long exposures, after the blackening due to the true glow 
had reached saturation. 

The glow remained steady and symmetrical with all the phosphors except the 
plastic while observations were made, the glass window in close proximity to the 
beam apparently causing no disturbance due to electrostatic charging. Further- 
more, none of the crystal phosphors exhibited any ‘sticking potential’ effect, 
the depth of penetration steadily increasing with the voltage. ‘This was attributed 
to slower secondary electrons from adjacent metal walls, produced by fast 
secondaries from the phosphors, which maintained the insulators at earth potential. 
To confirm that the specimens were observed under earthed surface conditions, 
the upper faces of the tungstate crystals were coated with a thin film of gold after a 
set of observations had been made with uncoated faces. The coated faces were 
earthed by packing gold foil between the film and the top of the horizontal cavity in 
the specimen holder. No systematic difference was detected between the results 
obtained without a gold-coated surface and those obtained with the surface earthed. 
The surface of the uncoated luminescent plastic became charged however, as was 
evident from the initial rapid shrinking of the penetration figure to a small 


luminescing region independent of the incident voltage. All measurements with | 
this phosphor were therefore made with an earthed gold-coated surface, under | 


which condition consistent results were obtained. 


The behaviour of the plastic (density 1:05 gcm-*) may have been due to its | 


small back-diffusion coefficient; this quantity decreases with the density of the 
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bombarded substance (Schonland 1923, 1925, Palluel 1947). The number of 
electrons diffusing back to the surface was in this case apparently insufficient to 
produce the required amount of secondaries from the metal walls to maintain the 
surface of the plastic in an uncharged state. 

The alkali halides were not tested with an earthed gold surface, as evidently 
the secondary emission was in all cases sufficient to prevent sticking. 

A selection of typical photographic records is shown in fig. 2 (Plate). All 
show the glow itself together with its mirror image, as explained before; the 
mirror image is fainter only in the case of the fluorescent plastic. For substances of 
high density (such as CdWO,, density 7-9g cm~*) and at low voltage the glow 
resembles a hemisphere which, together with its mirror image, produces a circular 
disc on the photograph. ‘This suggests that a large number of high energy secon- 
daries are emitted from substances of higher density, while the mushroom-shaped 
figure obtained with the plastic shows that almost every electron loses all its energy 
within this phosphor. ‘Thus the records lend colour to Schonland’s and Palluel’s 
measurements of back diffusion of electrons. 

The photographic records show moderately well defined contours, enlarge- 
ments of which were drawn on paper by means of a camera lucida. ‘The contours 
denote lines of equal luminosity in the projected glow. For very long exposures 
these are distorted by scattered light. The central region hardly ever increases in 
size by more than 30%. The influence of scattered light on the records was 
checked by photographs of known test objects such as pinholes in metallic deposits. 

Within one series luminosity at the contours is about inversely proportional 
to the time of exposure. In fig. 3 a set of two or three contours is shown for each 
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Fig. 3. Contours of glow photographs. 
(a) CdAWO,; (6) CaWO,; (c) CsI; (d) RbI; (e) KI; (f) plastic phosphor. 
The figures denote the beam voltage in ky. 


The contours are shown for an electron beam travelling from the bottom of the page to 
the top. A (100) face of the cubic RbI and KI crystals was exposed to the beam, a 
(110) face of the tetragonal CaWO, and a (010) face of the monoclinic CdWOx,. 
The inner contours are those of the 10 sec exposures, the outer contours represent 
exposure of 80 sec for 40 kv figures; in all other cases an exposure of 120 sec; 
intermediate lines correspond to a 40 sec exposure. 


material and voltage examined; it appears that the projected glows have a core of 
almost constant luminosity, and the luminosity drops rapidly to a negligible value. 
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‘The luminosity in turn can be taken as a measure of the density of dissipation 
of energy in the phosphor if allowance is made for the fact that the observed 
luminosity is the projection of an axially symmetric glow. 

In rough approximation for the plastic phosphor, and rather well in the other 
cases, the contours resemble sections of a circle, the centre of which is near the 
surface for low voltage and dense materials and further below the surface for higher 
voltages and lighter materials. This suggests that the loss of direction an electron 
beam suffers in solid dielectrics becomes catastrophic almost as soon as it 
commences; it commences in dense solids at the instant of entry for all voltages 
here investigated. 

Further, the ‘practical’ range of electrons R should be given by the contour 
line extrapolated for infinite exposure, as the distance between the point of entry 
of electrons to the point of the contour opposite to it. Graphs showing this range 
plotted against voltage for various substances under test are given in fig. 4. The 
points can equally well be connected by a straight line or by a parabola. 
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; Fig. 4. Curves of range plotted against voltage. 
The broken line is the Thomson-Whiddington curve r=V?/d. 
curve r= V?/c+d. 


The full line is the 


§5. Discussion oF RESULTS 
5.1. The Range of Electrons 


Hitherto, measurements concerning the passage of electrons through solids 
were made by detecting electrons which penetrated foils (usually metallic) of 
increasing thickness, while in the experiments described here the electrons could 
not entirely traverse the bombarded material. In this respect the present 
arrangement reproduces conditions in cloud chamber range determinations 
(Williams 1931, Tsien 1944), 

. In the foil experiments either the energy or the energy spectrum of the trans- 
mitted electrons is measured by magnetic deflection methods (Whiddington 1912, 
Terrill 1923, White and Millington 1928), or the number of transmitted electrons 
is measured and absorption curves obtained. In the latter type of observation the 
charge of the electrons may be measured with a Faraday cylinder or Geiger counter, 
thus giving their number (Whiddington 1914, Terrill 1924, Schonland 1923, 1925, 
Eddy 1928), or an ionization gauge may be used as detecting device, in which case 
the result obtained depends both on the number and energy of the electrons 
(Varder 1915, Madgwick 1927). This is also the case here, as the intensity of 
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luminescence depends both on the number of electrons and on their rate of loss of 
energy. Bothe (1933) states that the ionization absorption curves do not differ 
appreciably in character from those obtained with the charge method. 

It is most remarkable that, in spite of the diversity of the influence of scattering 
in the different techniques, the results, obtained with both the foil and cloud 
chamber methods for electrons of velocities considered in this paper, invariably 
agree with the ‘Thomson—Whiddington law (Whiddington 1912), vot—vt=ax, 
where vy is the velocity of the electrons incident on a foil or the initial velocity of the 
electrons produced ina cloud chamber, v the velocity after the electron has travelled 
a distance x measured along its path, and a is a constant depending on the medium. 
The law can also be stated in terms of the potentials Vy), V, corresponding to the 
velocities vp, v, thus 

Airs sda sas ad i eee (1) 


Theoretical derivations of this expression, or close approximations to it, were 
obtained by Thomson (1906) and later by Bohr (1913, 1915) from classical 
considerations, and by Bethe (1930) from a quantum mechanical treatment. 
The theories refer to the ‘true’ range, i.e. the integrated path length or the path 
in the absence of scattering. Why this law should hold under the actual 
experimental conditions has never been explained. But the experimental 
evidence in its favour is very strong. 

The range of electrons in matter (obtained by setting V =0) is therefore 
proportional to the square of the energy of the incident electrons, and this is 
again in close agreement with experimental results previously obtained. ‘The 
present measurements appear, on the contrary, to indicate that an almost linear 
relationship exists between the energy and range of electrons. 

It is seen from fig. 4 that the range as found here cannot be represented by a 
parabola through the origin, i.e. the Thomson—Whiddington law is not obeyed. 
The experimental points could be connected quite well by a parabola not going 
through the origin or by a straight line; the broken curves were constructed from 
the Thomson—Whiddington law, using Terrill’s (1923) constant (relating to the 
most probable energy) 

b=4 10'*o v2 cm 


where p is the density of the scattering medium. 

Compared with the Thomson—Whiddington curves, the experimental points 
indicate a longer range at low voltages and a shorter range at higher voltages. ‘This 
discrepancy is not readily corrected by a different value of 5, and is outside the 
margin of error as the difference in size between the 10 and 20kv glows was 
easily observed both visually and on the photographs. 

The reason for the deviation of the range curves presented here from 
previous observations, and hence from the T’homson—Whiddington law, is not 
obvious. It was found impossible to reconcile the present results with previous 
work or to propose a theory on the basis of a linear relationship betw een voltage and 
range. A parabolic relation of the form of the Thomson—Whiddington law, but 
not passing through the origin, appeared more promising. ‘This may be explained 
by the assumption that energy is transferred beyond the region to which the 
primary electrons are confined, by agents such as excitons, diffusion of slow 
secondary electrons or ultra-violet radiation, if this energy transfer takes place 
over distances of the order of one micron. The zero point may of course lie on 
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the true range curve, but as long as the bombarding electrons have sufficient energy 
to excite luminescence in the phosphor, emission would take place, according to 
the above view, over the whole region bounded by the energy transfer range d. 
Thus even if measurements of range against voltage were made down to a voltage 
corresponding to the threshold excitation energy, the range extrapolated to zero 
energy would not pass through the origin but would intersect the range axis at a 
height corresponding to d. But the higher the voltage, the less important should 
be its contribution to the observed range. The total range may then be given toa 
first approximation by a modified Thomson—Whiddington range relation 


RaViierd + 0. (2) 


where V, is the incident voltage and R the observed apparent range. cand d were 
obtained from the experimental curve for each of the substances investigated and 
their values are given in the table. c is larger than Terrill’s b, but c/b remains 
fairly constant, i.e. cis approximately proportional to the density. In comparing ¢ 
and 4 it should however be remembered that V,?/b represents the ‘true’ range, 
whereas R is the depth beyond which no luminosity comparable with the body 
of the glow is observed and is taken as denoting the boundary between appreciable 
and negligible energy dissipation. 


5.2. The Dissipation of Energy 


The observed distribution of light may be compared with that due to a 
luminosity uniformly filling the major segment of a sphere, the surface of the 
dielectric being the chordal plane. In projection this would look like a luminous 
segment of a circle with an intensity falling off as (1 — y?)"?, where y is the distance 
from the centre expressed as a fraction of the radius; i.e. with an intensity which 1s 
almost constant over a large central area, the main drop occurring within one-third 
of the radius from the edge. Such a distribution agrees sufficiently well with the 
observed contours to permit the conclusion that in first approximation the energy 
of a narrow bundle of electrons of velocities here examined is dissipated uniformly 
within the major segment of asphere. ‘The range R is then the sum of the radius r 
of the sphere and the depth xy of its centre below the surface, or, with « =x9/r, 


R=711e).o2 PON! of te ois SEE 3) 


These quantities were found from the tracings, fig. 3 ; values for « are given in the 
last four columns of the table. 


Denisitvanor al Ome ech all Ome d ——————— a at ——————_ 
Phosphor (gcm~*) (v?cm-1) (v2cm=7!) — (w) c/b 10 20 30 40 kv 
CdWO, 7:9 31-6 100 1-6 3:2 0 0-1 0-2 0:3 
CaWO, 6:12 24°5 al thes! 2-9 — a 0-1 0:2 
CsI 451 18-0 52 ie) 2:9 0 0-3 0:5 0:7 
RbI B55 14-2 41 iS 2°9 0-2 0-4 0-4 0-6 
KI srs 1255 30 1:9 2-4 0-3 0-3 0:5 0:5 
Plastic 1-05 4-2 9-8 oF) 2'3 — 0-4 0-8 0:8 


It is also of interest to know the total energy W dissipated between the surface 
and a given depth x, and hence the energy dW dissipated in any thin layer parallel to 
the surface. If the incident energy is W,, the ratios W/W, and dW/W, are 
independent of the width of the beam because wide beams can, of course, be 
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considered as made up of narrow beams with overlapping glows. In the approxi- 
mation discussed above, W is equal to the volume of a segment of a sphere of radius 
r, bounded by planes situated at distance x») and x— x, from the centre, multiplied 
by the density of energy dissipation which is given as the ratio of W, and the volume 
of the glow. Hence by elementary geometry 


W _ BQ-302+380—8?) 


ia Se ee ae ee (4) 
where B=x/r. The energy dissipated within a thin layer dx comes to 
_— Leas 
Pir pater (chert LL SN Bay es (5) 


r(2 —o3 + 3x) 


which has a maximum at «=f or x=xy; the energy dissipated per unit thickness 
increases at first and then decreases monotonically to zero at x=R. ‘The initial 
increase, however, is slight for. moderate values of «. For CdWO,, for example at 
30kv, «=0-2, the differential dissipation at the surface is 96% of that at the 
maximum. If J is the incident current (5) can, with (2) and (3), be written 


31Vyls 1—(B—a)* 
Vo2/e+d oo 


At the surface 8 =0, and for small values of Vo, « is small and d > V,2/c, so that the 
energy dissipated in a surface film rises proportionally to Vy. _ For large values of 
V,, d becomes small compared with V,2/c, and « varies only slowly with voltage, 
so that the dissipation decreases roughly inversely proportional to the voltage. 
Such effects have in fact been observed (cf. Koller and Alden 1951). 


dW= 


% Range 


Fig. 5. Energy loss of electron beams: a, according to Stinchfield; 6, c, d, according to 
eqn. (4) with a=0, ~=0-:33, ~=0-70 respectively. 


Stinchfield (1940, quoted by Garlick 1949, p. 194) and others have proposed to 
calculate the dissipation of energy of electrons on the basis of a combination of the 
Thomson—Whiddington law (as confirmed by Terrill (1923) for the most probable 
energy of electrons leaving a foil in the direction of the primary beam and having lost 
less than half of the original energy) and of Lenard’s law N=N,C~” for the 
decrease of the electron current N with x. ‘The fraction of the original energy 
remaining in the beam after the electrons have passed » is taken as NV/N Vo, so 
that W/W,=1—NV/NoVo. For y in Lenard’s law Stinchfield further follows 
Terrill (1924) by equating y =hp/(v/2+v)/2)*, i.e. setting y proportional to the 
density of the material and inversely proportional to the fourth power of the mean of 
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the initial and the most probable final velocity. Terrill’s y refers to the totality 
of the electrons leaving a foil with the exception of back-scattered and slow 
secondary electrons. W/W, then becomes a function of x/R. In fig. 5 Stinchfield’s 
curve for W/W, is shown together with curves computed from eqn. (4) with « = 0, 
x=0-33 and «=0:7. These curves are very similar in spite of the difference in 
origin and in the algebraic expression. The energy dissipated is initially almost 
proportional to the thickness, and a large fraction is dissipated in the first half of 
the range. It should however be remembered that only in the neighbourhood of 
20 kv the percentage range denotes the same depth in the medium, the range for (a) 
being given by eqn. (1) or the broken lines of fig. 4 and the range for ()-(d) by 
eqn. (2) or the full lines of fig. 4. For the depth below the surface as abscissa the 
difference between (a) and the other curves would decrease at higher voltages and 
increase at lower voltages. 

Stinchfield’s case is weak, however, because Lenard’s law is weak and because 
the dominating effects of scattering and straggling are not explicitly taken into 
account, though they are to some extent allowed for by the laws he uses. Equation 
(5), on the other hand, is based on a rather ruthless simplification of experimental 
material of moderate accuracy: still, it is probably the best ‘law’ available. 
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Water Bells 
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Department of Mathematics, King’s College, London 


Communicated by F. L. Hopwood; MS. received 31st August 1953 


Abstract. ‘The authors have studied theoretically the water bell phenomena, 
interest in which was revived recently by Hopwood. A numerical method of 
solution of the differential equation of the bell’s surface is described and the 
results obtained are given in the form of graphs. It is shown that the shapes 
depend on three parameters and, in order to determine numerical magnitudes 
of these, experiments similar to Hopwood’s were performed, during the course 
of which some photographs of the bells were obtained. Four of these are 
included. ‘The paper ends with a section comparing the theoretical shapes with 
those obtained experimentally showing the agreement between the two to be good. 


§ 1. INTRODUCTION 


HE subject of water bells is by no means a modern one. ‘The earliest 

reference to them is in papers by Savart (1833, 1834); a further study was 

made by Boussinesg (1869, 1913) and in later days the bells have been used 

to determine the surface tensions of various liquids. ‘The subject was revived 

recently by Hopwood (1952) who described a new method of producing the bells 
and gave a description of the novel experimental results he obtained. 

The present paper gives a theoretical treatment of the subject as well as 
describing some further experimental work. In the theoretical section it is shown 
that the shapes of the bells depend on three parameters; in order to get solutions 
of the equation involved it is necessary to know the numerical magnitude of these 
parameters. Hence it was decided to repeat the experiments in a slightly different 
way from that used by Hopwood. 


§ 2. DESCRIPTION OF THE APPARATUS AND OF THE EXPERIMENTAL METHOD 


The apparatus, shown in fig. 1, consists of a hollow brass tube to the top of 
which is fitted a cap in such a way that there is a slot between the cap and the top 
of the tube. ‘The width of the slot can be varied from zero to a maximum value of 
0-1in. determined by the size of the tube. 

There is a perforated disc about 1}in. from the top cap, the idea of which is 
to make the water project horizontally and steadily from the tube. ‘The tube 
whose diameter is lin. is placed vertically in a trough of water so that the slot 
is about 2in. above the water surface. 

The experiment is performed in the following way. Water is passed through 
the tube, and if the bell so formed is punctured with the finger—thus equating 
air pressures inside and out—the shape shown in plate I is obtained. In the 
notation introduced below this is equivalent to putting «=(0. ‘The water flow and 
the size of the slot are now left unchanged but air bubbles are blown into the 
bell, without piercing the shell, thus making « negative. ‘The bell changes shape 


1068 G. N. Lance and R. L. Perry 


gradually as the air is blown in—passing through a shape shown in plate Iles 
until a very unstable shape is reached. It was impossible to photograph this 
state but as reported by Hopwood the water seems to rise, to the form of a cusp, 
above the level of the slot before collapsing into the initial stable shape with « =0, 
the air having leaked out at this apparent cusp. If air is withdrawn from the 
stable bell « becomes positive and a shape shown in plate III is formed. All the 
air can be withdrawn without any unstable shape being formed, the bell just 


travelling up the tube. 


Water under 
pressure 


Fig. 1. Diagram of the apparatus. 


Similar shapes can be formed by increasing and decreasing the water flow 
instead of blowing air into the bell; these were Hopwood’s methods. However, 
reducing the water velocity is equivalent to blowing air in and vice versa: 
furthermore the method we employed is more convenient since it keeps two of 
the parameters fixed. The size of the slot is also important in that, for a given 
quantity of water flowing per second, if the slot size is decreased, the velocity 
of flow is increased and vice versa. Plate IV shows an interesting shape which 
is very much like a true bell, a slight bump appears near the water surface; this. 
shape is only obtained when the size of the slot is quite large. 


§ 3. DERIVATION OF THE DIFFERENTIAL EQUATION OF THE SURFACE 


The equations of motion were derived by Boussinesq (1869) but for convenience 
we give an outline of their derivation here. Figure 2 shows the coordinate system 
used. 


P 


Outside, Pressure = TT 


Inside, Pressure =p 


Fig. 2. 


The continuity equation arises from the statement that the quantity of water 
Q flowing in unit time across any section AB perpendicular to the curve, is 


constant; thus Q =2nrhvp mre (( 


where p is the density and h and wv are the thickness of the shell and the velocity 
of the water at the section AB, respectively. 
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Consider the element of volume shown in fig. 2. Since there is no resultant 
surface tension force in a tangential direction, the tangential equation of motion is 


hds .rd0. pg sinys =hrds . 80pv dv/ds 
or PsinwprmOduldsieyh ces! ee) ~ ae. civors (2) 
The equation of motion in the normal direction can be written as 
(= + atant +I- -p) + phg cos p= = ph, a (3) 
where T is the surface tension, I and p are the air pressures outside and inside 


the bell, respectively, and R is the radius of curvature at AB in the vertical plane. 
Now (2) may be written as gdz =vdv and so by integration 


LER aha Ont mee eae (4) 
where vy is the initial velocity of projection. Writing «=27(Il—p)/Qv) and 
£=47T/Qv, and using (1) we can write (3) as 

euB (7 i tind) irate Sec eee (5) 
Uv ds 

Eliminating g from (4) and (5) we can obtain the equation used by Boussinesq 
(1869) in his derivation of the value of the surface tension 

_ QO (_ —A(wcos#) 

~ 4a \As— A(r cos) 
where A=d/dis. However, to derive the differential equation of the surface we 
must eliminate v from (4) and (5) leading to 


epee e g _ #'(2ga-+0,")” 
8 aaa t Taye) 1% * Taare Oe 


If we write y =g/v,)? and e? =1+2yz this may be more conveniently written as 


1 +2’ {(y/e)+ Be’ +ar (1+2'2)'!?}=2” (e—fr) 
or R (Bing +ars ee") ee he en ene (6) 


Several theoretical methods have been tried to solve this equation but have 
failed due to its complexity. Even if we make the further assumption that 
z=0, the equation still appears insoluble. We are therefore forced to seek a 
numerical method of solution. 


§ 4. NUMERICAL SOLUTION OF THE DIFFERENTIAL EQUATION OF THE SURFACE 


The equation of the surface of the bell is determined by a second order non- 
linear differential equation, (6), so it is unlikely that a complete solution, other 
than a numerical one, will ever be deduced. ‘There is however one fact which 
makes a numerical solution particularly simple. 

From (6) we see that an expression for the radius of curvature R is given 
directly; with this in mind we study the numerical solution of an equation of 


the form Bele 8202 a) MO oe pang Oe (7) 


The method described is an extension of Euler’s polygon method for first order 
differential equations. In fig. 3 the coordinates of the point Py namely (7, 29) 
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are assumed known, the slope ip of the curve at P, is also assumed known. Our 
task is to determine the coordinates of a neighbouring point P, (71,21) and also 
the slope #, at P,. 


Pz) 


Py (75,0) 


0 ip 


Fig. 3. Notation used in the numerical integration. 


From (7) the radius of curvature at P,) is calculated Ry =f(79, 2, tan Yo). 
This locates the centre of curvature Cy although we do not need to find explicit 
expressions for its coordinates. Simple trigonometry shows that if we travel 
clockwise round the arc of a circle, centre C, and radius R, through an angular 
distance 24 we arrive at a point whose coordinates are 7) +2R, sin ¢ Cos (i + d) 
and 3)+2Ry,sindsin(%)+¢); the slope at this point is ~+2¢. The sign 
convention is important; in this instance, we say that ¢ is positive for clockwise 
rotation about Cy. Provided we keep ¢ small—1 or 2 degrees—we arrive at 
the point P, which is another point on the curve satisfying the differential 
equation (7). ‘Thus we have shown that 


1, =1)+2R, sin 6 cos (4 + ¢), 


+ 


Sy=2%qt+Z2Rosingdsin(hyo td)  F = aaaeee (8) 
and by = fo + 24. J 
In general 
Tnit=lnt+2R,,sin¢ cos (%, +9), 
Znat =2n+2R,singpsin(b, +¢);" - "sake (9) 
$n41= Pn + 26. J 


In the above equations the angle 4 need not be kept constant: in the numerical 
work it was found convenient to vary it in such a way that the arc length P,P, ., 
remained about 0-2cm. One further point needs emphasis; if at a point the 
radius of curvature is negative and if we are to proceed along the curve in the same 
direction as before we must travel clockwise round the point Cy; hence, according 
to our convention, ¢ must have a negative sign. The formulae (9) are true for 
both positive and negative R, f and ys. The errors involved in the above method 
are a little difficult to determine but we believe that they are smaller than those 
arising in Euler’s method. 

The general theory described above was applied to the particular equation 
(6) derived above e— Br 


0 Bsinys + ar + (y cosys)/e” 
Typical values of B and y are obtained by assuming the following values: 
T=72dyncm™, Q=5 litres min~!, width of slot=0-14cm. Thus the velocity 
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of projection is v = 90-22 cmsect, also 8 =0:1203 and y =0-1205. Furthermore if 
we assume that the pressure difference across the shell cannot exceed 0-1cm of 
water then | «|<0-08.* 

We choose the origin of coordinates such that at r=1, :=0 the water is 
projected horizontally i.e. 4=0. With these initial conditions five curves were 
obtained using the above values of 8 and y in each case but « was taken to be 
+ 0:08, 0, —0-03, — 0-04, and —0-08. The numerical integration was performed 
until the = coordinate reached +3, except in the case «= +0-08 when the inte- 
gration was continued until the bell reached the tube again. 


§ 5. COMPARISON OF EXPERIMENTAL AND THEORETICAL RESULTS 


The theoretical curves are shown in fig. 4, the shapes shown, for «<0, are 
clearly not attainable in physical reality but we suggest that the water takes the 
path shown by dotted lines. The air escapes at the vertex or cusp and the bell 
collapses into the stable « =0 form. 


a=-0:03 


Water Surface 


a=+0:08 


— Calculated Curves 
—~— Path actually taken by the water 


\z 
Fig. 4. Graphs of calculated bell shapes. Cases for which B=0-1203 and y=0-1205 and 
a varying. 


Unfortunately the authors did not have access to a ‘ Chattock tube’ or similar 
apparatus for measuring small differences of pressure so were unable to determine 
% to any greater degree of accuracy than did Hopwood. However we suggest 
that probably the plates I, II and III correspond to the cases «=0, —0-04 and 
+ 0-08, respectively, shown in fig. 4. In order to obtain, theoretically, a shape 
such as plate IV v) would have to be reduced considerably, thus altering 8 and y 


> as well as «. 


§ 6. CONCLUSIONS AND FUTURE DEVELOPMENTS 


We have shown above how the differential equation of the water bell’s surface 
can be integrated numerically for particular values of the parameters and how 
shapes corresponding very closely to the experimental ones are thus obtained. 
The loops which are derived theoretically are rejected on the grounds that in 
practice the water cannot cross itself—the curves shown dotted would actually 
appear. With this assumption and bearing in mind the fact that no measurements 
of pressure could be made the similarity is quite encouraging. 

Several interesting questions now present themselves and they will be left 
as the subject for a future paper. Firstly, how does the angle of projection affect 

* In a private communication to the authors Professor F. L. Hopwood has stated that 


an error occurred in his paper. It was asserted that the pressure difference was less than 
0-1 mm of water; this should have read less than 0-1 cm of water. 
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the bell shape? Theoretically the problem is now to solve the equation as before 
but, at the point r=1, s=0, instead of y=0 we must take 4 equal to, say, 45°. 
The apparatus can be modified by turning the inside corners off the cap and the 
side of the tube. 

Secondly, the bell shapes considered above may be called steady since time 
does not enter the problem. It should be possible to make the cap a sliding 
fit on the top of the tube and allow the cap to oscillate up and down as the water 
flows; we believe that this would produce small waves on the bell surface which 
would considerably enhance their beauty! ‘The unsteady problem is however 
rather more difficult to solve theoretically since the differential equation of the 
surface would be altered and would contain time as an additional independent 
variable. 
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Abstract. The thresholds are determined for the incidence of electron absorption, 
decomposition and secondary emission for several types of thin film bombarded 
with slow electrons. With crystalline barium oxide, electron absorption and 
decomposition both set in at a bombarding energy near 4ev, and are intensified 

-at 7ev. Secondary emission is initiated at 5ev and increases at 7ev and 10ev. 
The optical absorption threshold is at 3-8 ev, and is attributed to exciton forma- 
tion; it seems likely that the electron absorption and the decomposition are also 
due to exciton formation. With oxidized films of barium, crystalline barium 
oxide is not formed; the absorption and decomposition thresholds are at 7 ev, 
and the main secondary emission threshold at 10ev. Decomposition of barium 
chloride sets in at 5ev, and of barium sulphate at 7ev. With films of the alkali 
halides, the decomposition is intensified at an energy corresponding with the 
first optical absorption band, having been initiated ata lower energy. A tentative 
explanation of this is proposed. 


§ 1. INTRODUCTION 


EVERAL writers (Wagner 1931, Headrick and Lederer 1936, Hamaker, 
S Bruining and Aten 1947, Dart 1950, Konig 1951) have discussed the 
decomposition of thin films of poorly conducting compounds under 
electron bombardment. Electron energy thresholds have been encountered, at 
which the decomposition is first detected. ‘Threshold values from the literature 
are as follows (Jacobs 1946, Jacobs and Dobischek 1951): FeO 5-5, CuO 2:0, 
N10 2-5, WO, 4-5, MoO, 7-4, 'Ta,0,; 4°6, KCI 45, ZrO, 1-7ev. 

It was pointed out by Jacobs (1946) that with some of these compounds the 
decomposition threshold occurs at an electron energy equivalent to the heat 
of formation of the compound. Assuming this to be general, the threshold 
energies observed in certain pentodes operated as diodes (Metson 1949) could 
be attributed to specific barium compounds. 

It is important to know whether the correlation of threshold energy with heat 
of formation is reliable, both because of its bearing on solid state physics, and 
because if so, observation of threshold energies could be undertaken either as a 
means of analysing films of unknown composition or of determining the heat of 
formation of films of known composition. 

The decomposition of barium oxide under electron bombardment was found 
by the writers to be important as affecting secondary emission (Woods and 
Wright 1952, 1953). The present work started therefore as a study of the 
threshold energies of decomposition and of secondary emission for barium oxide. 


PROG. PHYS) SOC--LXVL) 12 ——B 4C 


1074 D. A. Wright and }. Woods 


It was extended to include other types of thin films when it became evident that 
with barium oxide the decomposition threshold did not in fact correspond with 
the heat of formation. The disagreement was greater than lev, and was found 
to be even larger with barium chloride and barium sulphate. 

The experiments have been carried out using diode or triode systems, with 
an oxide coated cathode at low temperature (400°c) as the source of the bombard- 
ing electrons. The effects of the electrons on the film have been studied by 
observing the variations in cathode emission and in the valve characteristics. 
When the film is dissociated, the products modify the cathode emission. Various 
secondary effects have been met, which needed study in order to clarify the 
effects of bombardment. The secondary phenomena include electron reflection 
and charging of the surface of the film. 

The experimental procedure and results are presented in some detail for the 
films of barium oxide, as this was the compound of particular interest. ‘The 
results with other types of film are described more briefly. ‘This part of the work 
was undertaken in order to find an alternative explanation of the decomposition 
threshold, when it had been found that this did not correspond with the heat of 
formation. Several oxides and alkali halides were studied. The experi- 
mental procedure was as with the barium oxide films. 


§ 2. EXPERIMENTAL PROCEDURE 


The valves used in this investigation were simple diodes and triodes with 
special anode systems. ‘Two plane nickel anodes were mounted on a cylindrical 
framework which could be rotated about its axis when a magnet was brought 
near to an arm of soft iron attached to the framework. The anodes were 
diametrically opposite to one another, and either could be made to face the 
cathode. Four-watt box cathodes of O-nickel sprayed with barium-strontium 
carbonate were used in all the valves. (O-nickel is nickel to the following 
specification: Ni+Co 99-5°% min, Mg 0-07-0-15%, Co<0:5%, Mn<0-15%, 
Fe<0:2%, Si<0-1%, Cu<0-1%, S<0-005%,, C<0:04%.) In. the triodesatre 
grids, which were planar, carried ten 0:1 mm molybdenum wires per centimetre. 
This small number was to allow a large proportion of the cathode current to 
reach the anode when a valve was operated with the grid at a higher positive 
potential than the anode. When barium oxide was to be studied, the valves 
carried a helix of platinum wire sprayed with barium carbonate, from which, after 
conversion to the oxide, barium oxide was evaporated on to one anode. The 
halides and the barium sulphate were also evaporated from a platinum helix. 
Other metal oxides were prepared by oxidation of the appropriate anode metal, 
molybdenum replacing nickel when molybdenum oxide was to be studied. 

The valves were pumped on a mercury-in-glass diffusion pump with liquid 
air trap. After baking at 400°c for half an hour, the getter and metal electrodes 
were outgassed by eddy current heating. The cathode coating was converted 
from carbonate to oxide, as was the barium carbonate on the platinum spiral. 
Following further eddy current heating of all metal parts, the grids in the triodes 
were heated to 800°c by electron bombardment. ‘The valves were then sealed 
off and gettered. ‘The cathodes were activated by maintaining them at a tempera- 
ture of 900°c and taking a space charge limited current of 120macm-2. For this 
operation, which lasted twenty minutes, the triode grids were strapped to the 
anodes. During cathode outgassing and activation, and at all times when the 


The Decomposition of Thin Films on Bombardment with Slow Electrons 1075 


cathode was at a high temperature, the same anode always faced it. The second 
anode and the platinum spiral were then shielded from any material evaporating 
from the cathode. After the activation a thin film of barium oxide was evaporated 
on to the clean anode which was then rotated to face the cathode. Experiments 
could then be begun. 

With the diodes the cathode was operated at about 400°c. First a retarding 
field run was made to determine the contact potential difference between anode 
and cathode. After this, the anode voltage V,, was increased from zero in 1 volt 
steps, and at each setting the anode current J, was noted during a three minute 
waiting period. 

With the triodes the cathode was also operated at 400°c. ‘The grid potential 
V.. was kept constant at 75 volts while the anode potential V, was varied from 
0 to 30 volts. With this arrangement the grid accelerated electrons from the 
cathode; of these some were intercepted, but the rest penetrated the grid and 
bombarded the anode. Secondary electrons and reflected primaries arising at 
the anode as a result of this bombardment were collected by the grid. At most 
settings of V,, the grid and anode currents varied with time, so that (J,, V,) and 
(1,, V,) curves had to be determined rapidly. In some valves the time changes 
were so large that these characteristics could not be found. A second run was 
always made, during which J, and J, were noted during a three minute wait at 
each setting of V,. The cathode emission was checked before and after each 
such interval by earthing the anode, swinging it away from the cathode, and 
measuring the grid current. 

The cathodes in these valves were run at low temperatures for three reasons: 
(i) to ensure that no material evaporated on to the barium oxide film under test, 
(11) to reduce space charges to a minimum, and (iii) to maintain a high sensitivity 
of the cathode to any poisoning agency released from the anode during the electron 
bombardment. ‘The thermionic emission at the operating temperature was 
between 10 and 100uAcm~?, a current easily saturated with a grid potential of 
75v. ‘The secondary currents from anode to grid were also completely saturated. 


§ 3. ConTacT POTENTIAL DIFFERENCE AND ELECTRON REFLECTION 


In order to estimate the energies of electrons arriving at the anode of either 
type of valve it is necessary to know the contact potential difference V) between 
anode and cathode. It is convenient to discuss first the way in which Vy was 
found for the diode valves. 

In the absence of space charge and when the true anode potential V=V',— V9 
is less than zero (the retarding field region), 7, should depend on V according to 
the relation 7, =/,exp(eV/RT), where J, is the saturated emission, e is the charge 
on an electron, k is Boltzmann’s constant and 7 is the cathode temperature. 

At V =0, J, =/,, and for higher anode potentials 7, increases slowly, according 
to the Schottky law log, 0c V1. In practice, with metal anodes and low cathode 
temperatures, two straight lines are usually obtained when log /, is plotted against 
V,. These lines intersect close to the true zero of anode potential. ‘The error 
introduced by taking the point of intersection as the true zero is not large, being 
of the order of 0-lev. It arises because log /, is plotted against V,, instead of 
against V1 in the Schottky region. 

Figure 1 shows (log /,, V,) curves for one of the rotating anode diodes with its 
cathode at 400°c. Curve A was taken with the nickel anode facing the cathode, 
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and curve B with the other anode in position carrying a film of BaO 5 x 10°°cm _ 


thick. The thicknesses of the various BaO films were estimated from the inter- 


ference colours formed by reflection. With the nickel anode in position two — 


straight lines were obtained when log /, was plotted against V, as curve A shows. 
The abscissa of the point of intersection of these lines denotes the true zero of 
anode potential, while the ordinate gives a measure of the saturated emission J. 
With a film of BaO covering the anode the (log/,, V,) plot did not yield two 
straight lines as curve B, fig. 1, demonstrates. At very low currents, curve B 
becomes parallel to the proper retarding field line. By measuring the displace- 
ment between these two parallel lines and knowing the contact potential difference 


between the cathode and the nickel anode it was possible to calculate the contact _ 
potential difference between the cathode and the BaO film. This method was | 
used by Moore and Allison (1950) when working with an anode covered with an _ 


evaporated layer of strontium oxide. 
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Fig. 1. Retarding field characteristics for a diode with (A) a clean nickel anode and 
(B) a nickel anode covered with a film of BaO. 


Two effects might be responsible for the reduction in anode current and the 
consequent departure from the retarding field line and the apparent lack of 
saturation. ‘These are (i) high reflection of incident electrons from the BaO film 
and (ii) high resistance of the film. If (ii) were the predominant feature a normal 
retarding field plot would be obtained by a reduction in the anode current, such 
that a negligible ohmic drop of potential existed across the film. In fact when 
the current was reduced 200 times, there was still the same deviation from the 
retarding field line and the same lack of saturation. ‘The experiments on the 
triodes also support the view that, with the currents used here, resistance effects 
of films thinner than 10-°cm are negligible. It is concluded, therefore, that the 
departure of curve B from the theoretical curve is due to the reflection 
of a considerable number of low energy electrons incident on the oxide. 
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Curve B, fig. 1, shows an upward kink at the point where the electrons have an 
energy of 4ev. ‘This happens at V,=5v in curve B where the correction for 
contact potential difference is lev. The kink at 4 ev is due to the onset of absorption 
of incident electrons when their energy reaches this value. Experiments on the 
triode valves to be described below confirm the existence of this absorption 


threshold. 
$4. SECONDARY EMISSION AND ELECTRON REFLECTION 


In the triode valves with the grid operated at a higher potential than the 
anode, the grid current is composed of two parts, that function of the cathode 
emission which is intercepted by the grid wires, and the secondary current from 
the anode. Curve A of fig. 2 shows the grid current as a function of V, for a 
film of BaO 2x 10-®cm thick. Curve B is the corresponding anode current plot. | 
These curves are uncorrected for contact potential difference. All the curves 
obtained with films thinner than 10~°cm show essentially similar characteristics. 
With no potential applied between anode and cathode all the measurable current 
flows tothe grid. As V, is made positive, current flows to the anode and J, falls. 
When the electrons reaching the anode possess an energy of 4ev a large drop 
in 7, occurs, accompanied by a corresponding increase in J,. ‘This happens at 


V,=5v in fig. 2, where the correction for contact potential difference is lv. 
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Fig. 2. Triode characteristics at low anode voltage. Grid at 75 v. 


At an energy of 5ev (6v in fig. 2), the rapid fall in /, is arrested, and the curve 
becomes nearly horizontal. Thus either the reflection coefficient increases again, 
or more probably there is an initiation of secondary emission, at an energy of 
Sev. There is a further kink at 7ev energy, where /, begins to increase, and at 
10ev a kink is frequently seen where the slope increases further, though this is 
not shown in fig. 2. Thus the secondary emission, which is probably initiated 
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at 5ev bombarding energy, increases discontinuously at 7ev and at 10ev. ‘The 
curves were rarely continued beyond V, = 15 v because considerable decomposition 
of the oxide occurred at these anode potentials and the cathode was rapidly 
poisoned. 

With these valves the contact potential difference between cathode and 
anode was allowed for by taking as the reference point from which to measure 
electron energies, that value of V,, at which the (J,, V,) curve ceases to be hori- 
zontal and begins its downward trend. ‘This is seen to happen at V,=1v in 
fig. 2. The reason for this procedure is as follows. At very low anode potentials 
where no measurable anode current flows, and J, is sensibly constant, any electrons 
which penetrate the grid enter a strong retarding field and return to the grid. 
When J, is increased so that the first measurable anode current flows, some of 
‘the fastest electrons overcome the retarding field and reach the anode. Since 
the spread in the initial velocities of electrons emitted by the cathode is small 
this point may be taken as the true zero, and energies computed for higher anode 
potentials using this zero will represent the energies of the fastest electrons reaching 
the anode. The bulk of the electrons will have slightly lower energies, but the 
maximum error is less than 0-5 ev. 

As the true potential of the anode is increased from zero J, begins to fall, but 
it does not fall so rapidly as when an anode of clean nickel is used. This is 
because there is a greater reflection of slow incident electrons from BaO than 
there is from nickel. A similar effect with the diode valves was described in the 
preceding section. ‘The large drop in J, which occurs at V,=5 v in curve A 
of fig. 2 is due to the onset of absorption of electrons at this point. Using a 
contact potential difference of 1 v, determined in the manner described above, 
it is seen that this absorption of electrons begins when the energy of the bombard- 
ing electrons reaches 4ev. An absorption threshold for BaO at 4ev was also 
found during experiments on the diode valves. The agreement between the two 
methods in predicting this absorption edge lends confidence in the method used 
here to determine the contact potential difference between anode and cathode 
in the triode valves. 


§5. EFFECT OF VARYING THE THICKNESS OF THE BaO FILM 


As already stated, curves similar to A and B of fig. 2 were obtained for all 
films thinnerthan10~-°cm. With films thicker than this the curves were displaced 
towards higher voltages and became smoother. At 10-4cm J, was constant and 
I, too small to measure up to anode voltages of 7v; a slow decrease in I, was 
observed as V,, was increased beyond this value. At higher anode potentials 
the (Z,, V,,) curve gradually flattened and 7, showed no sign of increasing before 
poisoning became serious. 

The reason for this excursion to higher voltages and the accompanying 
flattening with thicker films is that the resistance of the barium oxide becomes 
large enough to play a significant part. When this happens the potential at the 
oxide surface is much lower than that of the underlying metal anode because of 
the ohmic drop in potential across the film. As a result the (/,, V,) curves are 
displaced to higher voltages and are effectively spread out over a wider voltage 
range, causing the observed smoothness. ‘That this is the correct explanation 
was established in the following way. It is known that the secondary emission 
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coefficient 5 of BaO is unity when the bombarding electrons have energies of 30 ev 
(Woods and Wright 1952). With lower energies <1, and with higher energies 
5>1. When a film with sufficient resistance to support a surface charge is 
bombarded with 25ev electrons <1 and the film acquires a negative surface 
charge. When I, is increased rapidly to find the point at which 6=1, an over- 
estimate of the true value of V, is obtained, due to the inability of the negative 
charge to leak away fast enough. By adopting the opposite procedure and 
applying a beam of 35 ev electrons to an uncharged film, so that 6>1, the film 
charges positively. When V, is reduced rapidly to the point at which 6=1, an 
under-estimate of the proper value of the required anode potential is obtained. 
If, therefore, these two ways of determining the value of V,, at which 6=1 do 
not agree, it is clear that charging effects, due to the high resistance of the film, 
are playing an important part. Using this technique no measurable effect (1.e. 
as large as 0-2 ev) due to high resistance was found for films thinner than 10-° cm, 
while thicker films showed an increasing tendency to charge as the thickness was 
increased. 


§ 6. THERMIONIC EMISSION OF THE OXIDE CATHODE 


Accurate (J,, V,) and (/,, V,) curves can only be obtained if the thermionic 
emission of the cathode remains constant. In fact, changes in cathode current 
did take place, but in most valves the changes were small provided V,, did not 
exceed 15 v. 

After pumping and activating the triodes, the cathode temperature was reduced 
to 400°c. ‘The anodes were earthed and rotated so that neither faced the cathode. 
With 75 v applied to the grid, emission was drawn for 20 minutes. In this time 
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Fig. 3. Dependence of cathode emission on the energy of electrons bombarding a BaO film 
on the anode. 


the grid current fell to half its initial value and became steady. With the 
cathode in this state the BaO film was rotated to face the cathode and (J,, V,) 
and (I,, V,) characteristics were taken. After this the emission to the grid with 
the anode earthed was measured, then V, was increased from zero in 1 volt 
steps, with a waiting period of 3 minutes at each setting of V,. The thermionic 
emission was checked before and after each 3 minute period. ‘The curves in 
fig. 3 show the way in which the emission depends on the anode voltage for a 
number of valves. 
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For V,—V, less than 4v there is no change in emission with time. When 
the bombarding electrons have an energy of 4ev the emission alters, and from 
fig. 3 it is clear that the emission may either rise or fall. If the first effect is a 
decrease, further increases in anode potential enhance the effect. On the other 
hand, if an increase occurs first, increasing V,, may produce further increases in 
emission. Ultimately, however, the increase is superseded by a decay. Once a 
rising emission has turned into a falling one in this way, higher anode potentials 
lead to further decays. The value of V,—V at which the rise goes over to a 
decay is of no particular significance, since this happens at V, — Vo=4v if the 
experiment is continued for long enough. ‘The curve in fig. 4, which shows the 
variation in emission while bombarding with 6ev electrons, demonstrates this 
point. In this run it took 2} hours for the rise to turn to a decay. 
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Fig. 4. Variation of emission with time while bombarding a BaO film at 6 ev energy- 


The increase in emission which sometimes preceded the fall when 4ev was 
reached was unexpected, and appeared at first to suggest that two processes were 
involved. However, the work of Liebold, quoted by Herrmann and Wagener 
(1951), showed that an initial rise is typical of the effect of a low pressure of 
oxygen on a cathode at low temperature. ‘Thus the whole of this effect can be 
caused by oxygen liberation, and is therefore attributable to decomposition of 
the oxide under bombardment. It can be concluded that the decomposition 
threshold for BaO is near 4 volts. 


§ 7, DISTRIBUTION OF CURRENT BETWEEN ANODE AND GRID 


The time changes described in the preceding section were solely concerned 
with the variations in cathode emission. Since the cathode current is equal to 
the sum of J, and J,, J, and J, should alter by proportional amounts when the 
cathode emission changes. In practice the ratio J,/J, often alters slightly, 
which means that a slight redistribution of the total current between anode and. 
grid takes place. 

With the films thinner than 10-5cm, and with V,—V,<4v, J, often fell 
with time while /, increased by the same amount, the total current remaining 
constant. When V,—V, was increased beyond 4 v, the cathode current changed 
with time in one of the ways described above, but the ratio /,/J, decreased with 
time. ‘This indicates that the anode current increased at the expense of the grid 
current. It is significant that the change from falling to improving anode current 


sets in at V,—V)=4v, the point where strong absorption of electrons and 
decomposition of the oxide begins. 


§ 8. ‘Time CHANGES IN DIODE VALVES 


The time changes observed in the diodes correspond exactly with those found 
with the triodes. With incident electrons of 4ev energy the barium oxide is 
decomposed. The decomposition products react with the cathode and either 
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increasing or decreasing emission is observed. In these valves the emission was 
nearly always poisoned. ‘This was perhaps because the experiments were 
performed immediately after activating the cathode, whereas with the triodes 
emission was drawn to the grid first, and a large decay ensued. In consequence 
the state of the cathodes was different in the two types of valves. 

In the diodes time changes in /, not associated with any variation in cathode 
emission were also found. At low anode voltages and with the clean nickel 
anode in position, 7, decreased very slowly with time. With the BaO film facing 
the cathode and with the same anode voltage, the anode current was much lower, 
due to reflection, and decayed much more rapidly. When V, was increased 
an anode current rising with time was observed provided V,—V,>4v. This 
increase was superimposed on any changes in J, due to changes in cathode emission, 
thus in some valves /, actually increased while the cathode emission fell. In 
order that 7, should increase with time in this manner, with true anode voltages 
greater than 4, it is necessary for a decay to have taken place at a lower anode 
potential. Ifa voltage greater than 4 was applied to a valve left standing idle for 
some time, a decay was seen. An increase in J, with time was observed as soon 
as V., was increased. Under no circumstances did /, increase with time with 
V,—V, less than 4v. 

When a retarding field curve was taken for a diode with its anode covered with 
BaO, a curve such as B, fig. 1, was obtained. When the retarding field measure- 
ments were repeated, after setting the true anode potential at 3 v and allowing a 
decay in J, to proceed, the curve was found to have been displaced to higher 
voltages by a few tenths of a volt. This indicates that the anode became more 
electronegative, probably by acquiring a surface layer of negative charge. With 
higher anode voltages, where increases in /, occur, the effect on the retarding 
field curve is a displacement towards lower voltages, nearer to its original position. 
‘This corresponds to the gradual elimination of the surface charge. 


§ 9. BartuM—OxYGEN LAYERS 

With the evaporated films of barium oxide there is an apparent increase in 
reflection coefficient, which we have attributed to a secondary emission threshold, 
at 5ev, and an enhancement at 7ev and 10ev. ‘The threshold at 5ev is to be 
expected since the depth of the filled band has been found optically to be 5ev 
(Apker, Taft and Dickey 1951). ‘There are no optical absorption figures for 
energies higher than 5ev, but the effects at 7ev and 10ev are consistent with 
Rudberg’s work on inelastic electron reflection by barium oxide (Rudberg 1936). 

The development of secondary emission at an energy greater than the optical 
absorption threshold seems typical of many materials (Jonker 1947). However 
both Jonker and Matheson and Nergaard (1951) quote a 10 volt secondary emission 
threshold for films deposited by oxide cathodes on the surrounding electrodes. 

We have investigated films formed by depositing barium on the nickel anode, 
and then oxidizing, usually by heating at 400°c in a pressure of 10-2 mm of oxygen, 
and have compared these with the deposits formed from oxide cathodes. ‘The 
results are similar and differ from those with evaporated BaO. ‘here is no 
change in slope in the (/,, V,) curve at 4ev, and no decomposition effects can be 
detected at this energy. ‘The plot becomes horizontal at 5 ev, and then at 7ev 
both decomposition and absorption are pronounced. ‘The value of J, falls 
between 7 and 10ev, and then rises sharply, so that 10 ev is the threshold for the 
appearance of secondary emission. ‘This agrees with Jonker and with Matheson 
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and Nergaard. Some studies of barium oxide evaporated on to different sub- 
strates have shown decomposition initiated at 4ev, and intensified at 7 ev, so that 
it seems clear that the question of which features of the (/,,V,) curves are 
dominant, and where decomposition is most marked, vary with the physical 
form of the oxide. Whereas barium oxide evaporated from platinum gives an 
electron diffraction pattern of BaCO, after opening to air and introducing into 
the diffraction camera, the films formed by oxidation of barium show no identifi- 
able pattern (other than that of nickel, which is sometimes detected). ‘Thus these 
films seem to consist of an amorphous complex of oxygen and barium, and not of 
crystalline BaO. The deposits from oxide cathodes are presumably similar, 
having similar properties on bombardment. Any secondary emission increase 
which may occur from these films at 7ev is masked by the absorption increase 
at the onset of decomposition. The fact that decomposition with a threshold 
at 7 ev occurs in both types of film, but with a threshold at 4 ev only in crystalline 
films, is an important result which will not however be pursued here. It should 
be noted that an evaporated film of barium, after oxidation, has a much lower 
thermionic emission than crystalline BaO formed by evaporation from platinum. 
These latter films, incidentally, were found to be highly orientated when examined 
by electron diffraction after a little heat treatment had been given following 
deposition. Heating to about 700°c destroyed the orientation, but had no effect 
on thermionic emission or on the decomposition and absorption threshold. 


§ 10. FILMs OTHER THAN BaO 

Measurement of absorption and decomposition thresholds have been made in 
the same way on thin films of various compounds.* Secondary emission thres- 
holds have been measured only with barium compounds. ‘The results of this 
work are shown in the table. It will be seen that with KCl, MoO, and NiO we 
find decomposition thresholds similar to those observed by Jacobs, and that 
with these and with NaCl also this threshold energy is similar to the heat of 
formation. With NiO and MoO, however this can have little significance as the 
electron affinity must be quite large. With NaCl and KCl, the electron affinity 
is small, and the similarity might be significant. We believe however that this 
is fortuitous, for the reasons given below. 


(1) (2) (3) (4) 


(a) (0) 
BaO 4-0 5-4 4-0 3:8 5-0, 7-0, 10-0 
NaCl 4:5 4-25 7-7 7:8 
KCl 4-0 4°5 6:5 7:5 
KI 2:5 355 5°5 5-4 
NiO 2:5 2:5 = — 
MoO, 8-0 7-4 2s = 
BaCl, 5 8-9 = = 10:5 
BaSO, a 15-0 = = 12 


(1) First threshold: energy for decomposition (ev); (2) heat of formation (ev); 
(3) main absorption threshold (ev) : (a) electron, (b) optical; (4) energy giving increase in 
apparent reflection, 1.e. of reflection plus secondary emission (eV). 

With the alkali halides, the main electron absorption threshold occurs at an 
energy near the optical absorption peak, as observed by Hilsch (1932). The 
decomposition threshold occurs at an energy considerably lower than this main 


* Comparable results on alkali halides were obtained by Jacobs, Martin and Brand (1952). 
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absorption threshold. With each halide however there is a small absorption 
effect at the onset of decomposition. A corresponding behaviour was observed 
by Jacobs and Dobischek (1951) with KCl. There is moreover with each halide 
an intensification of the decomposition near the main absorption threshold, as 
estimated by the rate of poisoning of the cathode emission. 


$11. ‘THE DECOMPOSITION PROCESS 


The decomposition process investigated in this work results in the electro- 
negative constituent being liberated from the thin film. The oxygen or halogen 
so freed moves to the cathode and alters its emission. It is of interest to consider 
the mechanisms which might account for this gas liberation. 

The first stage in decomposition is likely to be the production of an electronic 
transition either (a) forming an exciton, or (6) forming a free electron and a free 
hole, or (c) tranferring an electron directly from a negative to a positive ion. 
(a) could lead to decomposition either following thermal dissociation of the 
exciton, so that the process thereafter becomes equivalent to (6), or following an 
interaction between the exciton and lattice vacancies. A process of this latter 
kind has been found applicable to the photolysis of barium and potassium azide 
(Jacobs and Tompkins 1952). Following (4), the migration of a hole to the surface 
could form an oxygen or halogen atom at the surface, while (c) occurring at the 
surface would also form atoms there. Ina highly ionic compound, the formation 
of atoms at the surface of the crystal could lead fairly readily to their escape, 
though this would be much less likely with a more covalent type of bond. Thus 
with the alkali halides formation of surface atoms would give rapid halogen 
formation, while with barium oxide the freeing of oxygen would occur less 
readily. 

The results on barium oxide show that the threshold energy for decomposition 
is very close to that for electron absorption, while both are very close to the optical 
absorption threshold (Tyler 1949, Taft and Dickey 1950, Tyler and Sproull 
1951, de Vore and Dewdney 1951). The first optical absorption band is attributed 
to exciton formation, so that process (a) may be applicable here, either followed 
by thermal dissociation, or as a result of direct interaction with vacancies near the 
surface. ‘There is however a possible alternative explanation, as suggested below. 

With the alkali halides, the first main optical absorption band is also attributed 
to exciton formation, so that again process (a) may be involved, applying this time 
however to the enhancement of decomposition which occurs when the electron 
energy reaches the absorption band energy. ‘The first decomposition threshold, 
occurring in the alkali halides at an energy below that at which optical absorption 
occurs in the pure crystal, is more difficult to explain. It is of course possible 
that any of the processes (a), (b) or (c) occur at the surface with an energy less 
than that involved within the crystal lattice, and that the slow electrons are 
causing decomposition only in the surface layer. ‘The coincidence of the electron 
absorption threshold with the optical absorption band makes it unlikely however 
that this energy difference is appreciable. ‘The energy for process (c) is not 
likely to be less than that for (a), if transfer at normal lattice sites is considered. 

Transitions could however occur in an imperfect crystal, involving energy 
less than that required to form excitons, and capable of initiating decomposition. 
The first of these is the direct transfer of an electron from the valence band of 
the chlorine ions to a negative ion vacancy, forming an F-centre and a free hole. 
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Then this hole migrating to the surface could free a halogen atom. The converse 


of this is the transition which frees an electron from a chlorine ion in the immediate 


neighbourhood of a positive ion vacancy, forming a trapped hole at the vacancy, 
ie. a V-centre, and a free electron. The V-centre would lead to decomposition 
if it moved to the surface, or if it were formed there at a kink. Usually the 
F-centres and V-centres are visualized as formed following either exciton forma- 
tion, or formation of an electron-hole pair, followed by trapping. The direct 
transition is however a possibility, and the first one, forming an F-centre, has been 
recognized recently in studies of alkali halides at low temperature. It produces 
an absorption band designated the « band (Dexter 1951, Delbecgq, Pringsheim 
and Yuster 1951, 1952, Martienssen 1952, Martienssen and Pohl 1952). This. 
has been studied most fully in KI and KBr, and occurs in the long wavelength tail 
of the first absorption band, i.e. the exciton forming band. It seems possible that 
the initiation of decomposition in BaO, and the intensification of decomposition 
in the alkali halides, both occurring at the main optical absorption band energy, 
do not coincide exactly with this band, and are not due to exciton formation 
(process (a) above) but to transitions of the «-band type, forming free holes. 


Conduction Band 
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positive ion vacanc' 
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formation | forming F centre. ° 
ee y (a band absorption) 
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Filled Band 
‘Transitions in sodium chloride crystals. 


Fig. 5. 


The converse process forming V-centres does not appear to have been consid- 
ered or recognized previously. It is suggested here very tentatively, on the 
grounds that the energy involved if such a process occurred would correspond 
with the observed decomposition threshold energy. The energy required to 
form a V-centre by this process would be obtained by subtracting from the 
width of the forbidden gap the energy corresponding with the absorption band 
observed in the alkali halide when it contains V-centres. In NaCl this is 5-7 ev, 
and the forbidden gap width is 10 ev, so that the energy of the postulated transi- 
tions would be 4-3ev. he transitions are illustrated in fig. 5. Very similar 
figures apply for KCl. With KI, the forbidden gap width is 6-6ev, and the 
Y-centre absorption band occurs at 4 ev, so that the suggestion transition would 
occur at 2-6ev. ‘Thus in all three cases the energy corresponds with that at the 
decomposition threshold. 

Indirect support for the occurrence of this type of transition comes also from 
the recent work on the electrolysis of NaCl (Hacskaylo and Groetzinger 1952). 
‘This work showed that electrolysis formed lattice vacancies, which were described 
as ‘colour centre precursors’, i.e. they were visualized in the same way as the 


vacancies we have postulated as present in the evaporated films. When these 
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vacancies were present, there were absorption bands at 226 and 285. The 
second of these had not previously been seen in NaCl, and the notable fact is 
that the corresponding energy is 4:34ev. This we suggest is also the energy 
producing an electron transition from the Cl ion at a positive ion vacancy to the 
conduction band, forming a V-centre. 

Thus is seems possible that the first stage in decomposition is a transition 
at or near the surface involving a lattice defect. The indirect support given 
for this suggestion is of course far from conclusive, but justifies giving it further 
attention in future work. It leads incidentally to the further speculation that 
other effects, such as the increase in photoelectric emission on irradiation (Dickey 
and Taft 1950, Apker and Taft 1951), might be due also to transitions of this type, 
as may the inflection at 5-3 ev in the long-wavelength tail of the photoelectric 
response of potassium iodide (Apker and Taft 1950). 


§ 12. CoNCLUSIONS 


With barium oxide the threshold of decomposition is the same as for electron 
absorption, and occurs near 4ev. This corresponds closely with the optical 
absorption threshold at 3-8 ev, attributed to exciton formation. At lower energy 
the reflection coefficient is large, and the surface takes a negative charge; above 
4ev some of this charge is destroyed. Secondary emission is initiated at 5ev 
and increases abruptly at 7ev and again at 10ev. There is also an increase in 
absorption and decomposition at 7 ev. 

The decomposition threshold for BaO does not occur at an energy similar 
to the heat of formation. ‘This lack of correspondence is even more marked with 
BaCl, and with BaSO,. An apparent correspondence for NiO and MoO, 
cannot be genuine, since the electron affinity must not be neglected. 

The correspondence between heat of formation and decomposition threshold 
in NaCl and KCl is believed to be fortuitous, and does not occur with KI. The 
threshold should correspond with an electron transition which converts the halogen 
ion to an atom which is then able to escape since the binding is primarily ionic. 
Whereas with BaO the decomposition is initiated at an energy similar to that 
required for exciton formation, the corresponding energy produces with the 
alkali halides an enhancement of a decomposition process initiated at considerably 
lower energy. 

This low energy decomposition may be due to electronic transitions occurring 
at or very near the surface, in the neighbourhood of lattice defects, freeing an 
electron from a halogen ion in the immediate vicinity of a positive ion vacancy. 
The higher energy decomposition may be due either to exciton formation, or to 
a process analogous to that postulated for the lower energy decomposition. ‘This 
process would be the transfer of an electron from a halogen ion (or oxygen in BaO) 
to a neighbouring negative ion vacancy. 
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An Experiment on the Radial Motion of Charged Particles 
from a Pulsed Arc Discharge 


By Nek ALLEN*® 
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Abstract. A systematic investigation has been made of the currents drawn to a 
metal cylinder surrounding a concentric high-current arc in hydrogen in the 
presence of a longitudinal magnetic field. Characteristic curves show currents 
drawn with various positive and negative potentials applied to the cylinder. 
The shape of the curves is discussed qualitatively in terms of the radial motion of 
_ charged particles in the electric and magnetic fields. Consideration is given to 
the possibility that the action of the arc current, with the magnetic field and 
electric field due to the cylinder, might produce an appreciable evacuation of 
gas molecules from the region around the arc column. 


§ 1. INTRODUCTION 


HE work to be described was undertaken as part of a programme of 

investigation of the effect of a longitudinal magnetic field on a heavy- 

current arc at low pressure. Earlier workers (e.g. Cummings and ‘Tonks 
1941) have shown that, in general, such a magnetic field has a constrictive effect 
on the arc column, due to the restricted motion of charged particles outwards 
from the arc across the lines of force. Some confusion has arisen on this point, 
however, due to the various conditions and tube radii employed. ‘These 
difficulties have recently been resolved (Champion 1952) and it is now considered 
that a magnetic field constricts an arc, provided the diameter of the containing 
vessel is greater than the natural diameter of the arc column at the pressure 
employed. 

It might be expected that where the gas pressure is low, and the arc current 
very high, an appreciable proportion of the neutral molecules which pass into 
the column in their thermal motion would become ionized and, in the absence 
of extensive recombination, be held there by a strong magnetic field. As a result, 
a vacuum would develop around the positive column which would itself be 
expected to have a reduced potential gradient. It was felt that the use of a 
conducting cylinder surrounding the column might assist in producing this 
‘pumping effect’. ‘Thus, if the cylinder were given a positive potential relative 
to the plasma, outwards diffusion of positive ions would be checked by both the 
electric and magnetic fields, while the electrons, though attracted outwards by 
the electric field, might be held in by the magnetic field. A reduction in pressure 
of the neutral molecules outside the column would further impede the outward 
flow of ions and electrons, if it is assumed that collisions are chiefly responsible 
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for their motion across the field. In the extreme case, the process leads to a 
picture of complete cut-off of current to the cylinder when all the gas molecules 
are held in the are column. 

Direct pressure measurements were very difficult under conditions of pulsed 
arcs in a confined space, since the arc itself interfered with the normal operation 
of conventional measuring devices. Therefore, a systematic study was made of 
the currents flowing to the cylinder itself across the magnetic field, in the hope 
of obtaining an indication of any pressure change which might occur. In addition, 
comparison was made with the work of Bohm, Burhop, Massey and Williams 
(1949), who employed arcs of lower current in an analogous arrangement. 


§ 2. EXPERIMENTAL TECHNIQUE 


The discharge tube is shown in fig. 1. A cold-cathode arc was initiated 
between tungsten rod electrodes on the axis of an open-ended nichrome cylinder 
of diameter 3-2 cm and length 10 cm. The axial electrodes were 5 cm apart and 
symmetrically placed. Electrical contact with the cylinder was made through 
the supports S. The tube was evacuated and outgassed by induction heating 
of the cylinder and prolonged passage of discharges. Hydrogen was used in 
the experiments at pressures of 1-5 x 10-? mm, 0-4 mm and 2:0 mm Hg. 


| VU 504 
A 


Oscilloscope 


Oscilioscope 
% 


Battery! 


Fig. 1. The connections to the discharge tube. ‘The shielding and solenoid around the 
tube are omitted. 


The method used for initiation of the discharge at the lowest pressures has 
been described in a previous paper (Allen 1952), and it is necessary to state only 
that a rectangular pulse of current of amplitude 96a lasting for 2 msec, passed 
through the gap at desired intervals, at a known instant in a pulsed magnetic 
field of 10 msec duration, and sinusoidal pulse shape (Champion 1950). The 
field was set up in a solenoid, with the discharge tube along its axis. ‘The magnetic 
field was very nearly uniform along the length of the arc, falling off at the 
electrodes to about 90° of the value at the centre, and was used at various values 
up to 18900 gauss. 

The tube was screened electrostatically from the sharp change in potential 
which occurred at the solenoid terminals at the beginning of the magnetic field 
pulse. ‘Tests showed that eddy currents in the nichrome cylinder were not 
serious, and caused little disturbance in the observed voltages on the cylinder, 
provided the resistance between cylinder and earth was not too high. The 
potential fall across the axial discharge was measured by noting the change in 
potential at B (fig. 1). Point A was the anode of the discharge tube which, prior 
to breakdown, was at high positive potential. A steady voltage V (about 300 v) 
was applied to the anode of the valve VU 504 which conducted during the 
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discharge, when the potential at A fell below V. All measurements were made by 
means of an oscilloscope. 

Various steady potentials were applied to the cylinder by means of batteries, 
in series with a resistance as shown in the diagram. The battery voltages did not 
exceed 300 v, positive or negative, and no discharge took place between the 
cylinder and the cathode in the absence of the longitudinal discharge pulse. 

The static gas pressure in the discharge tube was measured with an 
ionization gauge, joined by wide tubes. Electrons from the gauge were restrained 
from passing into the high voltage gap and initiating unwanted discharges there 
by placing the poles of a magnetron magnet astride the connecting tube. 


§ 3. EXPERIMENTAL RESULTS 


Measurements were made at three pressures, 1-5 x 10-*, 0-4 and 2:0 mm Hg. 
The arcs appeared to fill the volume of the cylinder at zero magnetic field at 
pressures below 2mm Hg. It may be seen that in this arrangement the arc 
was almost completely enclosed by the cylinder, so that few electrons and ions 
were lost to the glass walls of the tube. ‘There was no evidence that arcs passed 
from the cathode to the cylinder and cylinder to anode, rather than in the 
longitudinal direction. Comparison with earlier work, using an arc enclosed 
only by the glass walls of a similar tube showed that the cylinder had no visible 
effect on the arc. The arc voltage was of the order of 80v at the two higher 
pressures with zero magnetic field. It was not possible to pass arcs at 
1-5 x 10°? mm Hg without the magnetic field. 


Trailing Edge of Pulse 


-400 -300 -200 -100 0 100 200 300 
Cylinder Current (mA) 


Fig. 2. Cylinder voltage—current curves for pressure of 2 mm Hg. 


Preliminary readings taken with the cylinder (a) ‘floating’, (6) connected to 
cathode with a resistance and (c) at positive and negative potentials relative to 
cathode showed that different electrical connections to the cylinder had no 
appreciable effect on the voltage—current characteristics of the arc. 

Systematic observations were carried out at the three pressures on the 
electrical characteristics of the cylinder during arc pulses and at various values 
of the axial magnetic field, when various steady positive and negative potentials 
were applied to the cylinder. Three typical sets of experimental curves 
summarizing the trend of the results are given in figs. 2-4. The convention 
employed is that electron current from the battery to the cylinder is regarded as 
negative. 
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The curves show that at 2 mm pressure, the pulse cylinder voltage appeared 
asymptotic to certain values when the current in either direction was large. 
The same was true at 0-4mm pressure, but at 1-5 x 10-? mm Hg a different 
form was shown (fig. 4) with no tendency to be asymptotic to a definite cylinder 
voltage. In fact, with large negative currents, the cylinder voltage was negative. 
This result was reasonable, if the impedance between the cylinder and earth was 
small compared with that of the external circuit. Since increasing positive and 
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Fig. 3. Cylinder voltage—current curves for pressure of 0:-4mm Hg. 
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Fig. 4. Cylinder voltage-current curves for pressure of 1:5 x 10-? mm Hg (some experi- 
mental points are omitted for clarity). 


negative currents corresponded to increasing applied battery voltages, the nature 
of the curves indicates that the impedance between the cylinder and the are was 
reduced as the current increased. 

A notable feature of the curves at 2mm and 0-4 mm pressure was that at all 
settings of the magnetic field, the decrease in cylinder voltage in passing from 
negative to positive current was nearly constant, though increasing a little at 
higher magnetic fields. 

At constant pulse cylinder current, the voltage showed a large increase with 
magnetic field at 0-4 and 2:0 mm. The largest increase occurred between fields 


ee 
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of 0 and 4860 gauss, the rise after that being less marked for further equal increases 
in magnetic field. The results at 1-5 x 10-2 mm Hg show that the effect of increases 
in magnetic field was smaller than at other pressures, but the increase over the 
zero-field case was unknown. 

A short series of measurements was made at 2:0 and 0-4 mm pressure with 
the cylinder connected to earth (cathode) through a monitoring resistance of 
110 k®, but unconnected to any other source of potential. The results are given 
in table 1. In this arrangement, the current to the cylinder was very small (less 
than 1 ma) and the pulse cylinder voltage was determined by the longitudinal 
arc itself. ‘Thus there were, in effect, two sets of measurements of pulse voltage 
for the cylinder for zero current—that determined from the curves with. the 
applied voltage adjusted to give zero net current, and that with a large resistance 
between the cylinder and earth. 


Table 1. Results showing the pulse cylinder voltages when the cylinder is 
connected to earth through a 110 kQ resistance. 
(1) Pressure=2 mm Hg 


Field Arc Arc Cylinder Cyl. voltage 

(gauss) voltage current (A) voltage Arc voltage 
0 80 106 36 0-45 
4860 NS 97 86 0:49 
9630 190 97 98 0:52 
14100 226 96 122 0-54 
18900 234 84 128 0°55 

(2) Pressure=0-4 mm Hg 

0 75 105 39 O52 
4860 178 97 143 0-80 
9630 181 96 169 0-93 
14100 192 94 170 0-89 
18900 206 90 195 0:95 


In the latter case, in the absence of a magnetic field, the cylinder took up 
the mean potential of the arc column, as would be expected. With increasing 
magnetic field, the cylinder potential rose to more than the mean potential of the 
column, and approached the anode potential in value. 

It might, of course, be thought possible that a localized discharge was set 
up at the ends of the cylinder, with the arc passing between the anode and 
cylinder, and cylinder and cathode. ‘This was unlikely, however, for in the 
magnetic field the pulse cylinder voltage approached the arc anode voltage to a 
point where it would be impossible for the mechanisms of a discharge to operate. 

It may be added that the passage of each arc resulted in a decrease of pressure, 
due to ‘clean-up’ of about 20% at 1-5 x 10°? mm Hg. This was recorded by the 
gauge, but due to the relatively large distance between the discharge and the 
gauge (about 20 cm), the latter was insensitive to any detailed pressure fluctuation 
during the arc pulse. 


§ 4. DiscussION 
4.1. The Shape of the Curves at Zero Magnetic Field 
As already indicated, the floating potential of the cylinder for all pressures 


lies between the cathode and anode potentials. On either side of this point there 


extends a current-voltage characteristic which for small voltage changes is 


4 D-2 


1092 N. L. Allen 


linear, and is equivalent to a differential resistance of 200 ohms at a pressure of 
0:4 mm. This resistance varies with pressure from 125 ohms at 2 mm to 250 ohms 
at 1:2x10-2mm. For larger positive or negative voltages, at the higher end of 
the pressure range, the differential resistance between cylinder and arc is zero, 
and indicates the onset of a local discharge between the cylinder and arc. 


4.2. The Shape of the Characteristics in the Magnetic Field 


The magnetic field raised the voltage required to maintain a given current 
to the cylinder. At 2mm and 0-4 mm pressure, the largest increase occurred 
with the relatively small increase of field from 0 to 4860 gauss. The effect of 
further increasing the field was smaller. Comparison may be drawn here with 
the case of a heavy current discharge between coaxial cylinders (Allen 1951) 
in which a similar ‘saturation’ was observed. At 1-5 x 10-2 mm the value of the 
magnetic field made relatively little difference to the pulse cylinder voltage. 
Visually, the constriction in the arc brought about by the field was most marked 
for the initial increase of magnetic field, though at a pressure of 1:5 x 10°? mm 
the constrictive effect of fields of all strengths was slight. ‘This was a result of 
the large ‘natural radius’ of the arc at this pressure (cf. §1). ‘The increase in 
arc anode voltage brought about by the field was greatest for the initial increase 
in field strength, rising less sharply with further increase. 

An increase in the cylinder voltage required to maintain the same current 
with decreasing pressure would be expected with an increase of magnetic field, 
since electronic and ionic diffusion across the field depend upon collisions with 
gas molecules. However, there is evidence that electron diffusion across a 
magnetic field is aided by the plasma fluctuations set up by the magnetic field in 
the discharge. In these experiments the noise level on both the cylinder voltage 
and the arc current and voltage wave forms was as great at 1-5 x 10-2 mm as at 
the higher pressures. In general, the noise increased from a very small amount 
with zero magnetic field to a high level with the first increase of field, but showed 
little further increase at higher fields. ‘This might offer some explanation of the 
very slight differences between the curves at 1-5 x 10-* cm, but the fact that the 
field produces little constriction of the main arc is also very important. 


4.3. Comparison with the Work of Bohm et al. 


This work may be compared with that of Bohm, Burhop, Massey and 
Williams (1949) who studied the currents to the walls of a rectangular carbon 
box surrounding an arc in a gas at low pressure. ‘The arc plasma was produced 
in the carbon box by electrons accelerated from a hot filament by a simple form 
of electron gun. 

The results showed that the wall current was reduced by an increasing 
magnetic field, though the reduction compared with the zero-field case was not 
indicated. At the higher magnetic fields a degree of ‘saturation’ is discernible 
analogous to that observed by the present writer. Their results confirm that the 
magnetic field, while having a large effect on the current flow in increasing from 
zero to a comparatively small value, has a smaller effect when rising to larger 
values. ‘Ihe phenomenon is general for the cases of magnetic fields applied 
longitudinally and transversely to discharges. These conclusions are drawn 
from experiments with the longitudinal and transverse arcs with heavy currents, 
as well as in the work of Bohm e¢ al. with lower currents transverse to the field. 


—_ 
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Bohm et al. repeated their experiment at different pressures, keeping all other 
quantities constant. It was found that the wall current increased with increasing 
pressure under conditions where the relative degree of ionization was small, 
but where this was larger, the increase of wall current with pressure was less rapid. 

These facts may be correlated with the present experiments in the following 
way: The curves of pulse cylinder voltage against current show that a large 
increase in voltage is required to maintain a given current for the first increase in 
magnetic field, but smaller increases are necessary with further equal increases 
in magnetic field. A comparison of the changes in the transverse direction with 
those in the longitudinal direction shows the relative effect on the magnetic 
field in the two directions. Use is made of some results for the positive column 
gradient by Dr. K. S. W. Champion, at various magnetic fields for arcs of 
current 96a passing in the longitudinal direction. These results show that the 
positive column gradient tends to decrease in an increasing magnetic field. 

To obtain a measure of the impedance existing between the cylinder and arc 
plasma, the value of half the total arc voltage is subtracted from the cylinder 
voltage. ‘Then the expression 


Cylinder voltage — half arc voltage 
Positive column gradient 


gives an indication of the ratio of the impedance to electron motion in the 
transverse and longitudinal directions for the conditions of the experiment. 
The values of this ratio are given in table 2. A constant cylinder current is not 
being dealt with in this case, but this is not a serious complication, since the shape 
of the curves is similar. 


Cylinder voltage — half arc voltage 


Table 2. Values of the ratio at two instants 


Positive column gradient 
during the pulse: (a) at the mid-point in time and (0) at the end. 


(a) Mid-Point of Pulse 


Field (gauss) 0 4860 9630 14100 18900: 
pan (i) 2 mm pressure 1:05 DAD. 1:87 5-4 8-0 
(ii) 0-4 mm pressure 1:02 9-4 12:8 19-2 22-0 


(b) Trailing Edge of Pulse 


Field (gauss) 0 3950 7900 11850 15800 
ais (i) 2 mm pressure 0-63 2:9 4-65 8:7 10-1 
(ii) 0-4 mm pressure 0:29 6°5 8:8 13:8 14-2 


It is seen that the value of the ratio increases with an increasing magnetic 
field. The impedance parameter across the field may be taken as that 
characteristic of a plasma in a transverse magnetic field, without the complication 
of a large cathode fall of potential. At the cylinder surface, a sheath will be 
formed, the nature of which will vary along its length. ‘The current to the 
cylinder also varies from point to point, but in the presence of a field, the positive 
ion current density will be greater, in proportion to the electron current density, 
than is the case at zero magnetic field. 

The results also show clearly the increase in impedance in the transverse 
direction brought about by the reduction in pressure from 2 to 0:4 mm Hg. 
Results for the positive column gradient at 1:5 x 10-* mm Hg are not available, 
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but from the nature of the curves the same trend would be expected, though with 
a greater saturation effect than at the higher pressures. The ratios in table 2 
indicate that the field offers a smaller impedance to the flow of electrons across 
the lines of force than may be calculated assuming progress depending on simple 
collisions alone. 

Diffusion to the cylinder may be aided by the existence of plasma oscillations 
in the positive column (Backus 1949). Bohm (1949) suggests that if the equi- 
potential surfaces imagined to surround the arc are symmetrical about the arc 
column (as is reasonably assumed in a symmetrical configuration such as the 
present one), then there is no stable mode of getting electrons and ions away to 
the walls, except by collision. This process alone would be exceedingly slow in 
the magnetic field, and a piling up of ionization would occur, leading to 
instability. Such a condition would be expected to result in plasma oscillations 
in whose fields the ions and electrons would drain to the walls, setting up a 
dynamic equilibrium again. 


§ 5. CONCLUDING REMARKS 


The results of this work confirm earlier work in showing that the impedance 
offered by the action of the transverse magnetic field to a discharge current in a 
gas shows a saturation effect at the higher magnetic fields. Within the limits 
of accuracy of the experiment, the effect appeared to become stronger as the 
pressure was reduced. These facts are taken as an indication that no appreciable 
cut-off of current from the arc to the cylinder occurred as the result of a strong 
“pumping action’ by the arc in the magnetic field. ‘The change in saturation 
effect with pressure is also contrary to the expectation, from simple kinetic theory, 
that a pumping action would be most likely at the lowest pressures, but this may 
be a result of the condition of the experiment, since the natural radius of the arc 
is increasing at the lower pressures. 

A possible reason for the apparent absence of a pumping effect is that neutral 
molecules which are ionized in the arc column may recombine extensively at the 
walls near the cathode end of the tube, setting up an appreciable pressure gradient 
which returns gas molecules to the body of the tube. Thus a circulation of gas 
may occur in the chamber, masking the effects looked for by this method. The 
oscilloscopic method of observation shows that the electrical behaviour of the 
cylinder and arc is substantially the same throughout the pulse and characteristic 
of approximately uniform conditions in time. It has been noted also that the arc 
voltage drop remains unaltered, within the limits of accuracy, for all battery 
voltages applied to the cylinder. ‘This may indicate that the cylinder has little 
effect upon the arc, though it must be remembered that the increased molecular 
agitation in the arc column may itself be comparable with any postulated increase 
in pressure due to a pumping effect. ‘Thus such a measurement is regarded as 
insensitive. Further work, employing more refined techniques, such as the use 
of a radioactive ‘tracer’ in the gas, would be necessary to yield more information. 
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Abstract. A high-resolution image may be derived from a large number of 
‘ dark-field’ images of normal resolution, obtained by varying the angle of incidence 
of the electron beam inastandard electron microscope. ‘The intensity distribution 


in each dark-field image is multiplied by an appropriate cosine function. Summing 
gives the function, for one dimension, 


C(x) = | V(X) G(—X) V(X+x) G(x —X) dX 


where V’(x) is the potential distribution in the specimen and G(x) defines the loss of 
resolution due to lens impertections in normal micrographs. From this, V(x) may 
be derived. ‘The practical applications of the method are limited by requirements 
of specimen and instrumental stability. 


HEsmallest distance which can be resolved by present day electron 

microscopes is of the order of 10 A. ‘This is very much greater than the 

limit of resolvable distance imposed by the wavelength of the electrons used 
(about 0-054). Apart from problems of specimen stability, the main factor 
preventing any further improvement of the resolving power is the limitation of the 
effective aperture of the objective lens by spherical aberration. 

There is a strong incentive for attempts to improve the resolving power of the 
electron microscope, in that a ten-fold improvement, say, would allow individual 
atoms to be resolved, and the main features, if not the details, of the atomic arrange- 
ment within molecules or crystals to be determined. Since it does not seem 
possible that the resolving power may be increased markedly by the redesigning 
or correction of the objective lens, elaborations of the microscope technique are 
needed to take advantage of all possible properties of the electron beam and allow a 
high resolution image to be derived from images obtained with imperfect lenses. 
Gabor (1949) has proposed an ingenious scheme in which a sufficiently coherent 
electron source is used, and the electrons elastically scattered within a certain solid 
angle are recombined with the transmitted electron beam to form a ‘hologram’ 
from which an image is reconstructed by a light-optical system. Limited success 
has been achieved in the employment of this method (Haine and Mulvey 1952). 

Another method ot increasing the etlective resolving power is to make use of the 
many ‘dark-tield’ images of the specimen obtained from beams of elastically 
scattered electrons. With the incident electron beam along the electron-optical 
axis of the microscope, the elastically scattered, or dittracted, electrons diverge 
from the specimen and either are stopped by apertures or lens pole-pieces or else, 
because of the spherical aberration of the objective lens, form out-of-focus 
‘ dark-tield’ images, displaced from the image formed by the transmitted electrons. 


Ge ae ee 


a 


A New Microscope Principle 1097 


If, however, the incident beam is tilted at an angle to the microscope axis, one of 
these scattered beams may be made to travel down the electron-optical axis and 
form an undisplaced, well-focused dark-field image. By varying the tilt of the 
incident beam, a large number of such dark-field images may be recorded. These 
may be combined in such a way that a single image of greatly improved resolution 
may be derived. 

This principle could be applied to microscopy with light, x-rays or ions, as well 
as with electrons, but since the application to electron microscopy seems most 
practicable and would, if successful, extend the total range of microscopic methods, 
only this case will be considered. 

We consider for simplicity a one-dimensional object with a potential distri- 
bution V(y). We-make the assumption that the scattering is purely elastic and 
absorption is negligible, so that the amplitude of the wave forming the image may be 
represented by a real function. A more rigorous treatment using a complex 
transmission function is possible, but gives essentially the same result. ‘The 
diffraction pattern in the back-focal plane of the object lens is E(€), the Fourier 
transform of V(y). ‘The image is given by the inverse transform as V (x), where 
x= —vy except for a scale factor. In an electron microscope, if the diffraction 
pattern in the back-focal plane is limited by an aperture, assumed symmetrical, 
the image is the Fourier transform of E(&)f(&), where f(€) is the ‘aperture 
a FE (£)f(Q)=V (x) F(x) = [ V(X) F(w—X) aX. 

Here F(x) is the Fourier transform of f(€), and the ‘fold’ or ‘faltung’ of V with F 
represents the loss of resolution. 

If now the beam incident on the object is tilted so that it is parallel to the initial 
direction of the diffracted beam corresponding to € =7, the effective portion of the 
diffraction pattern is given by E(yn—€)f(€), i.e. tilting of the incident beam 
translates the diffraction pattern in the back-focal plane so that, instead of the part 
of the diffraction pattern around €=0, the part around =7 passes through the 
aperture. ‘The ‘ dark-field’ image produced is then 


V"(x,9) =F E (4 —£) f(€) =[V(«) exp (— 2ninx)] F(x). 
The aberrations of the lenses will result in a further loss of resolution, so that the 
image obtained is 


V(x, ) = V(x, 7) H (x) =[V (x) exp (—2rrinx)] G(x), 


=. 


where G(x) = F(x) H(x). ‘The recorded intensity of the image is proportional to 


| V(x, )|* = V (x, 9) V*(x, 0). 
If one particular point of the image, say x =0, is chosen, the intensity at this 
point is given as a function of 7 by 


INKS n) a [ V(x, 7) eg n)| 2=0 
=| | Vix)e?"* G(-X) VY) e"" G(— Y) dXaY. 
The Fourier transform of this intensity function is 


P'(x) = | 1(0,n) edn 


=| V(X) G(X) V(X+«) G(X +x) dX, 
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which is the Patterson function of the limited region of the image given by 
V(x) G(x). 

The problem of obtaining V(x)G(x) from P’(x) is the well-known problem 
occurring in the structure analysis of crystals by x-ray and electron diffraction 
methods. For a two-dimensional image, if the half-width of G(x), considered to 
approximate to an error function, is 10-204, the problem would be of the same 
order as the problems commonly occurring in crystal structure analysis, and the 
methods of solution developed for use in structure analysis, such as the ‘image- 
seeking’ methods of Buerger (1951) and others, could be applied. Usually itis not 
possible to resolve such a Patterson function uniquely, particularly since the portion 
of image chosen will, in general, be non-centrosymmetric. ‘The image could be 
deduced only in the most favourable cases. 

If only the intensity at one particular point of the image is taken, however, 
much of the information available concerning the portion V(x) G(x) of the image 
has not been used. One knows the intensities of the images at all points within 
the region defined by G(x). In order to obtain a function containing more 
information than the Patterson function the intensity distribution of each image 
may be multiplied by a cosine function and the resulting functionssummed. ‘Thus 
the constant coefficients of the Patterson summation are replaced by functions of x. 

For each 7 one multiplies the image intensity distribution by cos 27x. 
Summing over all 7, one obtains 


C(x) = [ [V(x exp (— 2minx)] G(x) [V(x exp (2minx)] G(x) cos (2px) dy 
=| | V(X) G(x—X) V(Y) G(x— Y) | exp {— 2nin(X— Y)} cos (Zax) dn dX dY. 
The integral over 7 reduces to the sum of two 5-functions, giving 
C(x) = | V(X) G(-X) V(X +x) G(x—X) dX. 


The procedure for obtaining C(x) in practice would probably be as follows. 
Dark-field images are recorded for a large number of tilts of the beam, so chosen 
that each portion of the diffraction pattern in the back focal plane, which has a 
&-value less than a certain maximum, passes through the aperture and so contributes 
to the image at least once. The intensity distribution tor each dark-field image is 
then multiplied by the appropriate cosine function and the resulting functions are 
added together. ‘These multiplications and the addition could be carried out by 
one of the several optical or electronic methods which appear feasible. The 
function C(x), unlike P’(x), is not, in general, centrosymmetric. As well as 
information on the vector separations of scattering points, it contains information 
on the positions of these scattering points with respect to the point chosen as origin. 
It should, then, be possible to obtain V(«) G(x) from C(x) more readily than from 
Piles 

Once V(x) has been deduced over the limited field defined by G(x), the know- 
ledge of V(x) in this field could be used to simplify the deduction of V(x) in other, 
overlapping fields. In this way the ‘field of view’ could be extended, and also a 
portion of the specimen of known structure, such as a well-ordered crystal, could 
be used in the imaging of a neighbouring region of unknown structure. 

Provided that the object is only a few atoms thick, an image with a resolution 
of 1 A or better will consist of well-defined atomic potential maxima, which may be 
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approximated by ‘ pointfunctions’. In this case in particular V(«) may be derived 
by considering the function 


B(x) = P’(x) — C(x) = | V(X) V(X + x) G(X) [G(X + x)— G(X —x)] dx, 
where G(x) is considered to be centrosymmetric and approximately an error 
function. If V(x) has peaks at x, and x,, the function B(«) has peaks at 
(x2 — 2%) and (x, — 9). 

Then for x, >«,>0, B(x, —.,) is positive and B(«— x2) is negative ; 
for x, >0>%x,, B(x.—x,) and B(x,—«x,) are negative ; 
for 0O>x,>%,, B(xg—.x,) is negative and B(x, — x2) is positive. 
If x,=0, B(x.—x,)=0; if x,=0, B(x,—x,_) =0. 
Hence, if the origin of V(x) is chosen at the centre of one atom, all the peaks in B(x) 
corresponding to vectors from this atom to other atoms vanish, provided that the 
interatomic vectors occur only once in the range defined by G(x). Thus the 
positions of all atoms may be determined by observing the behaviour of the vector 
peaks in B(x) as the origin of coordinates is moved with respect to the image. 
Alternatively, if the function G(x) is known, the coordinates x, and x, of two 
maxima may be derived from the known value of x. — x, and the relation 
B(x» — 1) = G(x,) [G(x_) — G(2x, — x2)] 
B(x, —%2) G(x») [G(x,) — G(2x, — x,)]° 


For the practical realization of this method of microscopy a conventional-type 
electron microscope need be modified only by the incorporation of a device to allow 
the variation of the angle of incidence of the electron beam on the specimen, such 
as a combination of electrostatic deflecting plates anda magneticlens. No special 
requirements in the way of beam coherence are involved. It is sufficient that the 
divergence of the beam should be such that the resolution in the diffraction 
pattern, E(€), is appreciably better than the half-width of f(€). This is readily 
achieved. 

In principle, the resolution obtainable by this method is limited only by the 
wavelength of the electrons. However, the number of dark-field images which 
must be recorded in order to resolve cA in a two-dimensional image is of the order 
of n?, where 7 is the ratio of the half-width of G(x) to c, Le. 


(resolution of each image)/(ultimate resolution). 


Each image would have to be recorded under the instrumental conditions of 
magnification, instrument and specimen stability which would be required to 
obtain an image with cA resolution if perfect lenses were available. ‘The point 
taken as the zero point in the calculation of C(«) and B(x) must be identified 
in each image with an accuracy of better than cA. ‘This can only be done if 
the zero point of each image comes to the same point on the viewing screen or 
recording plate. Hence, over the period required to record all the dark-field 
images, the specimen must not move more than cA, and the magnification of the 
lenses, stray fields, and-so on, must not vary enough to move the image by more 
than the equivalent of cA. With the high magnifications required, the time 
necessary for the recording of each dark-field image may be of the order of a 
minute. The total period for which the conditions of extreme stability of the 
specimen and electron-optical system must be maintained would probably be of 
the order of several hours if the resolution necessary for the imaging of atoms was 
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to be achieved. Such stability requirements are well beyond those of present-day 
electron microscopes, and present serious experimental difficulties which must be 
overcome before this method can be used to give any very marked improvement 
in resolution, 

The derivation of the image from the function C(x) or B(x) is straightforward 
only when the image may be approximated by a set of peak-functions, i.e. when 
individual atoms or groups of atoms are well resolved. In other cases, where the 
image can be described only in terms of a continuous distribution of potential, 
the derivation of the image may be possible if C(x) or B(x) and the image are 


approximated by weighted sets of points on a fine grid in the same way as are the ~ 


Patterson and Fourier projections calculated by summing Fourier series in normal 
crystal-structure analysis, 
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Precipitation Processes in Copper-Iron Alloys 
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Abstract. Measurements of the electrical resistivity of copper—iron alloys, in the 
annealed condition, have shown that the concept of ‘coherent’ and ‘incoherent’ 
precipitate can explain the observed features in the resistivity curve. 

Cold working of the alloys has been shown to result in resistivity changes which 
are compatible with the idea of ‘locking-in’ of dislocation lines about the precipi- 
tated particles of iron. Calculation from x-ray observations of the distance apart 
of these particles gives a figure of approximately 10-°cm. ‘This is quite close to 
that estimated from Orowan’s equation for the distance between precipitate 
particles most effective for locking-in of dislocations in an age-hardened alloy. 

Estimates of the number of vacancies present in a 95% cold worked alloy 
suggest that vacancies alone will not account for the observed resistivity increases. 
At high degrees of cold working, dislocations are probably the predominant factor 
in increasing resistance. 


§ 1. INTRODUCTION 


HE physical properties of metallic solid solutions generally undergo relatively 

large changes as soon as precipitation of the solute atoms commences. 

Such changes are perhaps best known among the many ‘age-hardening’ 
alloys. In these, depending on the temperature at which ageing is carried out, 
more or less rapid variations are observed in such properties as mechanical 
hardness, ductility and strength, lattice parameter, electrical and thermal resistance, 
magnetic coercive force and remanence. In many cases simultaneous changes 
occur in two or more of the above properties; for inst:nce, parallel changes in 
mechanical hardness and electrical resistivity are frequently found. Prior 
mechanical treatment also may have a considerable influence on the ageing 
processes, even in one alloy. Furthermore, the ageing curve is rarely in the form 
of a simple increase or decrease in the observed property. ‘The copper—beryllium 
alloys for example, over a wide range of ageing temperatures, show an initial 
increase in hardness followed by a slower decrease as ageing proceeds. 

In order that ageing should be observed in an alloy it is a prerequisite that the 
solubility of one component should decrease with decreasing temperature. Only 
then, of course, can precipitation from the supersaturated solid solution take place. 
Since this fact was realized many workers have investigated the factors influencing 
precipitation, particularly in its initial stages, and have attempted to correlate 
ageing phenomena with precipitation processes. Geisler (1951) has discussed 
this problem at considerable length, and has extended previous ideas in order to 
explain many of the ageing curves observed inalarge number of alloys. Essentially 
these explanations assume the presence of ‘coherent’ precipitate in the early 
stages, followed by the formation of * incoherent’ precipitate as ageing progresses. 
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In general the presence of coherent precipitate results in ‘coherency strains’ in the 
alloy, which in turn modify its physical properties. These strains are relieved, as 
ageing proceeds, by the breaking away of the precipitate into incoherent form, with 
resulting further changes in physical properties. It will be obvious that, since 
depletion of solute atoms from the matrix also markedly affects the physical 
characteristics of an alloy, the overall ageing curve in any particular case can be 
quite complex. 

Ageing can, of course, be followed by observing changes of any physical 
property as a function of time, and measurements of mechanical hardness have 
been most frequently used for this purpose. However, the electrical resistivity 
is, under certain conditions, a more sensitive indicator of the internal state of an 
alloy and many isothermal ageing processes have been followed using resistivity 
measurements. 

In order to see if the ‘ coherency—incoherency hypothesis’ can equally well 
explain effects due to compositional changes, we have in the present work investi- 
gated the electrical resistivity of a number of alloys of copper with small amounts of 
iron, up to 1:4% by weight. The concept of a coherent precipitate existing over a 
certain range of iron content, this precipitate becoming predominantly incoherent 
at higher iron contents, does appear to be able satisfactorily to account for the 
variation of resistivity of the annealed alloys. ‘The influence of cold working on 
resistivity has also been investigated, and these observations again lead to the 
conclusion that most of the iron must transform into incoherent form above a 
certain percentage. Direct observation by x-ray diffraction methods confirm the 
latter conclusion. 


§ 2. EXPERIMENTAL PROCEDURES 


2.1. Preparation of Alloy Samples 


For the resistivity measurements, nine alloys of copper and iron were obtained 
from the Metals Division of Imperial Chemical Industries Ltd., the iron content 
varying over the range from 0-04% to 1:34%. These alloys were originally in the 
form of hard-drawn rods approximately 5mm in diameter; the respective iron 
contents and resistivities are given in the table. The ‘pure’ copper was supplied 
by Messrs. Johnson, Matthey and Mallory Ltd., the total metallic impurities 
quoted amounting to less than 0-001°%%. In order to have uniform size in the 
specimens they were all initially drawn down through circular hardened steel dies 
to a diameter of 3-5 mm, and cut to approximately 15 cm in length. 


Specimen no. 1 2 3 + 5 6 7 8 9 10 
Iron content (wt.%) i 0-048 0:15) 10°23 10:26 0:35) .10:40) 0-500 079 lass. 


Resistivity* 
(ohm cm x 10%) 1:751 1:817 2-877 3-443 3-488 3-303 3-258 3:243 3-321 3-501 


* in annealed condition at 27-1° c. + not detectable. 


A uniform heat treatment was then applied by holding all specimens at 875°c 
for 10 hours in a high vacuum furnace, each being contained in an open Vicor 
glass tube to avoid contamination. ‘Thereafter they were allowed to cool slowly 
to room temperature in the furnace over a period of about 20 hours. The true 
solubility limit of iron in copper at room temperature is known to be exceedingly 
small, and the above heat treatment does not produce an equilibrium alloy. 
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Previous work (Hutchison and Reekie 1951) has shown that such a heat treatment 
results in about 0-25% of the iron remaining in solution at room temperatures, 
thus forming a supersaturated solid solution. 


2.2. Resistivity Measurements 


A comparator poten iometer method was employed to determine the resistance 
of a rod specimen between well-defined knife-edges when carrying a current of 
approximately 100ma. The circuit used was basically similar to that originally 
described by Kapitza and Milner (1937). Certain modifications were incorporated 
in order to improve the accuracy, and split photocell amplification was added into 
the galvanometer circuit. Figure 1 shows the complete circuit, which is for the 
most part self-explanatory. ‘The resistances R, and Ry, whose ratio was approxi- 
mately 100: 1, effectively multiplied the slide wire reading on the potentiometer by 
this factor, and hence allowed voltages of the order of 10-° to be determined with an 
accuracy of | part in 1000 when using a type K2 potentiometer. The slight 
non-linearity introduced by adding this resistance R, + R, across the potentiometer 
slide wire was determined by a separate calibration of the output voltage from the 
potentiometer and resistance together. 


Tes 
Potentiometer Constant Temp Bath 


Fig. 1. Comparator potentiometer circuit used for measuring low resistances. 


In order to obtain the specific resistance it is necessary to know the dimensions 
of the specimen, and it is easy to see that, particularly for small specimens, a large 
error in resistivity values can arise from inaccuracy in measurement of the specimen 
cross-sectional area. In the present work this was always obtained from a volume 
determination. Hydrostatic weighings on specimens of accurately known length 
gave density determinations directly and hence the cross-sectional areas. Observ- 
ing all due precautions during weighings, this method gives cross sections with an 
accuracy an order better than any method involving direct measurement of the 
diameter. 

Taking all known sources of possible inaccuracy into account the maximum 
error in the measured specific resistance is estimated to vary from 0-2°% for the 
largest specimen (of 3-5mm diameter) up to 1% for the smallest (of 0-76mm 
diameter). Full details of the present method of measuring resistivity will be 
published elsewhere. 

During potentiometer measurements specimens were maintained in a constant 
temperature bath at 27-1°c + 0-02°c, and all specific resistivity figures refer to this 


temperature. 
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§ 3. EXPERIMENTAL RESULTS 
3.1. Resistivity of Annealed Alloys 

Figure 2 illustrates the variation of specific resistivity with percentage of iron 
in the copper-iron alloys after subjecting them to the heat treatment described 
previously. A relatively large increase in p is observed as the iron content increases 
from zero to 0:26%. Following this there is a smaller decrease up to 0°5% iron, 
and thereafter the resistivity again increases slowly and practically uniformly. 
As we have already shown, the heat treatment applied to these alloys results 
predominantly in the formation of a supersaturated solid solution, up to 0:26% 
iron content. Electrical resistivity would therefore be expected to increase in a 
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Fig. 2. Electrical resistivity of annealed copper-iron alloys. 


linear fashion up to this point. While the observed increase is approximately 
linear, the resistivity found for the ‘pure’ copper is almost 2% higher 
than the accepted value (cf. Metals Handbook, 1948, p. 903, which gives 
Poo = 1673 x 10-Sohmem and %)=0-0068 per °c). Such a discrepancy could 
arise owing to the presence of a small amount of dissolved oxygen in the pure 
copper. On the addition of iron the oxygen would no longer affect the resistance 
appreciably, and the initial non-linearity of the resistance curve may well come 
about in this way. 

In order to explain the shape of the resistivity curve for iron contents above 
0):26°% it is necessary to consider the manner in which precipitation processes can 
take place as the alloys cool slowly from 875°c. The solubility curve for iron in 
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Fig. 3. Solubility of iron in copper at various temperatures (after Bauer and Hansen). 


copper, according to Bauer and Hansen (1934), is shown in fig. 3. From this it 
appears that a temperature of 875°c would be sufficient to maintain nearly 1:5% 
of iron in solution. ‘The highest iron content used here was 1:34%,, so it may be 
assumed that initially all of the iron was in solution in the copper. Available data 
on diffusion coefficients show that a decrease in the rate of diffusion of the iron in 
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the copper matrix by approximately a factor of 10 is to be expected as the 
temperature falls from 875°c to 700°c (Smithells 1949). It may therefore be 
assumed that, as the alloys cool, the iron is able to diffuse relatively easily while the 
temperature still remains above about 750°c. From Bauer and Hansen’s solu- 
bility curve this would imply that, once nucleation had been initiated, it would be 
relatively easy for the excess iron at any temperature to diffuse sufficiently to form 
discrete, stable particles from 1-34°% down to about 0:45°% iron. As will be dis- 
cussed later, we have definite evidence that this is correct from the appearance of 
the body-centred cubic lines of iron in long exposure diffraction pictures of the 
alloys over the range 0-45 to 1:34°%. These lines give the characteristic lattice 
spacing of iron, and the conclusion to be drawn from this is that over the above 
range the iron is necessarily in incoherent form, i.e. it is stable «-iron. 

As the alloys cool still further the diffusion rate becomes rapidly lower, and 
at 650°c amounts to only about one hundredth the rate at 850°c. Consequently 
the iron still in solution becomes much less easily able to diffuse sufficiently to 
form free and unstrained precipitate particles. From 750°c, where the solubility 
limit amounts to 0-45°% iron, down to 650°c, where the solubility limit falls to 
about 0:25%, it might be expected that the iron would therefore precipitate 
partially in a coherent form. Of course we have neglected any consideration of 
the activation energy necessary for the establishment of nuclei for precipitation. 
This factor must also be of importance in determining the nature of the 
precipitate. However, it appears probable that at 0-45°% the precipitate is 
predominantly incoherent, while at 0-26% it is largely coherent, with very little 
iron remaining in solution over this range. ‘The presence of coherent precipitate 
results in appreciable portions of the matrix being in a state of strain. The 
“coherency strains’ in turn result in increased scattering of conduction electrons, 
and the rise in resistivity observed here between 0-5°% and 0-:25°% iron content 
is believed to be due to the increasing proportion of coherent precipitate over 
this range. Again we have x-ray evidence for the general correctness of this 
explanation; back-reflection Debye-Scherrer diffraction pictures show a 
diffuseness of the reflection spots from copper which is appreciably greater in 
the alloy containing 0-26°% iron than in the 0:5% alloy. 

By the time the alloys have cooled to about 650°c, at which the solubility limit 
is 0-25°%, the diffusion is sufficiently slow to prevent aggregation of the iron. 
In those alloys containing less than 0-26 °, it therefore remains atomically dispersed 
while the cooling proceeds to room temperature and the resistivity follows the 
normal variation to be expected for a solid solution. 

Where reliable data exist, it is generally found that the rate of diffusion of one 
metal in another becomes less as its concentration decreases. ‘This would serve 
merely to accentuate the effect outlined above. 


3.2. Influence of Cold Working on Resistivity 

A great deal of information relevant to precipitation processes can be deduced 
from the behaviour of the electrical resistivity of copper—iron alloys when they are 
cold worked, and a short account of such resistivity measurements has already 
been given (Hetherington and Reekie 1951). Each of the nine alloys previously 
investigated, and the pure copper, were cold worked by drawing through circular 
steel dies. Drawing was always carried out in the same direction, at a constant 
rate of one foot per minute, and every precaution taken to avoid contamination 
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of the specimens. The resistivity of each specimen was then measured as 
successively increasing reductions in area were made. Figures 4 and 5 show 
the results obtained; again all values refer to a temperature of 27-1°c. It will be 
clear that the curves fall roughly into two types; for all alloys above 0-25% iron 
the increase in resistivity on cold working follows much the same course and is 
very nearly of the same relative amount. Below 0-25 % the resistivity change is 
not only much less, but is also markedly different in the different alloys. In the 
case of pure copper an overall increase of some 2% of the annealed value is found 
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Fig. 4. Resistivity of cold worked copper-iron alloys (weight per cent 
iron content as shown). 


at high degrees of cold working, in agreement with earlier work of Rutter and 
Reekie (1950). In the 0-04% alloy the curve follows the same pattern, but with 
a somewhat increased value of resistivity. The resistivity of the 0:15% alloy, 
besides being generally higher, exhibits a sharp increase beyond about 90% 
reduction of area. ‘The same feature is evident in the 0-23% alloy, but at a much 
earlier point in the cold working. For alloys of 0-26% iron content and beyond, 
the resistivity increases rapidly immediately cold working commences and the 
increase is very nearly the same for all the alloys up to 1:34°% iron content. 
This marked difference in behaviour, depending on whether the iron is held 
in solid solution or not, becomes of much more obvious significance if, instead 
of the resistivity p, we consider the difference between the resistivities of the alloy 
and of pure copper for equal degrees of cold working. This quantity, pye ga—Pou> 
then measures the additional resistance resulting from the presence of the iron, 
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above that of the copper matrix. It is evident that as soon as the iron is in preci- 
pitate form, the cold working becomes many times more effective in increasing 
the resistance of the alloy, This obtains in the range from 0:26% to 1:34% 
iron content, over which, as we have shown earlier, the iron is present either as 
coherent or incoherent precipitate, or as a mixture of both forms. Furthermore 
it is well known that cold working may initiate precipitation of the solute atoms 
in a supersaturated solid solution, so that below 0-26% iron one would expect a 
certain amount of initial cold working to be necessary before the rapid increase 
in resistivity began. This is evident in the 0:23 and 0-15°% alloys, whereas it is 
to be presumed that in the 0-04% alloy even 95% cold working (reduction of area) 
is insufficient to initiate precipitation. 


40 Tr 


0 20 40 60 80 100 
Cold Working (%reduction of area) 


Fig. 5. Resistivity of cold worked copper-—iron alloys (weight per cent 
iron content as shown). 


It seems clear that when the iron is precipitated it is very much more effective 
in ‘locking’ the vacancies or dislocations (or, more generally, lattice disturbances) 
generated by cold working, and thus increasing the electrical resistance, than when 
it is atomically dispersed. In fact, before precipitation a large proportion of 
the generated vacancies and dislocations must become ineffective (presumably 
by mutual annihilation or absorption at grain boundaries). ‘The solute iron 
atoms act merely as additional scattering centres, and this is reflected as a constant 
additional resistance above that of the pure matrix. Only when precipitation 
commences are additional dislocations maintained in the alloy. Of course, in 
order that the dislocations as they are generated should be ‘locked-in’ by the 
precipitate particles it is clearly necessary for these particles to be at a suitable 
distance apart. ‘The quantitative aspects of this explanation will now be discussed . 


3.3. Average Distance between Precipitated Particles 
In order to account for the phenomena observed in precipitation hardening 
Nabarro (1948) and also Orowan (1948) have discussed the effect on yield stress 
of variation in size of the precipitate particles. Age hardening alloys in general 
show a maximum in the yield stress curve and it has been presumed that this 
4 E-2 
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maximum occurs at some critical particle size, the alloy being softer for both 
smaller and larger precipitate sizes. For a given total volume of precipitate 
the particle size determines the distance between particles, so we can equally 
well say that the yield stress maximum occurs when precipitate particles are a 
certain critical distance apart. 

The physical process occurring when a dislocation line is driven by an 
externally applied stress towards a row of precipitate particles has been envisaged 
by Orowan (1948) to take place approximately as shown in fig. 6. Stress regions 
around the particles will tend to hold back the advancing dislocation line so 
that it will bulge forward between the particles, as at A. Increasing applied 
stress will cause the line to bulge still more, until it eventually breaks through the 
obstacles and at the same time leaves them encircled by small clesed loops of 
dislocations, as shown by C. This same process will continue as new dislocation 
lines reach the row of precipitate particles under the action of the external stress, 
resulting, as will be clear, in a ‘locking’ of dislocations around the particles. 


Fig. 6. ‘The motion of a line of dislocations past precipitate particles. 


On this picture, the yield stress of the material is approximately equal to the 
shear stress necessary to drive a dislocation line through a row of obstacles at a 
distance d apart. For relatively large precipitate particles Orowan (1948) has 
calculated this to be given by Y=2Ga/d where G is the shear modulus and a 
the interatomic distance in the glide direction. . 

Nabarro (1948) has shown that for small values of d the yield stress is 
Y=const.\/d. Clearly the curve of yield stress for an age-hardening alloy, 
if it is determined by these equations, must have a maximum at some value 
of d somewhat less than d=2Ga/Y. If we take values applicable to the 
present copper—iron alloys, viz. G=6-7 x 10" dyncm-?, a=2-6x10-8cm, and 
Y =2:2 x 10°dyncm™?, we obtain for d a value of about 1:6x10-°cm. The 
optimum distance apart for ‘locking’ of dislocations to occur must be somewhat 
less than this and must therefore be about 10->cm. It now remains to be 
determined whether the incoherent precipitate particles in our alloys can be 
about this distance apart. 

We have taken long-exposure back reflection diffraction pictures of these 
alloys in the fully annealed state and have been able to obtain measurable iron 
lines in the case of all the alloys from 1-34°%, down to 0:5% iron. ‘These lines 
correspond to a body-centred cubic structure having the normal iron spacing 
and therefore prove that the precipitated iron is in the normal stable «-phase. 
From measurements on the width of the iron lines estimates have then been made 
of the average size of the precipitate particles. While such estimates of particle 
size by x-ray methods depend in part on the method used to assess line widths, 
they are sufficiently reliable to give at least the order of magnitude of the size. 
In the present case this proves to be approximately 5 x 10-Scm. Assuming that 
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the particles are spherical and uniformly distributed, it can then easily be calculated 
that, in a 1% iron alloy, they would be nearly 210->cm apart. This figure 
varies very little over the range of composition from 1:34°% to 0:5%,. 

Thus we see that in these alloys the x-ray evidence shows the precipitate 
particles to be of the order of 10-°cm apart. ‘This, as has been shown above, is 
very close to the optimum distance required for ‘locking-in’ of dislocations. 
It is realized that the precipitate, in its early stages, is very likely not spherical but 
more probably plate-like and that there must be a considerable range in particle 
size. Nevertheless, the approximate agreement between the deduced distance 
d and that calculated from Orowan’s model leads us to believe that a ‘locking-in’ 
process of this type occurs and is primarily responsible for the rapid increase 
observed in resistivity of the precipitated alloys when they are cold worked. 


3.4. Resistivity of Cold Worked Alloys 


It remains for us to consider the variation of resistivity with iron content 
in the case of the cold worked alloys. Typical curves for a number of degrees of 
cold working have already been published (see Hetherington and Reekie 1951). 
A significant feature of these results which will be at once remarked is the similarity 
in shape of all the curves to that for the annealed alloys, even after cold working 
has been carried out to 95% reduction of area. At first it might be unexpected 
that the sharp peak observed in the resistivity curves should remain undisplaced 
for all degress of cold working. This, however, is readily explained on the basis 
of the mechanism suggested above. 


0-6 
95:3% 


0-5 1-0 
Iron Content (wt %) 


Fig. 7. Additional resistance resulting from cold work as a function of iron content, for 
the degrees of cold working shown. 


Over the incoherent precipitate range a given degree of cold working will 
result in the generation and subsequent locking-in of about the same number of 
dislocation lines in each alloy, since, as the x-ray evidence shows, the distance 
between precipitate particles does not vary appreciably over the range from 
0-45 to 1:-24°% iron. Hence Ap, the difference between the resistivities in the 
cold worked and annealed states, should be approximately constant over this 
range when plotted as a function of iron content. With the exception of the most 
heavily cold worked specimens, fig. 7 shows that this is in fact very nearly the case. 
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Between 0-45 and 0-26% iron, where we believe the precipitate to be partially 
coherent, a more complicated state of affairs must exist. The sharp rise in Ap 
between 0-45 and 0-26% iron indicates that, although coherency strains are 
probably being relieved by the cold working, locking-in of dislocations or vacancies 
still takes place, even more effectively than in the incoherent precipitate region. 
While several possible explanations for this effect suggest themselves, the most 
likely appears to be that the effective distance between precipitate particles is 
more nearly the optimum for locking than in the incoherent range. 

The fact that cold working has a positive effect below 0-25%, even though 
precipitation and consequent depletion of solute atoms is being induced, is again 
readily explicable in terms of locking-in of the generated vacancies and dislo- 
cations about the precipitated particles. As the iron content decreases to low 
values there must be a rapidly diminishing amount of precipitate, even for high 
degrees of cold working, and Ap consequently falls rapidly to a small value. 


§ 4. DISCUSSION 


In our consideration of these results so far we have not attempted to decide 
whether the increase in electrical resistivity consequent on cold working is due 
to dislocations, to vacancies, to interstitial atoms, or to other types of lattice 
disturbance. In all probability several types of irregularities are effective in 
varying degrees. 

There is a good deal of evidence now available to suggest that dislocations 
are not alone responsible for the resistivity increase. Molenaar and Aarts (1950) 
showed that appreciable recovery of resistivity can occur in cold worked materials 
at much lower temperatures than recovery from work hardening, and concluded 
therefore that different mechanisms were responsible for increase of resistance 
and work hardening. More direct evidence confirming this hypothesis is given 
by the recent work of Dugdale (1952). In this work a platinum specimen was 
irradiated by neutrons and the electrical resistivity observed to increase by about 
0-5%. On annealing at 100°c the resistance was found to recover, the activation 
energy for recovery being determined and found to be about 1-2ev. A similar 
specimen was cold worked, and then annealed at the same temperature. The 
resistance recovery in this cold worked specimen was observed to have the same 
value of activation energy. It must be concluded from these results that the 
resistivity increase was brought about by the same mechanism in the two cases. 
Since neutron irradiation must result predominantly in the production of 
vacancies and interstitial atoms, which then give rise to increased resistivity, the 
same is most probably true also for the cold worked specimen in this case. 

On the other hand, Broom (1952) has attempted to explain both work hardening 
and resistivity increase in terms of dislocations. He assumes simply that various 
features of dislocation arrays, such as their shape, size, and geometrical arrange- 
ment, influence hardness and resistivity in different ways. A decrease in size, 
for example, of the faults resulting from dislocations would be expected to have 
much greater influence in recovery of resistance than in softening of a work 
hardened material. 

In studies on the saturation magnetization curves of heavily cold worked 
polycrystalline materials Brown (1940) has noted that the results can be explained 
on the assumption of the existence of a /inear imperfection in the material. This 
would imply that, in heavily worked materials at any rate, there is a relatively 
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high density of dislocations (linear imperfections) as opposed to vacancies (point 
imperfections). As Seitz (1952) observes, this not necessarily at variance with 
the supposition that vacancies are mainly responsible for resistance changes in 
the earlier stages of cold work. In this connection we also recall that the neutron 
irradiation experiments of Dugdale (1952) gave a resistivity increase, attributed 
to vacancies, amounting only to 0-5°% ; a relatively small amount of cold working 
would result in a resistivity change of this amount, as is evident from fig. 4. 
Hence it appears possible that when a material is very heavily cold worked the 
distortional effects due to dislocations may become appreciably more effective 
in causing resistivity increases than those arising from vacancies. The present 
results are not inconsistent with this view, and the resistivity rise of the alloys of 
higher iron content, at high degrees of cold working, is very probably due mainly 
to dislocation loops being locked around the precipitate in the manner already 
discussed. For smaller amounts of cold work on the other hand, vacancies, 
generated from moving dislocations in one of the several ways envisaged by Seitz 
(1952) and by Mott (1952), may be responsible for most of the resistivity increase 
in this region. 

A rough estimate can be obtained of the number of vacancies which would be 
necessary to produce the observed resistivity change at any degree of cold work 
if we make an assumption regarding the effect of a vacancy on the resistance of 
the matrix. Linde (1950) has found that the resistivity of copper increases very 
nearly linearly as substitutional alloying solute atoms are added. ‘The increase 
varies from zero to about 10-°ohmcm at most. The observed change in 
resistivity of the 0:5°% alloy when cold worked 95% is 0-313 x 10-%ohmcm. 
If vacancies alone are responsible for the change this would imply that there was 
0-0313 atomic % of vacancies present, or 2:7 x 10!® vacancies per cm. ‘This 
would result in a decrease in density of about 0-003 gcm™ for this amount of 
cold working. If vacancies were less effective in changing the resistance than 
has been assumed the density change would have to be proportionately greater. 
While our density measurements are not sufficiently sensitive to draw positive 
conclusions on this point, we can state that the observed decrease in density 
was of the order calculated above. ‘Thus it is just possible for vacancies to 
account for the observed resistivity increase at high degrees of cold working, 
provided they are effective to the degree assumed. It is very questionable whether 
in actual fact a vacancy is as effective as this, and we believe that dislocations, 
locked-in in the manner already described, are the predominant factor at high 
deformations. 

It is evident that a great deal of information on the relative importance of 
vacancies and dislocations in increasing the electrical resistivity, and their mode 
of interaction with the precipitate in these alloys, could be obtained from a study 
of isothermal recovery curves. It is intended to carry out such observations on 
heavily cold worked alloys, after deformation at various temperatures. 
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Plastic Deformation and the Electric Strength of Alkali Halide Crystals 


Recent investigations (Alger and von Hippel 1949, Calderwood et al. 1953) 
have suggested that the electric strength of alkali halide crystals may be 
influenced by a number of secondary factors such as cathode material, wave 
form of applied voltage and the previous mechanical treatment of the specimen. 
Whilst there is some disagreement about the importance of the first two factors 
there is little doubt about the effect of mechanical treatment and it has been 
shown (Calderwood e¢ al. 1953) that plastically deformed crystals possess 
appreciably higher electric strengths than do undeformed crystals. 

The electric strengths of the alkali halides are about 10°vcm™! and 
therefore mechanical pressures in excess of about 1 kg cm? are developed 
across the specimen, before breakdown occurs, by the electrostatic forces 
between the electrodes. The shear stress required to cause plastic deformation 
depends, obviously, on the alkali halide in question. It also depends, for any 
crystal, on its previous history but for well annealed sodium chloride crystals 
(Pratt 1952) the necessary resolved shear stress in the slip planes (i.e. (110) 
planes) may be as low as 1 kgcm~?. 

It is therefore of interest to know: (i) whether the mechanical pressure 
developed by the electrostatic forces between the electrodes is sufficient to 
deform the crystal before the specimen breaks down, (ii) whether values of 
electric strength can be obtained for undeformed alkali halide crystals. Only 
these values are suitable for comparison with theories. 

We have investigated these problems, in the case of potassium chloride 
crystals, by the following experiment. ‘The photo-elastic method was used 
to detect birefringence due to plastic deformation and the apparatus used is 
illustrated by figure 1. Transparent electrodes, consisting of a solution of KCl 


Voltage Impulse 


' 
ar Se 
{ i] 
e 2 = y ' 
Polaroid Transparent 


Polaroid \ 


Specimen immersed 
in Silicone Fluid 


Figure 1. Schematic diagram of apparatus for detecting stress birefringence. 


in glycerine, were applied to the specimens and contact was made to the 
voltage source by brass spheres through which holes had been drilled to allow 
the passage of polarized light. ‘The experimental procedure consisted of 
applying standard 1:50ysec voltage impulses of successively increasing 
amplitude, whilst simultaneously the region of maximum electric stress, at the 
base of the recess in the specimen, was observed through the microscope. 


114 Letters to the Editor 


Observations were made at room temperature on three groups of specimens. 
The electric stress was applied in the (100) crystallographic direction to the 
specimens of one group, in the (110) direction to those of another group and 
in the (111) direction to the specimens of the final group. 

Before the voltage impulses were applied the specimens exhibited no stress 
birefringence. Stress birefringence was observed, however, before breakdown 
occurred in all of the (111) and the (110) specimens. It first appeared when 
the electric stress exceeded about 0-8x10&vcm—. With about 20% of the 
(100) specimens breakdown occurred without the previous appearance of 
birefringence. Each of these specimens possessed a low value of electric 
strength between about 0-6x10®vcm™ and 0-7 x10®vcm+. In figure 2 
the stress birefringence observed in a (111) specimen is illustrated. 


Figure 2. LImllustrating stress pattern caused by mechanical pressure developed 
between electrodes during application of the voltage. 


(a) Stress pattern in a (111) specimen. (6) Illustrates appearance of a typical 
(111) crystallographic direction 1 to plane specimen viewed before application of 
of paper. Birefringence first appeared when voltage impulses. 


the electric stress was 0°85 x 10® v cm7!. 
Photograph taken after the electric stress 
had reached 1-25 108 v cm—. Magnifi- 
cation approximately x 30. 


All groups of specimens exhibited considerable spread in the minimum 
electric stress required to produce enough mechanical pressure to cause 
birefringence. ‘lhe spread was a maximum for the (100) specimens and 
extended from 0-7 x 10°vcm™ to 1-1x10®v cmt. Considerable spread was 
also obtained in the electric strengths of the members of each group. It was 
observed that the highest values of electric strength were obtained from those 
specimens allowing the most transmission of light before breakdown occurred, 
i.e. the most deformed specimens possessed the highest electric strengths. 

One definite conclusion may be drawn from the experiment. If values of 
electric strength are required for comparison with theoretical predictions 
considerable error is likely to result from selecting the maximum value as 
the most reliable of a group of comparable measurements. Unfortunately the 
values generally quoted in the literature appear to have been obtained in this 
way. ‘lhe question still remains, what are the values of electric strengths for 
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undeformed alkali halide crystals ? The fact that a number of (100) specimens 
were observed to break down without previously exhibiting stress birefringence 
possibly has some bearing on this. ‘There appear to be two possible explanations 
of this phenomenon. One, which we believe to be most unlikely, is that the 
specimens were faulty. ‘The other is that they possessed the most ordered 
crystal structures of the group and consequently their electric strengths were 
lower than average and also less than the electric stress required to produce 
sufficient mechanical pressure to cause slip. If the former possibility is 
excluded a value of electric strength between 0-6 x 10®v cm™ and 0-7 x 10®vcm" 
corresponds to undeformed crystals of potassium chloride and is to be compared 
with the value of 1-0 x 10®v cm™ which is usually quoted (Whitehead 1951) 
for this material at room temperature. 


Department of Electrical Engineering, R. Cooper. 
University of Liverpool. A. A. WALLACE. 
9th September 1953. 
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A Note on the Semiconducting Compound InSb 


The compound InSb has been prepared by direct fusion of the elements 
in evacuated silica vessels, using Johnson, Matthey ‘Specpure’ materials. 
The ingot was then purified by zone melting under vacuum (to an extent 
equivalent to ten passes of a single zone) and annealed at 350°c, followed by 
slow cooling to room temperature over a period of 48 hours. ‘The material 
thus prepared was polycrystalline with about 15 grains per cm? of an etched 
face. : 
The conductivity o and Hall constant Ry of the material as a function of 
distance along the ingot are shown in figure 1. ‘The sign of Ry indicated 
n-type conductivity everywhere. From these curves it is evident that zone 
melting is effective in purifying this material. For example, a specimen not 
subjected to zone melting had a conductivity of 310% ohm +cm™ and a 
concentration of electrons of 1-2 x 10!°cm~%, whereas at the pure end of the 
zone melted ingot the corresponding values were 33 ohm-'cm'! and less 
than 10!®cm~’ respectively. The broken curve in figure 1 represents the 
product (8/37)Ryo. It will be seen from figure 2, which shows the variation 
of Hall constant and conductivity with temperature for a specimen taken from 
the pure end of the ingot, that the pure material is in the intrinsic range at 
room temperature. It follows, therefore, that the product quoted above gives 
only the difference of the electron and hole mobilities. However, since the 
product reaches a value of 41000 cm?v' sec"! at the centre of the ingot, it 
is evident that the electron mobility in this material is higher than any other 
values previously recorded (Breckenridge 1953, Pearson and ‘Tanenbaum 1953, 
Welker 1952). It is possible that the increase in mobility can be attributed to 
the annealing treatment since we have found that this process has a significant 
influence on the mobility. For example, in one specimen (8/37)Ryo increased 
by a factor of 6 on annealing. 
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In figure 2 conductivity and Hall constant as a function of temperature are 
plotted in the form log, («7~*/?) against 1/T (neglecting change of mobility 
with temperature) and logy) (Ry7??) against 1/7. The intrinsic activation — 
energy deduced from the straight part of the latter curve is 0-38 ev. Previous 
values quoted are 0-40 ev (Breckenridge 1953) and 0-53 ev (Welker 1952). 
The curve (8/37)Ryo for this specimen is also plotted in figure 2, from which 
it can be seen that the fall in mobility towards high temperatures above 40°c 
is smaller than would be expected from the 7~%/? law for lattice scattering. 
The decrease in Ry and the product (8/37)Ryo at the lowest temperatures of 
the measurements indicates the presence of p-type impurities in the specimen. 
This is supported by the apparent fall in mobility at the purer end of the 
ingot as seen in figure 1, which could be explained by the segregation of some 
p-type impurities towards this end. 
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Figure 1. Figure 2. 


Optical transmission measurements on bulk specimens have confirmed the 
presence of an absorption edge corresponding approximately to the above 
energy gap. In addition, an absorption tail has been observed extending to 
as far as 9. ‘This is presumably due to the presence of either foreign atoms 
or defects of thermal origin. 

The authors wish to make acknowledgment to Mr. P. Benjamin for his 
assistance in some of the measurements and to the Admiralty for permission 
to publish this note. 

Note added in proof. Since this letter was written, articles on InSb by 
M. Tanenbaum and J. P. Maita (Phys. Rev., 1953, 91, 1009) and by 
H. Weiss (Z. Naturforsch., 1953, 8a, 463) have appeared. 


Services Electronics Research Laboratory, F. A. CUNNELL. 
Baldock, Herts. E. W. SAKER. 
lst September 1953, J. T. Epmonp. 
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The Dielectric Constant of Amorphous Selenium at Wavelengths 
of lcm and 3cm 


Since the dielectric constant of amorphous selenium at infra-red wavelengths 
beyond 2 microns is very close to 6-0 (Gebbie and Saker 1951, Dowd 1951) 
whereas at low radio frequencies the value is 6:3 (Tamman and Boehme 1931, 
D. H. Clarke, unpublished), the value at intermediate wavelengths is of some 
interest. Gebbie and Kiely (1952) have made measurements at a wavelength 
of 3 cm using waveguide techniques and give a value of 5-97 (standard deviation 
0-04). In an attempt to add to this knowledge the present writers have made 
measurements on a number of selenium samples at wavelengths of 3 cm and 
1-2 cm using cylindrical cavity resonators operating in the Hy, mode. A Pound 
frequency stabilizer was incorporated for the measurements in the 1-2cm 
region and was capable of holding the frequency constant to 1 part in 10°. 
Highest purity selentum (Johnson, Matthey ‘chemically refined’) was used in 
the production of the specimens, and particular care was taken to reduce the 
amount of crystalline impurity to the lowest possible value. As a general guide 
to the freedom from crystallinity it was confirmed that all specimens were 
transparent to near infra-red radiation. ‘The results obtained on eight specimens 
are as follows : 

Specimen A B e (€ D D D 1 F G H 
Buy 3-187 3-200 1:588 1:588 1-588 1:588 1:588 3-894 2:946 4-928 3-912 
A(cm) 11-2749 1-2749 1-2823 1-2823 1-2820 1-2821 1-0761 3-0926 3-0382 3-0382 3-0382 
K/ Ko 6:27 6°31 6°37 G40) 16-39 6°35 6:3 On 6231/7 OF 317 un O83 OO“ 9 

The mean value, when weighted for the reliability of individual specimens as 
regards freedom from defects, is 6:37¢. 

Two specimens which were allowed to partially crystallize by prolonged 
cooling gave values of 6-73 and 7-09. 

There is no obvious reason why the present results differ from those of 
Gebbie and Kiely, but in general it is expected that measurements made using 
cavity resonators will be considerably more reliable than those made using 
waveguides. If the present results are correct it appears that the dielectric 
constant of amorphous selenium at 1-2 cm and 3 cm is essentially the same as 
that at low frequency. A change of dielectric constant will therefore take place 
in the long wave infra-red region, and the associated absorption may affect 
the usefulness of amorphous selenium as an optical material for infra-red 
wavelengths (Gebbie and Cannon 1952, Gebbie and Saker 1951). 

Thanks are due to Professor Willis Jackson and Mr. D. H. Clarke for their 
interest. One of us (E. W. S.) wishes to thank the Admiralty for permission to 


publish this letter. 
Imperial College, London S.W.7. Y. KLINGER. 
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The Reduction of Rectifier Noise by Illumination 


The hypothesis of current noise generation in germanium proposed by 
Montgomery (1952) and the increased current gain in germanium transistors 
at small emitter currents observed by Sittner (1952) suggested to us that the 
noise in a germanium diode should be reduced when the crystal is illuminated. 
This effect has been observed experimentally. 

The noise in a germanium rectifier was measured at room temperature 
using an amplifier tuned to 16-5 c/s with a bandwidth of 1-4 c/s. ‘The germa- 
nium surface and the point contact could be flooded with light from a 240-watt d.c. 
tungsten filament lamp, the heat radiation from the lamp being absorbed by a 
l-inch slab of Perspex. Different n-type germanium rectifiers were tested 
and typical results are shown in figures 1 and 2. In figure 1 the noise power per 
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unit dynamic resistance is plotted as a function of reverse bias current in the 
rectifier. The applied voltages are also marked on the graph. Under dark or 
illuminated conditions the noise increases in a fairly regular manner with bias 
current though the increase is more rapid for the illuminated diode. The noise 
at constant bias current decreases on illumination, the decrease being greater 
for small bias currents. In figure 2 the decrease of noise power per unit dynamic 
resistance is plotted against reverse bias current for various separations between 
the lamp and the germanium surface. The reduction of noise for a given bias 
current increases as the light intensity increases. 

These results may be partially explained as follows. Montgomery has 
advanced the hypothesis that noise in germanium filamentary devices is caused 
by holes and electrons that are generated in the interior and at the surface of the 
semiconductor. Sittner has shown that the current magnification factor « in a 
type A germanium transistor increases at very low emitter currents. More 
recently, Cooke-Yarborough and Stephen (1954) have obtained typical increases 
of « at room temperature from 2 at large emitter currents (of order 0-1 ma) to 8 at 
small emitter currents (of order 1 ua). A point contact on germanium biased 
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in the reverse direction collects holes thermally generated near the contact and 
it is assumed that this hole current fluctuates in such a manner as to give rise to 
the observed noise spectrum. ‘This current is very small (<1 a) and the 
resulting high value of « at the collector produces large current fluctuations in 
the rectifier and hence a large noise figure. When the crystal is illuminated a 
large hole current flows to the point contact which is then a collector with a low 
value of a. ‘The fluctuations in the collector current caused by the thermally 
generated hole current are then smaller than for the unilluminated crystal and 
the noise figure is reduced. On illumination, the decrease of noise would be 
expected to be less than [«?(small J,)|/[«?(large J,)] or 12 db for the figures 
quoted above. This explanation is also consistent with the results shown 
in figure 2. 

The authors are indebted to the Chief Scientist, Ministry of Supply, and to 
the Controller, H.M. Stationery Office, for permission to publish this letter. 


Radar Research Establishment, J. W. GRANVILLE. 
Great Malvern, Worcs. A. F. Grpson, 
25th September 1953 


CooKE- YARBOROUGH, E. H., and STEPHEN, J. H., 1954, 7. Instn. Elect. Engrs., in the press. 
Montcomery, H. C., 1952, Bell Syst. Tech. F., 31, 950. 
S1ttner, W. R., 1952, Proc. Inst. Radio Engrs., N.Y., 40, 448. 
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OBITUARY NOTICES 


WILLIAM DAMPIER 


By the death of Sir William Dampier (formerly William Cecil Dampier 
Whetham) on 11th December 1952 the Physical Society has lost a senior Fellow 
and Cambridge one of its oldest and best loved sons, who was recently described 
by Sir Lionel Whitby as “‘a most distinguished scientist, agriculturalist and 
sociologist’’ (Cambridge University Reporter, October 1953). Dampier, son of 
the late C. L. Whetham, was born in London in 1867, and one of his grandfathers 
was Lord Mayor of London in 1878. He was educated at Trinity College, 
Cambridge, and took his B.A. degree in 1889. He held both the Coutts Trotter _ 
Studentship and the Clerk Maxwell Scholarship, and in 1891 was elected to a 
Fellowship which he retained throughout his long life. For many years he held 
a College lectureship, and gave courses in Heat and Electricity for students 
working for Part I of the Natural Sciences Tripos. In the earlier years these 
lectures were delivered in Trinity, but were later transferred to the Cavendish 
Laboratory, where more accommodation and better facilities for lecture 
experiments were available. Many of those who attended his lectures in the 
days before the First World War must still have vivid memories of his habit of 
pacing slowly backwards and forwards behind the lecture table, his deliberate 
but admirably clear delivery, the charm and lucidity of his exposition, and his 
gift for arousing interest in physics as an exciting and rapidly advancing subject. 
His elegant treatment of the basic principles of thermodynamics is preserved 
for us in the first chapter of his Theory of Solution, published in 1902. In more 
popular vein was his Recent Development of Physical Science (1904), which gave 
him full scope for the display of his considerable literary gifts, and revealed a 
sense of humour that prompted him to preface a chapter on Atoms and Aether 
with the quotation: “Oh, dear! What can the matter be ?—Old Song.’ His 
characteristic pleasing style is to be found even in his textbooks, such as Theory 
of Experimental Electricity (1905), a work that was deservedly popular in its day, 
but which may have resulted in some loss of freshness and spontaneity in the 
lectures on which it was based, and so caused some of the later students to 
complain that what they listened to was “‘all in the book”’. 

From 1889 onwards Dampier worked in the Cavendish Laboratory under 
J. J. Thomson, and between 1890 and 1905 he produced a long series of important 
papers published in the Philosophical Transactions, the Proceedings of the Royal 
Society and the Philosophical Magazine. Some of his earlier experimental work 
was concerned with the flow of liquids through tubes, but most of his researches 
were directed towards the elucidation of the properties of electrolytic ions in 
solution, a subject which he made his own and on which he wrote authoritatively 
in his Theory of Solution. Part of this work was done in collaboration with 
E. H. Griffiths. Dampier’s eminence in his chosen field led to his election in 
1901 to the Fellowship of the Royal Society. After he became Tutor and, later, 
Senior ‘Tutor of ‘Trinity, an office which he held until 1917, he found that the 
heavy burden of administrative duties left him little time for original research, 
but though his experimental work ceased his interest remained, and he began 
gradually to collect material for his History of Science, which was not published 
until 1929, 


Obituary Notices 1121 


Though a Londoner by birth, Dampier was always greatly interested in 
country life, and this led him to purchase an estate in Devonshire, and to turn 
his attention to problems of agriculture. Later (1917) he inherited a family 
estate. During the First World War he worked in the Food Production 
Department of the Ministry of Agriculture, and from that time onwards he 
began to be recognized as an authority on agricultural matters and was frequently 
consulted by the Government. He played a leading part in preparing the ground 
for the setting up of the Agricultural Research Council, of which he became 
first secretary, and to which was entrusted the administration of public funds 
devoted to agricultural research, In 1927 he published his book Politics and 
the Land. In 1931 he was knighted in recognition of his public services, and in 
the same year he was awarded the Gold Medal of the Royal Agricultural Society, 
of which he became Vice-President in 1945. He was also a member of the 
Argicultural Wages Board, and was a Fellow of Winchester College from 1917-47. 

In 1897 Dampier married Catherine Holt, daughter of the late R. D. Holt 
of Liverpool, and they had five daughters. He was a man of quiet charm, kindly 
nature and friendly disposition, and his success both as College Tutor and also 
in his public relations was due in no small measure to his deep understanding of 
human nature. It was characteristic of him that when he had to ask a junior to 
give a lecture for him he would never offer detailed instructions. ‘‘'Treat the 
subject in your own way”’ he would say “‘and you will make a success of it’’. 
He will be much missed by all who knew him. 

G. STEAD. 


ROBERT DONALDSON 


By the sudden death, on 5th November 1953, of Robert Donaldson, Head 
of the Colorimetry Section of the Light Division of the National Physical 
Laboratory since 1933, his many friends and colleagues suffered a great personal 
loss, and the branch of science which he had made his own was deprived of 
one of its leading exponents in the fullness of his career. 

Donaldson was born on 8th June 1904, in the fishing village of Port-Seton 
on the Firth of Forth, and was the oldest of three brothers, all of whom were 
later to gain distinction as students at the University of Edinburgh. His 
principal studies were Physics and Mathematics—under Professor C. G. Darwin, 
who was later to become Director of the National Physical Laboratory. After 
graduation he remained at the University for two years as Demonstrator in the 
Department of Natural Philosophy. 

He joined the staff of N.P.L. on 3rd July 1928, and was first employed as 
an assistant in the work which culminated in the adoption by the Commission 
Internationale de L’Eclairage, in 1931, of the first internationally agreed system 
of colorimetric standardization. It is a curious coincidence that the quantitative 
basis of that system, having stood the tests of twenty years, is only now being 
rechecked and extended with the greatly improved resources of modern equip- 
ment and technique, and that Donaldson, in collaboration with Dr. W. S. Stiles, 
was engaged on this work at the time of his death : so in one sense his first job 
was also his last. But much happened in the intervening years. When he 
joined us at N.P.L. his interest was more in the mathematical aspects of physics 
than the experimental; and though, as events showed, he had a natural flair 
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for experiment he had no special leaning to any particular field. However, he 
quickly mastered the apparent complexities of colorimetry and heterochromatic 
photometry and became fascinated by the interesting problems, physical, 
physiological, and mathematical, which he could foresee would arise in the 
course of their development to meet the ever-increasing requirements of 
industry. Just when useful investigation in any field of this kind ends depends 
on the imagination and foresight of those working in it. To Donaldson colori- 
metry had no end, and except during the war, when he participated in the 
general optical work of the Light Division, he has been primarily occupied, by 
his own choice, with this subject and its ramifications, gaining for himself an 
international reputation. 

But he avoided the narrowness often found in the expert. He always 
retained his interest in mathematics and was a keen follower of all significant 
developments in relativity and quantum physics, bringing a balanced philo- 
sophical judgment to discussions of these matters or others of fundamental 
scientific import. This width of interest helped his work as a specialist by 
keeping his feet on the ground and his eyes on essentials. Like most of us he 
may sometimes have failed to see the most direct solution of some problem of 
theory or design, but if so the writer knows of no instance. 

His many contributions to his subject are too well known to all workers in 
the field to need recapitulation, especially here where we are more concerned 
with what we have lost of future promise than with what we have had from him. 

He enjoyed the respect and esteem not only of his celleagues in N.P.L., but 
also of the many with whom he was associated on committees of other organiza- 
tions. Normally of a cheerful—and cheering—disposition, which was often 
a source of help and encouragement to others, he nevertheless suffered from 
shyness which showed itself as a dislike, sometimes amounting to a dread, of 
personal prominence. For example, he could not be induced to accept 
nomination for Chairmanship of the Society’s Colour Group, of which he has 
been an enthusiastic member from its inception, though strongly pressed to do 
so on several occasions. He was loath to give lectures, or to participate in 
discussions among unfamiliar groups, if he could possibly avoid doing so; but 
if it could not be avoided, when he had forgotten his audience in the interest 
of his subject there could be no clearer exponent of whatever he had to say. 

He had little interest in outdoor sports of the more intense varieties, such 
as football or tennis, but was an enthusiastic golfer. He was fond of music, 
being an efficient pianist and a fair violinist. The writer has memories of many 
pleasant musical evenings in his home during the pre war years. 

In 1934, he married Miss Kathleen Edwards, who was at that time a 
colleague on the Laboratory staff. ‘They had one son, Ian, now 12 years of age. 

J. GUILD. 


LEONARD BELLINGHAM 


We record with regret the death of Leonard Bellingham who had been a 
Member of the original Optical Society since 1918 and continued his Membership 
with the Physical Society and its Optical and Colour Groups. Mr. Bellingham 
was a founder of the firm Messrs. Bellingham and Stanley, Ltd., having 
gained his skill in the making of sensitive apparatus with Messrs. Adam 
Hilger, Ltd. 


a 
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EDWARD FELIX HERROUN 


We record with regret the death of Edward Felix Herroun who had been a 
Member of the Physical Society since 1885. Herroun was born in 1862 and was 
educated at Greenwich and King’s College, London. In 1881 he gained the 
Daniell Scholarship in chemistry. His main interest was in research on 
magnetites, and this work he continued for many years after his retirement. 


W. H. TOWNS 


We record with regret the death of W. H. Towns who had been a Member 
of the original Optical Society since 1918 and continued his Membership with 
the Physical Society and its Optical Group. He maintained his interest in 
optics throughout his very long life and died on 3rd September 1953 at the 
age of 92. 


LEWIS FRY RICHARDSON 


Lewis Fry Richardson was born in 1881, the youngest of the seven children of 
David Richardson, who was the owner of an old-established leather works in 
Newcastle-on-Tyne. All the children of this well-to-do Quaker family showed 
unusual ability, not least of them Lewis. 

He was educated at Bootham School, York, and at the Universities of Durham 
and Cambridge, where he gained a First Class in the Natural Sciences Tripos in 
1903. He was for a few years at the National Physical Laboratory, but his 
interests gradually changed to geophysics and meteorology: he was for a time 
Superintendent of Eskdalemuir Geophysical Observatory and was elected a 
Fellow of the Royal Society in 1926. ‘The last twelve years of Richardson’s 
professional life were spent as Principal of Paisley Technical College. 

Richardson had been a Fellow of the Physical Society since 1922, and from 
1921 to 1924 was Honorary Secretary of the Royal Meteorological Society. 
During the First World War he served with the Friends’ Ambulance Unit in 
France. He was a man always popular with his students, and always gave an 
impression of youth despite his white hair. 
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REVIEWS OF BOOKS 


Logic for Mathematicians, by J. BarKLey Rosser. Pp. xiv+530. (London : 
McGraw-Hill, 1953.) 85s. 


It is related of the late Professor Hardy that, when lecturing on the theory of 
divergent series, he came to a point in a proof where he said “ Now, it is obvious 
that ...”. He stopped. There was a long, silent pause. ‘Then he said 
“But is it obvious?”. After another long pause he left the room. ‘Ten 
minutes later he came back, said “‘ Yes, it 7s obvious’ and went on with the 
lecture. Another story, the characters in which must remain anonymous, 
because they are fortunately still with us, is told of the professors of the leading 
University of the United States of America. It is, that when Professor C says 
a thing is obvious, it means that the class already saw the point hours ago, and are 
impatiently waiting for the next step ; when Professor B says a thing is obvious, 
it is just obvious. When Professor SB says a thing is obvious, if you go away 
and think about it for a week, you will probably succeed in proving it. But 
when Professor L says a thing is obvious, you know it is false. 

Professor Rosser defines the object of his book as that of giving a formal 
definition of the word ‘ obvious’, or, rather, of the phrase ‘ immediate conse- 
quence of ’, so that we can tell, by means of a mechanical checking procedure, 
whether one statement is, or is not, an ‘obvious’ consequence of another. 
He claims no absolute or intrinsic justification for his definition, only that its 
results seem to coincide with those of the ‘ judgement of careful mathematicians ’. 
His programme is thus the same as that of Russell and Whitehead, in Principia 
Mathematica, except perhaps that these latter laid claim to an absolute validity 
which Rosser explicitly disclaims. The present volume is considerably shorter 
than the three volumes of Principia Mathematica, partly because some topics, 
no longer of great mathematical interest, are omitted, but mainly because 
Professor Rosser makes use of the powerful results that have been obtained in 
symbolic logic since 1912 when Principia was first published. In fact the present 
work goes further than did Principia Mathematica, in that a detailed discussion 
is given of the various forms of the axiom of choice, and its modern equivalent, 
Zorn’s lemma. And illustrations of the various forms of argument used are 
drawn from current mathematical texts, ranging from textbooks of elementary 
geometry to advanced works on the theory of functions. 

In course of his development, from the calculus of statements, through the 
restricted predicate calculus, to the theory of classes, relations and functions, 
and finally to the theories of cardinal and of ordinal numbers, Professor Rosser 
has many illuminating remarks to make about mathematicians’ use of symbols. 
One of the most valuable distinctions to which he calls attention is 
that between a function f and a function value f(x). The equation (or 
‘identity ’) x?—2x*+1=(x—1)? is a statement that two functions are equal, 
while the equation x*—2x+1—0 is a statement that two numbers, one of 
which is a function value, are equal. Current mathematical notation is unable 
to distinguish between the function x? and the function value «x, and Rosser 
shows how Church’s notation can be used to overcome this difficulty. Church 
would write Ax . x? for the function, reserving x? for the function value. ‘The 
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to another letter y, for example, without altering the meaning. So that, for 
example, we have, for all values of «x, (Ay. ¥)(x) =x. There is no doubt 
in the reviewer’s mind that attention to this point of notation alone would save 
many a student great difficulty in the understanding of the theory of partial 
differentiation, of Laplace transforms, and especially thermodynamics. Church’s 
notation has long deserved to be better known, and Professor Rosser’s book 
would be worth while if it did no more than bring this about. 

But besides helping to do this, and helping to clarify many similar points of 
difficulty for the aspiring mathematician, Professor Rosser has much to say of 
mathematical interest to the mature mathematician, aside from his main logical 
thesis. In particular, his treatment of the theory of sets, cardinals, ordinals and 
the axiom of choice supersedes the accounts in current books, which are either 
too old-fashioned, or too brief (as, for example, the modern account given by 
M. Bourbaki). 

The one point of criticism which occurs to the reviewer is that too little 
attention is given to the outstanding results in metamathematics associated mainly 
with the name of Godel. Gédel’s theorem about the impossibility of a consis- 
tency proof for a formal system of mathematics is mentioned briefly only once, 
and his main theorem, of which this is a corollary, on the existence of undecidable 
arithmetical propositions, is not mentioned explicitly at all. Nor is his result 
about the completeness of the predicate calculus mentioned. ‘Tarski’s work on 
the concept of truth in formal systems is also not mentioned, nor is the Skolem— 
Loéwenheim theorem and its associated paradox concerning the real numbers. 

But the author could well answer this criticism by saying that his book does 
not purport to be a book on metamathematics. A book on this latter subject 
has just been published by the author’s former colleague, S. C. Kleene. And 
it is certainly true that in his method of presenting symbolic logic, Professor 
Rosser takes full account of these metamathematical results by explicitly dis- 
claiming finality and completeness for his system. He says: 

“Our symbolic logic is not intended as a model for how mathematicians 
should think but only as a model of how at the present time they do indeed 
think. Indeed it is desirable that new and more potent and flexible principles 
of reasoning be devised and generally accepted, so that distant portions of the 
mathematical edifice will become more readily accessible. One advantage of a 
symbolic logic is that it can be made very precise, but an even greater advantage 
is that it can be changed to fit the circumstances.”’ 

Such a forward-looking attitude, welcoming the possibility of change in our 
modes of thinking, is most refreshing at a time when so many people still cling 
to the discredited notion that the principles of mathematical thinking are absolute, 
and that the ‘inductive’ and other modes of thinking used in physics and 
elsewhere are in some sense ‘inferior’ to mathematical deduction in its 
“immutable glory ’. 

This book should be read by everyone concerned with the teaching of 
mathematics, and by every mathematics undergraduate at some stage in his 
career. It ought also to be in the library of any grammar school, where it can be 
read by the mathematics master and dipped into by the mathematics scholarship 
candidates. Anyone who does read it, with some knowledge of first-year University 
mathematics, can be guaranteed a feast of entertainment as well as instruction. 

G, A. BARNARD, 
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Physical Biochemistry, 2nd Edn., by Henry B. Buti. Pp. ix+355. (New 
York : Chapman and Hall, 1951.) 46s. 


The author has attempted to present a course of physical chemistry to students 
of the biological sciences, covering in some 350 pages all relevant branches of 
general theoretical and physical chemistry as well as many specialized topics of 
importance in the investigation of biological systems. In general the chapters 
begin at a very elementary level, suggesting that little or no previous knowledge 
is required of the reader; at the same time each subject is brought to a stage of 
development at which its application to biological problems can be discussed at 
some length. In spite of miracles of compression, this unavoidably leads to 
unsatisfactory features, and the treatment of fundamental physical chemistry 
is hurried, often trivial and sometimes unsound. While the book is not to be 
recommended as a text for instruction in physical chemistry, the later 
chapters are written with some authority and collect together a wide field of 
applications of physical chemistry: they form interesting reading for physical 
chemists who, like the reviewer, tend to become too narrow in their interests. 

D. J. G. 1Ves 


The Physical Chemistry of Surface Films, by W. D. Harkins. Pp. xvi+413. 
(New York: Reinhold; London: Chapman and Hall, 1952.) 80s. 


This is a book written by a physical chemist for physical chemists. It is not 
out of place, however, that it should be reviewed in the Proceedings of the Physical 
Society, because the various phenomena associated with surfaces and surface 
films are of considerable interest to physicists. Problems requiring a knowledge 
of the physics and chemistry of surfaces constantly arise both in the research 
laboratory and in industry. ‘The number of modern industrial processes which 
depend, for example, upon the spreading of liquids and the wetting of solids is 
surprisingly large and results obtained in the laboratory are frequently required 
for application on the pilot plant scale. One hesitates before referring here to 
the facetious generalization that physicists do accurate work with impure 
substances whereas chemists make inaccurate measurements on pure substances. 
This book will convince any reader that careful attention to both accuracy in 
measurement and to the state of the material under investigation is essential to the 
study of surface behaviour. 

The author, the late Professor W. D. Harkins, completed the work of writing 
this book just before his sudden death in March 1951. A perusal of the list of 
papers—270 in all—published by him either alone or in collaboration with others 
between the years 1907 and 1950 shows that it is not surprising that almost every 
page of the book contains references to methods devised, measurements made and 
theories proposed by him and his fellow workers. The responsibility of obtain- 
ing accurate experimental results to test his theories was accepted by Harkins as 
a serious and personal matter. Uncritical acceptance of published data was 
not part of his plan. He did the work himself, and as a result was able to bring 
some order to a field in which unreliable measurements have been the cause of 
much misunderstanding. 

We do not have here a textbook set out in the orderly step by step fashion 
which would be appreciated by a student on first acquaintance with the subject, 
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It is not a classical exposition of a single connected topic from which all the corners 
have been smoothed away. It is on the other hand a vigorous account of work 
done and research successfully carried out in a workmanlike effort to understand 
and relate phenomena in an important field. Apart from being a general source 
of information on the subject, it is valuable as an account of the work of one 
man and his school. 

After an introduction by 'T’. F. Young there are six chapters dealing respec- 
tively with the nature and energetics of surfaces, films on liquids, films on solids, 
properties of soap solutions, the mechanism of emulsion polymerization, and the 
role of the electric double layer in the behaviour of lyophobic colloids. The 
first three are based on articles previously published in Colloid Chemistry, edited 
by J. Alexander, and the last, which has also appeared in the same work, is 
contributed by E. J. W. Verwey. The first chapter contains a discussion of 
surface tension and surface energy, and of arguments based on thermodynamics 
and on considerations of the field in the neighbourhood of atoms, which are used 
to describe the phenomena occurring at interfaces. There are several sections on 
the orientation of molecules in surfaces. In this chapter, as indeed throughout 
the book, there are valuable accounts of carefully conducted experiments together 
with critical discussions of the errors to be expected and avoided. ‘lo take the 
measurement of surface tension as an example, the drop weight method (devel- 
oped to a method of high precision by Harkins and Brown) and the capillary 
height method are discussed in detail. The considerations outlined here are 
of fundamental importance to those whose work involves the measurement of 
surface tension. ‘lhe next chapter, of a hundred pages, deals with the properties 
of films on liquids, with the spreading of one liquid upon another, with mono- 
molecular films and also with thicker (duplex) films. There is a comprehensive 
account of experimentally observed phenomena and theories of spreading 
advanced, for example by Rayleigh, Langmuir, Harkins and others, to explain 
them. ‘The development in recent years of experimental techniques based on the 
film balance (which was used by Agnes Pockels and Lord Rayleigh towards the 
end of the last century) has yielded important results in investigations of films 
on liquid surfaces. ‘The effect of liquid or adsorbed films on the energy relations 
of interfaces at solid surfaces are considered in a succeeding chapter on the basis 
of the idea that the general principles are the same as in the case of liquids 
except for effects which are due to the crystal structure of the solid substrate. 
The methods of investigation are necessarily very different. ‘I'he properties of 
the ionic aggregates known as micelles play an important part in the chapter on 
soap solutions and also in that on emulsion polymerization. ‘The useful chapter 
on the role of the electric double layer in the behaviour of lyophobic colloids 
completes the book. 

The book contains a great deal of information and a large number of references 
to original papers. It will be of value to physicists as well as chemists, and 
particularly to those physicists investigating surface phenomena in collaboration 
with colleagues who are chemists. M. R. HOPKINS. 
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Fig. 2. Microphotographs of the glows produced in phosphors and their mirror images 
by a fine electron beam; electrons travelling from bottom to top. 


(a) CdWO,, 10 kv, 120 sec; (6) KI, 10 kv, 20 sec; (c) KI, 40 kv, 20 sec; (d) plastic, 
40 kv, 10 sec; (e) plastic, 40 kv, 80 sec. 


CdWO, is birefringent: two images are therefore obtained. 
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Section A 
The Absorption Spectrum of Bismuth Oxide, by N. K. BripGrE and H. G. Howe Lt. 


Abstract. The absorption spectrum produced when bismuth is heated in a 
furnace up to 1500°c has been analysed. It extends from 2450A to 3800A. 
Evidence is given to attribute it to the diatomic molecule BiO. ‘The bands are 
grouped into four systems and there is evidence of the existence of a fifth. 

The vibrational constants proposed for these systems are: 


Ve Ww, XY, Vo Wo Xo 
40930 770 30220 487 
38551°8 769°3 6-2 28/39°5 487-0 6:5 
30500 5 0 695-9 4-9 


The ground state is considered to be the lower component of a case a 7II with 
probable w-w coupling and the doublet splitting is estimated to be between the 
limits 8000 and 13500cm™+. ‘The reiation of the absorption spectrum to the 
emission spectrum is considered and an attempt is made to account for the 
energy levels in terms of electron configurations. 

* Members are reminded that voucher books bought in 1953 are still valid in 1954, but 
that the £1 1s. subscription only holds for the calendar year and should be renewed at the 
same time as the membership subscription. 


Absorption Cross Sections for 134 Mev Protons, by J. M. CassEis and J. D. Lawson. 


Abstract. 'The absorption cross sections for 134 Mev protons of carbon, 
aluminium, copper, cadmium and lead have been measured by a transmission 
method. ‘The results are consistent with the predictions of the usual optical 
theory for high energy nuclear cross sections. 


Emission of Electron—Positron Pairs from Light Nuclei—I: Mono-Pole Transition 
in 160, by S. Devons, G. GoLprinc and G. R. LINpsay. 


Abstract. An apparatus is described for measuring the angular correlation of 
electron—positron pairs from light nuclei. ‘The apparatus has been used to 
study the pairs emitted in the mono-pole transition from the first excited state 
of #0. Measurements are also described of the excitation function for this 
state of 6O in the reaction °F(p, «)!®O, and of the absolute probability (half-life) 
of the mono-pole transition. 


Studies in Intermediate Coupling—II: Radiative Transitions in Light Nuclei, by 
A. M. Lane and L. A. RapDiIcari. 


Abstract. Formulae are presented for the matrix elements of the various types 
of radiative transitions of low multipolarity that are frequently met in light 
nuclei. These formulae are derived on the basis of the nuclear shell-model. 
First of all, extreme L-—S coupling and extreme j-j coupling are considered 
with a view to seeing if either can give an adequate account of the experimental 
data. It is found, in fact, that neither extreme mode of coupling can do this, 
but that an intermediate coupling probably could. As an example, the radiative 
transitions in 18N are studied in detail in intermediate coupling and are found 
to give considerable support to this contention. 


On the Electron Affinities of Atomic Fluorine, Oxygen and Lithium, by B. L. 
MOISEIWITSCH. . 


Abstract. 'The Ritz variational method in conjunction with an extrapolation 
procedure has been employed to calculate the electron affinities of atomic 
fluorine, oxygen and lithium, the values obtained being 3-05, 1:12 and 0-74 ev 
respectively. In the case of fluorine the accord with the value 3:57 ev found by 
using the Born—Haber cycle is reasonable. ‘The electron affinity of oxygen 
obtained from collision experiments is 2:2 + 0-2 ev, which is considerably larger 


than the value calculated in this paper. No comparison data are available for 
lithium. 


Correlation Energy in Metals and the Cohesive Energy in Metallic Sodium, by 
S. RamMes. 


Abstract. "The method of Wigner and Seitz for calculating the cohesive energy 
of metallic sodium is compared with a recent method of Lowdin, and reasons 
are given for preferring the former. A simple calculation shows that Lowdin’s 
use of the LCAO method in constructing his one-electron functions must give 
rise to an error in the energy greater than the correlation energy as estimated 


by Wigner, so that Léwdin’s results should not be used in assessing the accuracy 
of Wigner’s formula, 
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